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Preface 


In writing College Technical Physics , the authors attempted to present the basic 
ideas of physics for students of engineering and science at the college level. 
The topics deemed essential for a first-year course were carefully developed, 
in conventional sequence. Material of lesser importance was not discussed, 
in order to relieve the overcrowding of the beginning physics course. The 
purpose of this book was to help students acquire an exact knowledge of basic 
physical principles and the ability to apply these principles with confidence 
and facility in the solution of physical problems. 

This second edition, College Physics , follows the general plan of the first 
edition. Solved numerical examples are used to clarify general principles. 
Units are generally included with numerics and are treated as algebraic 
quantities in balancing equations. The proper use of significant figures is 
strictly adhered to throughout the book to emphasize the fact that physical 
data arc known only with experimental precision. 

At the end of each chapter there is a summary of the main topics of the 
chapter. Definitions, defining equations, units, laws, and principles are 
concisely restated and arranged to encourage the student to use the sum¬ 
maries for quick and systematic review. 

Each chapter includes a list of discussion questions designed to develop 
the student’s reasoning ability rather than his memory alone. These ques¬ 
tions should lead the student from the general principle stated in the text 
to some of the consequences of the general principle. Numerical problems, 
including many new ones, are listed in the order of topics in the chapter. 
The problems are paired as to type, with answers given for even-numbered 
ones. 

In the Appendix there is given a systematic plan for the solution of physics 
problems. The authors have obtained statistical evidence that by following 
such a plan a student can increase the facility with which he solves physical 
problems. 

Although calculus notation has been avoided in the body of the text, 
important derivations carried out by calculus methods arc included in the 
Appendix for the benefit of those who can profit by them. 

In this edition minor changes have been made throughout the book to 
clarify statements. Major changes have been made in Chap. 4 in the intro¬ 
duction and careful explanation of the various absolute (including the inks) 
and gravitational systems of units. As before, however, the British engi¬ 
neering system is stressed in order to use the units most familiar to students 
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and to prepare for the use of these units in their later work. The metric 
absolute systems are used where necessary as a basis for the units commonly 
met in science. In order to help avoid confusion common among beginning 
students, British absolute and metric gravitational systems are not used in 

mechanics. 

Many of the chapters on electricity have been extensively revised in the 
light of suggestions made by various users. Chapter 38, Generators and 
Motors, and Chap. 41, Electronics, have been largely rewritten, the latter 
to emphasize the conduction of electricity in gases and in vacuum, with 
omission of topics of diminishing interest. 

Chapter 44, Refraction of Light; Thin Lenses, has been divided into two 
chapters with no increase in topics. Chapter 46, Color, has been rewritten 
to emphasize physical rather than psychophysical ideas. Chapter 48, Inter¬ 
ference and Diffraction, has been largely rewritten to secure a clearer 
presentation. 

The section on twentieth-century physics has been expanded and revised 
to trace the historical development of our present ideas of atomic and nuclear 
physics. The contributions of many experiments and theories are presented 
in Chap. 51, Modern Atomic Physics, and in Chap. 52, Nuclear Physics. 

We acknowledge with special gratitude the help of our colleagues, par¬ 
ticularly Prof. David C. Duncan in his careful criticism of the manuscript 
of the first edition. Professor Guy E. Grantham of Cornell University and 
Prof. Duane Roller of Wabash College also offered helpful suggestions about 
certain chapters in the first edition. Dr. Gordon L. Walls of the University 
of California and Dr. Deane B. Judd of the National Bureau of Standards 
provided valuable information on the eye and on color. 

We are grateful to Profs. Carl D. Anderson, P. M. S. Blackett, Francis W. 


Scars, the late Arthur J. Dempster, Dr. F. C. Dexter, and to the following 
companies for their kindness in providing illustrations: Bausch & Lomb 
Optical Co., Bell Telephone Laboratories, The Blakiston Co., Central 
Scientific Co., Chrysler Corp., Eastman Kodak Co., General Electric Co., 
Genera! Radio Co., Hoskins Manufacturing Co., Kollsman Instrument 
Division, heeds & Northrop Co., Polaroid Corp., Westinghouse Electric 
Corp., and Wcsion Electrical Instrument Corp. 

Criticisms of and suggestions about this text will be cordially welcomed 
bv the authors. 


State College, Pa. 
January* 1951’ 


Robert L. Weber 
Marsh W. White 
Kenneth V. Manning 
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The late Carola Spaeth Hauschka made the por¬ 
trait drawings of the Nobel prize winners which 
appear as headpieces in Chaps. 1-49. Milton S. 
Osborne drew the sketches of the more recent Nobel 
physicists. 

The portraits arc arranged' 
of the awards. 

In the brief biographical note that accompanies 
each portrait the basis of the award is cited. In giv¬ 
ing the positions held by each physicist, the general 
plan is to mention the position held at the time 
of the award and, sometimes, the institution with 
which his later career is most generally associated. 


irrfnc 


e order of the dates 




WILHELM 

CONRAD 

RONTGEN 

1845 to 1923 


BORN IN LENNEP, RHENISH PRUSSIA. PROFESSOR AT WURZBURG 
AND MUNICH. AWARDED THE I9OI NOBEL PRIZE IN PHYSICS FOR 
HIS DISCOVERY OF X RAYS. 


1 • The Fields and Uses of Physics.Measurement 


This is a scientific age. Our material prosperity, the conveniences of life, 
and often life itself rest upon the development of our science. Although the 
practical fruits of science are not to be despised, its true significance is more 
subtle. The study of science has profoundly influenced the way men think. 
Science has created gadgets, but it has also given man confidence in his 
intellectual supremacy over nature and has provided the method of approach 
to all problems requiring a conclusion from observed facts. The science of 

1 
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physics, which provides the tools for the chemist, geologist, engineer, and 
astronomer, has also originated the scientific method. 

A science is a body of organized knowledge. The steps in the origin and 
development of a science are observation , recording , analysis , prediction, and 
verification. Accurate observation under controlled conditions is the first step 
in understanding nature. Records provide for the transmission of knowledge 
and aid its continued growth. Analysis proceeds from conjecture of the 
causes or relationships of certain observations, and, when the hypotheses 
have been tested, erects a theory that relates a large number of phenomena. 
The theory usually predicts certain as yet unsuspected phenomena or rela¬ 
tionships. Verification of these predictions by experiment supports the theory 
and may lead to formulation of a law or principle. Failure to obtain experi¬ 
mental verification of predictions may not overthrow a theory, but causes its 
modification and often enriches it. The principal aspects of the scientific 
method are selective analysis, accurate measurement, and mathematical 
treatment. These techniques originated and received their fullest develop¬ 
ment in the field of physics. Other fields of knowledge, by common consent, 
arc considered scientific to just the extent that their ideas are subject to 
analysis, measurement, and mathematical treatment. 

To understand one’s environment today and to be able to adapt oneself 
to it demand some appreciation ol the scientific attitude. As consumers of 
the products of a scientific age, we want to understand the foundations of 
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THE FIELDS AND USES OF PHYSICS 3 

environment. Great progress was made then and in the succeeding centuries 
technological development has become increasingly rapid. 

The rise of all the natural sciences has been almost simultaneous. Until 
as recently as about a hundred and fifty years ago the content of all the 
physical sciences including physics, astronomy, chemistry, and engineering, 
resided in a study called natural philosophy. This entire body of knowledge 
was so small that it was possible for a capable man to be an authority in 
all these fields and to contribute to the progress in each. 

In the nineteenth century an avalanche in the development of natural 
philosophy led to specialization. James Watt’s invention, which made the 
steam engine practical (1769), gave importance to the field of applied physics 
or engineering. This field received further impetus with the applications 
of the electrical discoveries of Faraday and Ampdre and the invention of the 
internal combustion engine. With the atomic theory of matter placed on an 
experimental basis by John Dalton (1808), chemistry developed as a separate 
science. Astronomy, using the tools and ideas of physics, became a special¬ 
ized field. Physics retained in its field the subjects that were left from what had 
been natural philosophy. 

Physics is usually defined as the science of matter and energy. This science 
deals with the laws of mechanics, heat, sound, electricity, and light, which 
have been applied in numerous combinations to build our machine age. 

Mechanics is the oldest and basic branch of physics. This portion of the 
subject deals with such ideas as inertia, motion, force, and energy. Of especial 
interest are the laws dealing with the effects of forces upon the form and 
motion of objects, since these principles apply to all devices and structures 
such as machines, buildings, and bridges. Mechanics includes the properties 
and laws of both solids and fluids. 

The subject of heat includes the principles of temperature measurement, 
the effects of temperature on the properties of materials, heat flow, and 
thermodynamics—the transformation of heat into work. These studies arc 
of importance in foundries, welding plants, and pattern and machine shops, 
where expansion and shrinkage and heat treating are important. In furnaces 
and steel mills, temperature measurement and control and the flow of heat 
are essential matters for the engineer to understand. 

The study of sound is of importance not only in music and speech but also 
in communications and industry. The acoustical and communications engi¬ 
neer is concerned with the generation, transmission, and absorption of sound. 
An understanding of scientific principles in sound is of importance to the 
radio engineer. The industrial engineer is greatly concerned with the effects 
of sound in producing fatigue in production personnel. 

Electricity and magnetism arc fields of physics which are of peculiar impor- 
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tance in the rapid development of technology in power distribution, lighting, 
communications, and the many electronic devices which provide conven¬ 
iences, entertainment, and tools for investigation in other fields. An under¬ 
standing of the sources, effects, measurements, and uses of electricity and 
magnetism is valuable to the worker in that it enables him to use more 
effectively the manifold electrical devices now so vital to our efficiency and 
comfort. 

Optics is the portion of physics that includes the study of the nature and 
propagation of light, the laws of reflection, and the bending or refraction 
that occurs in the transmission of light through prisms and lenses. Of impor¬ 
tance also are the separation of white light into its constituent colors, the 
nature and types of spectra, interference, diffraction, and polarization phe¬ 
nomena. Photometry involves the measurement of luminous intensities of 
light sources and of the illumination of surfaces, so useful in industry and 
in everyday life. 


A fascinating portion of physics is known as modern physics. This includes 
electronics, atomic and nuclear phenomena, photoelectricity, x rays, radio¬ 
activity, the transmutations of matter and energy, relativity, and the phe¬ 
nomena associated with electron tubes and the electric waves of modem 
radio. The breaking up of atoms gives promise of providing a practical 
source of energy. Many of the devices that are commonplace today are 
applications of one or more of these branches of modern physics. Radio, 
long-distance telephony, sound amplification, and television are a few of 
the many developments made possible by the use of electron tubes. Photo¬ 
electricity makes possible television, transmission of pictures by wire or 
radio, talking motion pictures, and many devices for the control of machin¬ 


ery. Examination of welds and castings by x rays to locate hidden flaws is 
standard procedure in many industries. The practical application of the 
developments of physics continues at an ever increasing rate. 

Practical^ applications of physics are not all made by those labeled as 
physicists, tor the majority o f those who apply the principles of physics are 
c lied engineers. In fact most of the branches of engineering arc closely allied 
wan one or more sections of physics: civil engineering applies the principles 
of mechanics: mechanical engineering utilizes the laws of mechanics and 
heal; electrical engineering is based on the fundamentals of electricity; 
acoustical engineering and optical engineering are the industrial applications 
of the physics of sound and light. The alliance between engineering and 
physics is so close that a thorough knowledge and understanding of physical 
principles is cssmtiai for progress in engineering. 

One of the tools common to physics and engineering is mathematics. Prin¬ 
ciples are expressed quantitatively and most usefully in the language of 
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mathematics. In development and application, careful measurement is 
essential. If we are to make effective use of the principles and measurements 
of physical science, we must have a workable knowledge of mathematics. 
Physics and mathematics are thus basic to all science a/id engineering. 

MEASUREMENT 

Engineering design, manufacture, and commerce today no longer rest on 
guesswork. Cut-and-try methods have given way to measurement, so that 
the stone cut in the quarry slips neatly into its prepared place in a building 
under construction hundreds of miles away. A new spark plug or a piston 
ring can be purchased in Philadelphia to fit a car made in Detroit. Cooper¬ 
ative planning and the manufacture of interchangeable parts became possible 
only when people quit guessing and learned to measure. 

The Measuring Process. Measuring anything means comparing it with 
some standard to see how many times as big it is. The process is simplified by 
using as few standards as possible. These few must be carefully devised and 
kept. The standard with which other things arc compared is called a unit. 
So also are its multiples and submultiples, which may be of more convenient 
size. The numerical ratio of the thing measured to the unit with which it is 
compared is called the numerical measure , or-magnitude, of the thing measured. 

Some measurements are direct , that is, they are made by comparing the 
quantity to be measured directly with the unit of that kind, as when we find 
the length of a table by placing a yard or meter scale beside it. But most 
measurements are indirect. For example, to measure the speed of a plane we 
measure the distance it travels and the time required, and, by calculation, we 
find the number of units that represents its speed. 

Fundamental Quantities. Surprising as it may seem, only three kinds 
of fundamental quantities are necessary in mechanics. The choice of these 
three fundamental quantities is arbitrary. The three customarily chosen for 
use in physics are length , mass, and time. In engineering a different choice is 
commonly made, namely length, force, and time. 

Fundamental and Derived Units. For each of the three fundamental 
quantities we must arbitrarily select a suitable unit. The choice of these 
fundamental units is dictated by convenience and case of duplication. Many 
other units are based on these three. For example, a unit of length multiplied 
by itself serves as a unit of area. A unit area multiplied by unit length becomes 
a unit of volume. A unit of length divided by a unit of time represents a unit 
of speed. Any unit that is formed by multiplying or dividing fundamental 
Units is called a derived unit. 

Length. To specify a distance, we must use some unit of length. The 
unit commonly employed for scientific use and accepted as an international 
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standard is the meter. The meter is defined as the distance between two lines 
on a certain bar of platinum-iridium when the temperature of the bar is 
that of melting ice (0°C). The prototype meter is kept at the International 

Bureau of Weights and Measures at Sevres, France. 
In order that it could be reproduced if destroyed, it 
was intended by the designers that this length should 
be one ten-millionth of the distance from a pole of the 
earth to the equator, measured along a great circle, but 
this ideal was not quite realized. 

One one-hundredth of the meter is called the centi¬ 
meter (0.01 m), a unit of length that we shall often 
employ. Other decimal fractions of the meter are the 
decimeter (0.1 m) and the millimeter (0.001 m). For large 
distances the kilometer (1000 m) is employed. 

Units of length popularly used in English-speaking 
Fio. 1. A stxtion of countries are the yard and its multiples and submultiples, 
the standard meter British or Imperial yard has its legal definition as 

bar showing the ^ distance between two lines on a bronze bar, kept 
markings at one end. _ , , . 

at the ollice of the Exchequer in London, when its 

temperature is 62°F. Other common units of length are the mile (1760 yd), 

the foot (L3 yd), and the inch (V^g yd). 

In the United States the yard is legally defined in terms of the meter: 



1 yd = 36 00 ,^^.,.j m ’shir: leads to the simple approximate relation 


i in. - 2.54 cm 
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a result of this universal gravitation everything on or near the surface of the 
earth is attracted toward the earth with a force we call weight. 

The force with which the earth pulls on a mass of 1 lb under standard con¬ 
ditions is called the weight of 1 lb or 
the pound of force. This force is one 
of the basic units in common usage. 

Time. The fundamental unit of 
time is the mean solar second. This is 
defined as 1/86,400 (Note: 86,400 = 

24 X 60 X 60) of the mean solar 
day, which is the average, throughout 
a year, of the time between succes¬ 
sive transits of the sun across the 
meridian at any place. Thus, the 
time it takes for the earth to turn 
once on its axis, with respect to the 
sun, serves as the basis for the unit of 
time. A properly regulated watch or 
clock, a pendulum of suitable length, 
or an oscillating quartz crystal is 
the working standard for measuring 
time. 

Systems of Units. A complete 
set of units, both fundamental and 
derived, for all kinds of quantities is 
called a system of units. Several such 



Fig. 2. The national standard of inass. 
Kilogram No. 20, a cylinder 39 mm in 
diameter and 39 mm high, with slightly 
rounded edges, made of an alloy contain¬ 
ing 90 per cent platinum and 10 per cent 
iridium. It was furnished by the Inter¬ 
national bureau of Weights and Measures 
in pursuance of the metric treaty of 1875. 


systems have been devised and are 
commonly used. Each is named in terms of the three fundamental units upon 
which it is based. 

The system most widely used in the United States is based upon the foot 
as a unit of length, the pound as a unit of force, and the second as a unit of 
time. From the initials of these three units this system is called the Jps system. 
Except in the field of electricity, this system is largely used in engineering 
practice. 

The system largely used in scientific work throughout the world is based 
upon the centimeter as a unit of length, the gram as a unit of mass, and the 
second as a unit of time. From the initials it is called the cgs system. Because 
of the decimal nature of this system conversions within the system are rela¬ 
tively simple as compared with the fps system. Unfortunately, many of the 
derived units in the cgs system are inconveniently small. 

A third system is based upon the meter as a unit of length, the kilogram 



8 


COLLEGE PHYSICS 


as a unit of mass, and the second as a unit of time. This system is called the 
mks system. It has the advantage that, particularly in electricity, derived units 
are of convenient size. 

Conversion between systems of units can be made by use of a very few 
conversion factors. Ideally only three such factors are necessary, one for 
each of the fundamental quantities. Some conversion factors are given in 

Table I. 

TABLE I. EQUIVALENTS OF CERTAIN UNITS 
1 meter = 39.37 inches (exacdy) 

1 liter = 1 -057 liquid quarts 

1 kilogram = 2.205 pounds, avoirdupois 

1 inch = 2.540 centimeters 

1 pound, avoirdupois = 453.6 grams 

Example: Change 115 in. to centimeters. 

115 in. = 115 in. (2.54 cm/in.) = 292 cm 

If all units are inserted into an equation, they can be handled as algebraic 
quantities and, when they are handled in this manner, the correct final unit 
is obtained. This method has an added advantage in that it frequently calls 
attention to a factor that has been forgotten. 

Example: Convert 165 lb to kilograms. 

165 lb = 2.205^lb/kg = 74 8 k S 


Example: Express 50 rni/hr in feet per second. 


cr, ■/. (50 m i/ hr)(5280 ft/ini) . 

50 rm/hv = - 30 00 ^c/hr - = 73 ft / sec 

Significant Figures. In physics we deal almost exclusively with meas¬ 
ured quantities. The accuracy of any measurement is always limited and 
hence the number that expresses the magnitude should be written with the 
number of digits that p-operly expresses the accuracy of the measurement. 
These figures and or.K these are significant. When computations are made with 
numbers obtained experimentally, the number of digits retained in the 
result is determined b> the number oi significant figures in the original data. 
Approximate rmes iV- r determining the number of significant figures are 
given in Appendix II. In examples we shall not retain more digits than are 
significant in the result. V\ hen there is doubt as to the number of significant 
figures, we shall overscore the last significant digit: thus 38,400 ft. Here there 
are three significant digits 3, 8, and 4. 1 he zeros are present merely to locate 
the decimal point. 
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SUMMARY 


Physics is the science of matter and energy. Physics deals with mechanics, 
heat, sound, electricity, light, radiations, and atomic and nuclear structure. 

Measurement means comparing a thing with a standard to see how many 
times as big it is. 

Three fundamental quantities are necessary in mechanics. These are com¬ 
monly chosen as length , mass, and time or as length, force, and time. 

For each fundamental quantity there is an arbitrarily chosen fundamental 
unit. Other units based on the fundamental units are called derived units. 

In the United States our units are defined in terms of the metric standards. 

A complete set of units both fundamental and derived is called a system of 
units. Systems of units are named from the fundamental units used as basic 
for the system as fps, cgs, or inks. Only a few conversion factors arc needed to 
convert all derived units from one system to another. 

In measured and computed quantities significant figures only should be 
retained. 


QUESTIONS 

1. By what steps is a science developed? 

2. What is meant by the scientific method? 

3. What value may the study of physics have in character formation? in the 
attitude toward all problems of life? 

4 . What is meant when a procedure is criticized as being not scientific ? 

5. Do all sciences make use of experimentation? 

6. Give several informative definitions of physics. What tendency is observed 
as to the branching of this science? 

7. What have mathematics, astronomy, physics, and chemistry in common that 

leads to their being called sciences? 

8. Comment on the statement attributed to Lord Kelvin (1883): 

“I often say that when you can measure what you are speaking about, and express 
it in numbers, you know something about it; but when you cannot measure it, when 
you cannot express it in numbers, your knowledge is of a meagre and unsatisfactory 
kind; it may be the beginning of knowledge, but you have scarcely, in your thoughts, 
advanced to the stage of science, whatever the matter may be. 

9. What do you consider the most important characteristics of a standard unit? 

10. Give examples of things that can be measured and some that cannot. 

11. Why is it necessary to specify the temperature at which comparisons with the 
standard meter bar are to be made? 

12. Suggest several ways in which primary standards of length and mass might be 
defined in order that, if destroyed, they could be reproduced without loss of accuracy. 

13. Show that it is jjossiblc to shift from British to metric units on a screw-cutting 
lathe by the introduction of a gear ratio of 127 to 50 teeth. 
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PROBLEMS 

1. Express your height in meters and your mass in kilograms. 

2. A shaft is to be turned to a diameter of % in. Express this in decimal form in 

inches and in centimeters. Arts. 0.625 in.; 1.59 cm 

3. The Washington National Monument is stated by the Monument Society to 
be 555 ft, in. in height. Comment on the significant figures in this measurement. 
Express this height in meters. 

4. In short-distance running the 440-yd dash is used. How many meters is this? 

A ns. 402 m 

5. Convert 1.00 lb to grams; 2.94 m to feet and inches; one week to seconds. 

6. If an industrial process uses 500 tons of iron ore each hour, how many pounds 

are used per day? per minute? Ans. 24,000,000 lb/day; 16,700 lb/min 

7. Express 30 mi/hr in feet per second. 

8. A thin circular sheet of iron has a diameter of 14 cm. Find its area. If a square 
meter of the material has a mass of 0.30 kg, find the mass of the sheet. 

Ans. 150 cm 2 ; 4.5 gm 

9. Express properly to three significant figures the volume in cubic meters of 
1.00 lb of water. 

10. A replica meter bar is guaranteed to be accurate within 0.0025%. Express this 
uncertainty («) in millimeters and (A) in inches. Ans. 0.025 mm; 9.8 X 10~ 4 in. 

11. Calculate the volumetric displacement of an 8-cylinder car which has cylinders 
of boro 7.50 cm and a stroke of 10.4 cm. 

12. A < ubic centimeter r>! water r.;is a ma .s of approximately one gram. How many 
kilograms ol water would *'il - • ^ 'iritlreal rir.iern 25.4 in. in diameter and 30.0 in. 

Ans. 249 kg 

10‘ - 1 gm. Calculate the number of 

' In one ounce. 

<•". Iio >- many electrons would be 
/• i 10 X 10”; 1.00 X 10” 

.■ r nometer and in mks 
•5 cm cm 3 to mks units. 
:.d, '• kilometers per minute, 
-*'• rv.tn; 1.2 X 10 s cm/sec 
• its height in (a) meters, 


high? 
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rogen air.: 

!_i- , . „ 


l . I - 


-;i!c meter expressed in 
Ar.s. 0.622 mi/km 
many months in 3.5 X 


‘ c loot? 


lie: 


! I O 


Ans. 28,320 cm s /ft 3 
i: 16 fluid ounces are 


Ans. 1.057 
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23. The average weight of a baby at birth is 7.25 lb. Express this in kilograms. 

24. What volume of copper will have a mass of 4.0 kg, if the density of copper is 

8.9 gm/cm 3 ? ^ ns • cmJ 

25. The density of aluminum is 2.7 gm/cm 3 . Express this density in pounds pei 

cubic foot. 

26. The speed v of radio waves is equal to the product of the wavelength X and the 
frequency/. If v = 3.00 X 10 8 m/sec, find the wavelength of a radio wave from a 
transmitter broadcasting on a frequency of 760 kilocycles/sec. Express the wavelength 

(a) in meters and ( b ) in feet. ' ins - 395 12< ' )0 ft 

27. What is the distance from Philadelphia to New York, 90 mi, expressed in 


kilometers? 

28. A contestant ran a 100-mcter dash in 10.6 sec. What was his speed (a) in feet 

per second and ( b) in miles per hour? 31 ft sec; 21 mi, hr 

29. (a) Express 30° in radians. ( b ) Express 0.60 radian in degrees and minutes. 

An angle of 2tt radians is equivalent to 360 . 

30. The Cleveland Terminal Tower Building, 708 ft tall, is observed by a man 

1.5 mi away. What is the angle between the ground and his line of sight to the top 
of the building? Ans. 5.12 

31. A ship receives radio signals from two radio transmitters A and /?, 160 mi 
apart, A being located due north of H. The direction finder shows that transmitter A 
is 30°N of W, while transmitter D is due west. How far is the ship from each transmitter? 
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A number and a unit are sufficient to specify many physical quantities. 
Such quantities add by ordinary arithmetic: 

3 sec + 5 sec = 8 sec 


N 


W 




S 


s. 


/ 


0 “ 




B 


For the complete specification of certain other quantities, it is necessary 
that a direction also be stated. Such quantities add geometrically by a process 
that is more involved than arithmetic addition, but is not difficult. 

Scalar and Vector Quantities. Of the quantities encountered in physics 
some, such as distance, volume, or time, can be completely specified by a 
number and the appropriate unit: 3 ft, 7 in. 3 , 1 hr. These arc called scalar 
quantities. Other quantities, such as velocity 
and acceleration, require that the direction 
also be specified: 30 mi/hr north, 32 ft/scc- 
vcrtically down. These are called vector 
quantities. 

Let an object initially at O, Fig. 1, be 
moved 4 ft east to A, and then 3 ft north to 
B. The final position of the object is distant 
OB from the starting point O , even though it 
did not travel the path OB. 1 he displacement 
of the body is its direction and distance from the origin O. Displacement is 


Fig. 1. Motion along 0.1 and 
AB results in a displacement OB. 


a vector quantity. 

Vectors. A vector quantity is conveniently represented by a vector , which 
is a line segment whose length indicates to scale the magnitude of the vector 
quantity and whose direction (shown by an arrowhead) specifics the direction 
of the vector quantity. In Fig. 1, the eastward displacement of the body is 
represented by vector OA, its northward displacement by AB. The resultant 
displacement from the starting point is represented by vector OB. 

The displacement OB is equivalent to the displacement OA plus the dis¬ 
placement AB. Thus it is apparent that vectors follow a special law of geo¬ 
metrical addition. For while it is not true that 4 + 3 = 5, it is true that 


OA + AB = OB , where the arrows signify the vector nature of the quantities 
in the addition. 

A vector combines with another vector by geometrical addition to form a 
resultant vector which represents the combined efiect of the quantities repre¬ 
sented by the original vectors. 

In Fig. 1, the vector AB is at right angles to the vector OA. The resultant 
of these two vectors is the vector OB drawn from the origin O to B the head 
of the second vector, closing the right triangle OAB. From the Pythagorean 
theorem, ( OA) 2 + (AB) 2 = (OB) 2 or 4 2 + 3* = (OB) 2 and OB = 5 units. 



*4 


COLLEGE PHYSICS 


The direction of the resultant vector OB may be specified by the angle 0 
which it makes with OA. Since sin 0 = AB/OB = 0.60, 0 = 37 . The re¬ 
sultant OB therefore represents a displacement of 5 ft from 0 in the direction 
37°N of E. 

A vector multiplied by a scalar quantity is a vector in the same direction 


as the original vector. 

When two or more vectors are given, their sum or resultant may be found 
in a variety of ways. We shall describe three useful methods: the parallelo¬ 
gram method, the polygon method, and the method of components. 

The Parallelogram Method. In the parallelogram method of addition, 
ihe vectors M and N arc brought to a common origin O in a parallelogram 

constructed as in Fig. 2. The resultant is the 
diagonal drawn from the common origin of 
M and N. 

With a ruler we can measure the resultant 
R in the units chosen for M and W, and the 
angle </> can be measured with a protractor. 
This graphic solution is always possible but its 
accuracy is limited by the accuracy with 
which the drawing can be made and measured. The addition of several 
vectors by repeated application of the parallelogram construction is a possible 
procedure, but it becomes tedious it many vectors must be added. 



N 


Fio. 2. Parallelogram method 
of adding vectors. 


q 


An .analytical method lot determining 
uantitics At and A makes use of the i nv 


the resultant R of any two vector 
oi -sh ies and the law of sines from 


trigonometry-. To compute the magnitude 
oi cosines, which when applied to FJ.;. . 


resultant, we use the law 



< 



. / of sines. Applying 
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(a) ( b ) (< C ) (*0 w 


Fic. 3. The resultant of two vectors depends upon the angle between them. 

in c , d, and e. At / the resultant is (numerically) the difference between the 
vectors. 

Example: Add vectors of 8.0 units and 5.0 units making an angle of 60° with each 
other. 

Using a convenient scale, draw vectors A and B (Fig. 4a), making an angle of 60° 
with each other from a common origin O. Complete the parallelogram with A and 



Fio. 4. Addition of two vectors by analytical method. 


B as sides and draw the diagonal from O, placing an arrowhead at the end of R. On 
the scale selected, R represents a resultant of 11 units at an angle of 20 with A, the 
8-unit vector. 

The resultant may be determined analytically from the cosine law 

Ri = A 2 + B 2 + 2 AB cos 60° 

= 64 + 25 + 2(8.0)(5.0)(0.50) = 130 
R = 11 units. 

The angle <j> may be determined from the sine law 

R = C 

sin 120° sin </> 

•in 0 = £.in 120° - X 0.87 = 0.38 

hence 

Angle <t> = 22° 
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in which the components, A' and T of Fig. 6c, are at right angles to each other. 
If 9 is the angle between vectors A’ and R, then 


X — R cos 9 
T = R sin 9 


(3) 

(4) 



Fig. 7. Vertical and 
horizontal components of 
a vector. 


Consider the vector AB (Fig. 7), which makes an angle of 45° with the 
horizontal. To obtain a set of components of AB, one of which shall be hori¬ 
zontal, draw a horizontal line through the tail of 
the vector AB. Now from the head of AB draw CB 
perpendicular to the horizontal line. We see that 
the vector AB can be considered as the resultant of 
the vectors AC and CB. The values of the horizon¬ 
tal and vertical components are AB cos 45° and 
AB sin 45°. The directions of the arrowheads are 
important, for we are now considering that AC has 
been added to CB to give the resultant AB; therefore 
the arrows must follow head to tail along AC and CB, 

so that AB can properly be considered as a resultant drawn from the tail 
of the first arrow AC to the head of the last arrow CB. This resolution into 
components now allows us to discard the vector AB in our problem and keep 
only the two components AC and CB. These two taken together are in every¬ 
way equivalent to the single vector AB. 

What is the advantage of having two vectors to deal with where there was 
one before? The advantage lies in the fact that several vectors making various 
odd angles with each other can be replaced by two sets of vectors making 
angles of cither 90 or 0° with one another. Each of these two groups of 
vectors can then be summed up algebraically, thus reducing the problem 
to one of two vectors at right angles. 

Component Method of Adding Vectors. To add a number of vectors 
A, B, C, and D (Fig. 8) by the method of components, we proceed as follows. 
Place the vectors at the origin on a set of rectangular coordinates (Fig. 8b). 
Next resolve each vector into x- and ^-components by drawing a perpendicu¬ 
lar from the vector head to the proper axis. 

Add all the components along the x-axis (A z , B x , C x , etc.) the sum being 
called XX. Similarly add the components along the^-axis to obtain XT. 

XX = R x = A x + B z + C z + D x 
VY = R v = A v + B u + C v + Dy 

Some of the components are negative (for example, D z and A v ) since 
each points along its axis in the direction that is conventionally called 

negative. 
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The resultant R (Fig. 8c) is obtained from R x and R v by the Pythagorean 
theorem 

R 2 = (XX) 2 + (XT) 2 



Fio. 8. Addition of vectors by the method of components. 


while the angle 0 winch R makes with the x-axis, measured counterclockwise, 
is given by 


tan 0 = 


xr 

XX 


sin 6 


xr 

R 


5/a^mplc Mi"! the sum of the following vectors: 3.00 units directed east, 12.00 units 

f directed 40 N of E and 7.00 units directed 

r / 60\V Of W (Fig. 9). 


i*'! S 


V 


40 ° and /3 = 240° 

• 643 cos a = 0.766 

• 0.866 cos /3 = —0.500 

- ! 2.0(0.766) + 7.00( —0.500) 


xr -- : i 2.0(0.643) + 7.00(-0.866) 

- 1.65 

R- - • "O* 1.65* = 78.4 

R = 8.36 


. 1.65 

tan 6 = g-= 


o A cr 


6 = 10 45 



> hat a vector has no component at 
i i - ; it angles to itself: the 3-unit vector has no 
v-cornponent. Note, too, that the sign of a 
component may be determined either by 
'<• or b\ inspection of the diagram. 
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Equilibrium. Many of the problems of the design engineer involve 
various forces acting upon or within a structure or machine that do not pro¬ 
duce change in motion. His problem resolves itself into the determination 
of the forces necessary to produce equilibrium in the device. 



Fig. 10. An example of equilibrium. 


The state in which there is no change in the motion of a body is called 
equilibrium. A body to be in equilibrium may be at rest but does not neces¬ 
sarily have to be at rest; it may 1m* moving with uniform speed in a straight 
line or rotating uniformly around a fixed axis. 

In this chapter the discussion will be restricted to the action of forces 
which are in equilibrium and also which act at the same point. Forces acting 
at a common point are said to be concurrent. 
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First Condition for Equilibrium. In so far as linear motion is concerned, 
a body is in equilibrium if the vector sum of the forces acting upon it is zero. 
This statement is known as the first condition for equilibrium. 

Forces acting in the same direction can be added arithmetically to find 
the value of their resultant, which is the single force whose effect is equiva¬ 
lent to their combined action. In order to determine the resultant of two 
forces that do not act in the same straight line, it is necessary to make use 
of vector addition. Thus the previous study of vectors and vector quantities 
is essential to the solution of problems involving forces in equilibrium. 



EQU/L/BR/UM ? YES 



I lu* several 'orces may urdcJ 1 \ the use of any of the methods pre¬ 
viously describe'.'. A hen (!• .ecu; : added by the polygon method, the 

vector sum is zc" > .[ Imo e-uatt* oi the arrow representing the resultant is 
/'•r°. But this can >< \ ur only il the head of the last vector to be added comes 
b.vk o touch th, ' ul of the first vector as in the first part of Fig. 11. The 
a sum is /. : / the vector diagram is :< closed polygon. The polygon method 

is espechih useful when there :r • thr .c concurrent forces. 


L ivn objf- i v.ciylnng l’jo it- and -uspended by a rope A (Fig. 12) is pulled 
ar.,w by the horizontal rope B and held so that rope A makes an angle of 30° with the 
vertical. Find the tension in topes .1 and li. 
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We know that the junction 0 is in equilibrium under the action of these forces, hence 
their resultant must be zero. Therefore, the vectors representing the three forces can 
be combined to form a closed triangle, as shown at the right in Fig. 12. In constructing 


the vector diagram, each vector is drawn parallel to the force that it represents. 


that 


II 

100 


= tan 30° = 0.58 


so that Ft = (100 lb)(0.58) = 58 lb. 
To get F we can put 


100 lb 


F* 


= cos 30° = 0.866 


Therefore 



B 



100 lb 
Fi ” 0.866 


116 lb 


Fig. 12. Finding a force by the poly¬ 
gon method. 


That is, in order to hold the system in the position of Fig. 12, one must pull on the 
horizontal rope with a force of 58 lb. The tension in rope A is then 116 1b. The tension 
in the segment of rope directly supporting the weight is, of course, just 100 lb. 

If the resultant of several forces is not zero, the body acted upon is not in 
equilibrium but it can be placed in a condition of equilibrium by adding a 
single force equal in magnitude to the resultant but opposite in direction. 
This force is called the equilibrant. In Fig. 5, if the vectors were drawn to 


SO IB 5.0 LB 



represent forces, the equilibrant of the four forces A, ft, C, and D is a force 
equal in magnitude to R but opposite in direction. If this force were com¬ 
bined with the original four forces, the polygon would be closed. 

Example: By the method of components find the resultant and the equilibrant 
of a 5.0-lb horizontal force and a 10-lb force making an angle of 45° with the hori¬ 
zontal (Fig. 13). 

The horizontal and vertical components of the 10-lb force are, respectively, 
10 lb X cos 45° = 7.1 lb and 10 lb X sin 45° = 7.1 lb. The horizontal component 
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of the 5.0-lb force is 5.0 lb, and its vertical component is zero. There are three forces: 
one vertical and two horizontal. Since the two horizontal forces are in the same 
direction, they may be added as ordinary numbers, giving a total horizontal force of 
5.0 lb 7.1 lb = 12.1 lb. The problem is now reduced to the simple one of adding 
two forces at right angles, giving^he resultant 

R = V7.1*+ 12.1* lb = 14.0 lb 

The angle 0, which R makes with the horizontal, has a tangent 7.1/12.1 = 0.59, so 
that 6 = 30°. 

The equilibrant is equal in magnitude but opposite in direction to R. Hence it is a 
force of 14.0 lb at an angle of 210°. 


When the component method of adding vectors is used, the condition 
that the vector sum shall be zero is satisfied if each set of components adds 
to zero separately. That is, 

= 0 (5) 

and 

2Py = 0 (6) 


These equations can be used for 



i 


* 


i 


any set of forces, but the method is par¬ 
ticularly useful when there are more 
than three forces. 

Example: An object weighing 100 lb and 
suspended by a rope A (Fig. 12) is pulled 
aside by the horizontal rope B and held so 
that rope A makes an angle of 30° with the 
vertical. Find the tension in ropes A and B. 

Ve have previously solved this problem 
■•/ he straightforward method of adding the 
' 'ors to form a closed figure. That method 
quite appropriate to such simple cases but, 
or the sake of illustration, let us now solve 
the problem again by the more general 
method of components. In Fig. 14 are shown 
the same forces, separated for greater con¬ 
venience of resolution. The horizontal and 


vertical components of the 100-lb force are, 




.v respectively, 0 and 100 lb down. The hori¬ 
zontal and vertical components of Fi are, 
respectively, F t (to the right) and 0. In 
r '~' not yet know the numerical value of Ft, but, 
‘'■ •ical components will certainly be Ft sin 30° to 
• have four forces, two vertical and two horizontal, 
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whose vector sum must be zero to ensure equilibrium. In order that the resultant may 
be zero the sum of the horizontal components and the sum of the vertical components 
must each be equal to zero. Therefore, 

Fi — Ft sin 30° = 0 (horizontal) 

Ft cos 30° — 100 lb = 0 (vertical) 


If we solve the second equation, we find that Ft = 116 lb, as in the previous solu¬ 
tion. By substituting this value in the first equation, we obtain F x = 58 lb, as before. 



Fic. 15. Finding the tension of a stretched rope. 


Example: A load of 100 lb is hung from the middle of a rope, which is stretched 
between two walls 30.0 ft apart (Fig. 15). Under the load the rope sags 4.0 ft in the 
middle. Find the tension in sections A and B. 


The mid-point of the rope is in equilibrium under the action of the three forces 
exerted on it by sections A and B of the rope and the 100-lb weight. A vector diagram 
of the forces appears in Fig. 16. The horizontal and vertical components of the 100-lb 



Fio. 16. Horizontal and vertical components of the forces in a stretched rope. 


force arc, respectively, 0 and 100 lb downward. The horizontal and vertical com¬ 
ponents of F\ are, respectively, F\ cos 6 to the left, and F 1 sin 6 upward. Similarly, the 
horizontal and vertical components of Ft are, respectively, Ft cos 0 to the right, and 
Ft sin 6 upward. In order that the resultant shall be zero, the sum of the horizontal 
components and the sum of the vertical components must each be equal to zero. 


Therefore, 


Ft cos 6 — F\ cos 6 = 0 (horizontal) (a) 

F\ sin 6 4* Ft sin 0 — 100 lb = 0 (vertical) (A) 


Since these two equations involve three unknown quantities F x , Ft, and 6, we cannot 
solve them completely without more information. 
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An inspection of Fig. 15 shows that the angle 6' of that figure is identical with the 
angle 9 of Fig. 16. Thus the value of sin 6 can be determined from the dimensions 
shown in Fig. 15 

. 4.0 ft 

sin 9 = sin 9 = —— 

A 

A = \/l5.0 2 + 4.0 2 ft = y/24\ ft = 15.5 ft 

and 


sin 6 = 


4.0 ft 
15.5 ft 


0.26 


From Eq. (a), Fi = F 2 . Substituting in Eq. (A), 


and 


Fi sin 6 -f Fi sin 6 — 100 lb = 0 

2F\ sin 9 = 100 lb 
2F,(0.26) = 100 lb 

100 lb 
1 2(0.26) 


190 lb 


Fi = 190 lb 


Two things should be noticed about the problem just solved: (1) that 
the value of a function of an angle in the vector diagram was needed in order 
to carry out the solution; (2) that the value of that function was determined 
from the geometry of the original problem. 

Example: Calculate the force needed to hold a 1000-lb car on an inclined plane 

that makes an angle of 30 with the horizontal, if the force is to be parallel to the 
incline. 


The forces on the car include (see Fig. 17) its weight W t the force I 
incline, and the force A exerted on the car by the inclined plane itsell 
mentioned is perpendicular to the plane if there is no friction. 


parallel to the 
The last force 



(a) 

1'ic. 17. finding the forces acting on a 


(b) 

body on an incline. 
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Since the car is in equilibrium under the action of the three forces A, B, and H , a 
closed triangle can be formed with vectors representing them, as in Fig. Mb. In the 
vector diagram, B/W = sin 0, so that B = W sin 0. The angle 0, however, is equal 
to angle 0' in Fig. 17a (Can you prove this?), and we may write B = W sin 0. Since 0 

is 30° and W = 1000 lb, 

B = (1000 lb) sin 30° = (1000 lb) (0.500) = 500 lb 

The value of A, the perpendicular force exerted by the plane, can be found by 
observing that A/W = cos 0 = cos 0', from which 

A = W cos 30° = (1000 lb) (0.866) = 866 lb 

It should be noticed that W can be resolved into two components that arc, respec¬ 
tively, parallel and perpendicular to the incline. These components are equal in 
magnitude and opposite in direction to B and A, respectively. 

SUMMARY 

Quantities whose measurement is specified by magnitude and direction are 
called vector quantities. Those which have only magnitude arc called scalar 

quantities. 

A vector quantity is represented graphically by a line called a vector drawn 
to represent its direction and its magnitude on some convement scale. 

The resultant of two or more vectors is the single vector that would produce 

the same result. 

In the parallelogram method for the addition of two vectors the resultant 
R is conveniently found from the law of cosines and the law of sines 

/?2 = m* + jV 2 + 2MN cos 0 
sin <f> _ sin (1 80° — 0) 

~M R 

Vectors are conveniently added graphically by placing them “head to 
tail” and drawing the resultant from the origin to the head of the last vector, 
closing the polygon. This is known as the polygon method. 

The rectangular components of a vector arc its projections on a set of right- 
angle axes, for example, the horizontal and vertical axes. 

X = R cos 0 
T = R sin 0 

The component method of adding vectors is to resolve each into its rectangu¬ 
lar components, which are then added algebraically and the resultant found 

= czxy + (2JT 

A body is in equilibrium when there is no change in its motion. 
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When a body is in equilibrium, the vector sum of all the forces acting on 
it is zero. This is known as the first condition for equilibrium. When a body is in 
equilibrium, the vector diagram is a closed polygon, or the sums of the 
rectangular components of all the forces must each equal zero: 2.F* = 0 
and XP U — 0. 

QUESTIONS 


1. What items must be stated to specify a vector quantity completely? 

2. Give several examples of scalar quantities; of vector quantities. 

3. Are vectors necessary, or is the concept of a vector merely a convenience in 
expressing physical quantities? 

4. Two forces of 50 lb and 80 lb act upon a body. What are the maximum and 
minimum possible values of the resultant forces? 

5. What are the handicaps which one has in solving complicated vector problems 
by the parallelogram method? 

6. Show by a series of vector polygons that it is immaterial which order is used 
in laying off the vectors end to end and that the resultant is always the same. 

7. Show how the parallelogram method of solving vector problems can be 
simplified by the use of the polygon method. 

8. An automobile is acted upon by the following forces: a horizontal force due to 
air resistance; the weight of the car; a force almost vertically upward on the front 
wheels; the force of the ground on the rear wheels. Draw a vector polygon to show 
these forces in equilibrium. What does this imply with respect to the velocity of the 
car? 


9. Make a three-dimensional sketch to show how one could portray the resultant 
of a force upward, one toward the east and one toward the north. 

10. Why docs an airplane pilot prefer to take off and land into the wind? Explain 

by the use of a vector diagram. 

11. In moving a s!cd over the snow is it better to pull the sled with a rope or to push 

go the sled with a pole? Explain by the use of vectors. 

I/!. Explain ' an iceboat can be made to sail faster than 20 mi/hr in a 20 mi/hr 
wind. vVliat limits .he speed attainable with the iceboat? 

> '*■ Go'e . v era! examples of moving bodies which are in equilibrium. 

*'*• bich he following groups of forces could be in equilibrium: (a) 20, 30, 
an.l 'b; (,«.) l r >. 30, and 50 lb; (c) 25, 05, and 25 lb; (d) 100, 50, and 25 lb? 

A pwtVK- jS hung from a v.ali by iwo wires. Show by diagrams the configura- 
ti.e \ -• ~s v. is: have in order to be under a minimum of tension. 
i'- ioe -':p r •.jvicnt that demonstrates the physical meaning of the terms 

component, result-:-.:., -.rd uqullibrant. 

> *• • • 9 

. icn r< ■< ja.- vws arc covered with ice, is there more danger of their 
break:ug ’••'hen .hcv are iaut or when they sag? 

w ba. -■ 1 body :s in equilibrium any one of the forces acting upon it must 
be equal r. magnitude and opposite in direction to the resultant of all the other 

forces. 


l 
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PROBLEMS 


In all these problems a carefully drawn vector figure should accompany the ana¬ 

1. A boat sails 20 mi due east and then sails 12 mi southeast. How far is it from 

its starting point, and in what direction is it from that point? 

2. A boat travels 10.0 mi/hr in still water. If it is headed 60 S of W in a current 

that moves at 12.0 mi/hr due east, what is the resultant velocity of the boat. 

Ans. 11.1 mi/hr at 51 S oi L 

3. An airplane is flying at 150 mi/hr on a north-to-south course according to the 
compass. A cross wind of 30 mi/hr is blowing south 47°W and carries the airplane 

west of its course. What is the actual speed and course of the airplane. 

4. Two forces of 24 tons and 11 tons, respectively, are applied to an object at a 

common point and have an included angle of 60°. Calculate the magnitude of their 
resultant and the angle it makes with the 24-ton force. Ans 31 tons 1 

5. A pencil is moving with a speed of 3.0 ft/sec along the diagonal of a square that 
is itself moving in the direction of one of its edges at the rate of 4.0 ft/sec. Find u. 

resultant speed of the pencil. # ( 

6. What is the angle between two equal forces whose resultant ,s equal to one-half 

r r U r * Ans. 151 (or 29 ) 

of one of the forces? ... i • 1 

7. A boy weighing 80 lb sits in a swing, which is pulled to one s.de by a honzontal 

force of 60 lb. What is the tension in the swing rope? 

8. As a flag is hoisted up the mast at 15 ft/sec, a ship goes south at 22 ft/ sec, and 

the tide moves east at 4.0 ft/sec. What is the speed of the flag relative to the earth. 

Ans . It/sec 

9. Along a certain mountain road the grade is such that the road rises 10.0 ft in 
every 100 ft of horizontal distance. How much force, ncglec.mg notion, would be 
rcqtdred to pull a load of 2000 lb up this grade, the force bemg apphed parallel to the 

road and the load being moved with constant speed? 

10. The iron sphere in Fig. 18 weighs 100 lb and rests m » V-shaped lrou « h wh “* 
sides form an angle of 60°. What is the normal force exerted by the sphere on each 

side of the trough? 



11. A 120-lb lx>x is supported by a cord attached to a hook in a vertical wall at 
point A, Fig. 19. The cord is displaced by the length of the horizontal strut BC 6.00 ft 
long. Assuming cord and strut to have negligible weights, (a) draw a vector diagram 
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representing the forces acting at C. ( b ) What is the horizontal force exerted by the 
wall on the strut at B? (c) What is the force exerted on the hook in the direction AC? 



12. The beam of a wall crane 7.5 ft long is held at right angles to the wall by a tie 

that is attached to the wall 6.0 ft above the foot of the beam. If the load lifted is 3.0 
tons, find the tension in the tie and the comprcssional force in the beam. Neglect the 
weight of the beam. Ans. 4.8 tons; 3.8 tons 

13. A load of 50 lb is suspended from the ceiling by a cord 8.0 ft long. A second 
cord is tied to the first 2.0 ft above the load, and a pull is exerted by this attached cord 
always making an angle cf 30° above the horizontal. When the tension in the second 
cord becomes 20 lb, it is tied fast, (a) Find the tension in the first cord, above and 
below the knot, (/>) What angle does the first cord make with the horizontal? 

14. A ship is sailing 20°N of E at the rate of 14 mi/hr. How fast is it going north¬ 
ward and how fast eastward? Ans. 4.8 mi/hr; 13 mi/hr 

15. If a ship <s sailing 21°E of N at the rate of 15.0 mi/hr, what are its component 
speeds, northward and eastward? 

16. If a wind is blowing 17.5 ft/scc and crosses the direction of artillery fire at an 

angle of 38°, what are its component speeds along, and directly across, the direction 
°f fire? .-Inr. 13.8 ft/scc; 10.8 ft/sec 

17. A boy is pulling his sled along level ground, his pull on the rope being 12.0 lb. 
What are the vertical and horizontal components of the force if the rope makes an 
angle of 21° with the ground? 

18. A |x rson who is 35 ft east of you runs north at 16 ft/sec. At what angle north of 
cast would you throw a ball at 60 ft/scc ground speed in order to hit him? 

Ans. 15.4° 

19. The angle between the rafters of a roof is 120°. What thrust is produced along 
the rafters when a 1200-lb object is hung from the peak? 



vectors; forces at a point 


29 


20. Add the following displacements by the component method: 10 ft directed 

northeast, 15 ft directed south, and 25 ft directed 30°W of S. 

Ans. 30 ft; 10.4°W of S 

21. A safe is suspended by two wires, each inclined 22° with the horizontal. If the 
greatest straight pull which either wire could sustain is 450 lb, how heavy a safe could 
the two support as specified? 

22. A rope 100 ft long is stretched between a tree and a car. A man pulls with a 
force of 100 lb at right angles to and at the middle point of the rope, and moves this 
point 5.0 ft. Assuming no stretching of the rope, what is the tension in the rope at the 

final position? Ans • 500 lb 

23. Four boxes each weighing 100 lb are suspended from a beam (Fig. 20). What 

is the tension in each of the wires? 



Fic. 20. 

24. A 20-lb picture is suspended from the wall by a single cord attached at two 

corners of the frame and hung over a pin. What is the tension in the cord if the angle 

between the two halves of the cord is 60°? What is the tension if the angle is increased 
tQ 9 qo, Ans. 12 lb; 14 lb 

25. An acrobat weighing 150 lb performs on a horizontal wire 15 ft long capable of 
withstanding 3000 lb. How far below the level of the supports must the wire be 
allowed to sag at the middle if the performer at the center is to be supported with a 

factor of safety of 3? 

26. A motorboat that has a speed of 12 mi/hr in still water crosses from the east 

to the west bank of a river 1.0 mi wide. The river (lows from north to south, the speed 
of the current being 4.0 mi/hr. The boat crosses with its keel pointing due east, (a) 
What is the speed of the boat with reference to its starting point? ( b ) How long does 
it take for the boat to reach the west bank? (r) How far south of its starting point will 
j t land? Ans. 13 mi/hr; 5.0 min; 0.33 mi 

27. A man travels 15 mi southeast, then 8.0 mi north, then 10 mi northwest. In 
what direction and how far will he have to travel until he reaches the starting point? 

28. A man walks westward on a boat with a speed of 4.0 mi/hr; the ship’s propeller 
drives it 15 mi/hr northwest; tide and wind drive the ship 5.0 mi/hr south. What is 
the actual speed of the man relative to the earth? What is the direction of his velocity? 

Ans. 16 mi/hr at 21°N of W 

29. Three forces of 4.00, 6.00, and 8.00 lb are in equilibrium. Find the angles 
between the forces. 

30. A string 7.0 ft long has its ends attached to the ceiling at points 5.0 ft apart. 

When a load is hung on the string 3.0 ft from one end, there is a force of 8.0 lb in the 

shorter length and 6.0 lb in the greater. Find the weight of the suspended load. 

Ans. 10 lb 
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31. Two stones, one weighing 9.00 lb and the other weighing 12.0 lb, are attached 
to the ends of a string which passes over two fixed, frictionless pulleys. At a point on 
the string between the pulleys a third stone weighing 15.0 lb is hung. What is the con¬ 
figuration of the string for which the system will be in equilibrium? 

32. Find the force in a cable necessary just to keep in equilibrium a 1000-lb car 

on a 30° incline (a) when the cable is parallel to the incline and ( b ) when the cable 
makes an angle of 60° above the horizontal. Ans. 500 lb; 577 lb 

33. A 4000-lb wagon is to be drawn with uniform speed up a grade rising 40.0 ft 
in a distance of 200 ft measured along the grade. Calculate the force which would be 
necessary if it were applied (a) parallel to the grade, ( b ) horizontally? 

34. A bridge span is in the shape of an inverted V. The apex is 5.00 m above the 
roadway and the distance between piers is 20.0 m. Find the vertical and horizontal 
forces which the span exerts upon each pier per ton of load at the apex of the span. 
Calculate also the thrust which the span exerts on each pier. 

Ans. 1000 lb; 2000 lb; 2240 lb 


35. A 40.0-lb load is suspended from the end of a horizontal bar 50.0 cm long, the 
other end of the bar resting against a vertical wall. At a point 40.0 cm vertically above 
the point where the bar meets the wall, a string is attached, the other end of the string 
being tied to the bar at the end where the load is hung. Determine the tensional force 
in the string and the compressional force in the beam. 

36. An object weighing 40.0 lb is suspended from the end of a horizontal bar 
50.0 in. long, the other end of the bar resting against a vertical wall. At a point 


40.0 in. vertically above the point where the bar meets the wall, a string is attached, 
the other end of the string being tied to the bar at the end where the load is hung. 
Determine the tensional force in the string and the compressional force in the beam. 
Neglect the weight of the bar. Ans. 63.7 lb; 50.0 lb 

3, . 1 luce forces of 12, 15, ana 20 lb, respectively, are in equilibrium. If the 12-lb 
foice is directed horizontally toward the right, what must the directions of the other 
two forces be? 

3H A derrick bcoir- ;s attached to a vertical mast at its lower end so that it makes 
« ! n an d. ot ' ih mast. Its upper end is held in position by a rope which makes 

a ‘ r > ' l ' ' -da ve boom. Neglecting the weight of the boom, calculate the 

tendon -r, the .- .w the thrust of the boom when a load of 900 lb is carried by the 

:i Ans. 450 lb; 779 lb 
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Velocity and Acceleration 


As we observe objects around us, one of the most noticeable properties is 
their motion. Some motions appear to be very simple; others very compli¬ 
cated. Motion can be dangerous if it is erratic and uncontrolled as we 
observe it in a flooded river, a hurricane, or a runaway automobile, but 
controlled motion is an exceedingly useful tool. 

A study of the motions of objects is necessary if we arc to understand their 
behavior and learn to control them. Since most motions are very complex, 
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it is necessary to begin with the simplest of cases. It is surprising what com¬ 
plicated motions can be analyzed and represented in terms of a few ele¬ 
mentary types, when these simple types of motion are thoroughly understood. 

Speed and Velocity. The simplest kind of motion that an object can 
have is a uniform motion in a straight line. In every second the body moves 
the same distance in the same direction as it did in each other second. Every 
part of the body moves in exactly the same way. An object moving in this 
manner is moving with constant velocity. Constant velocity implies not only 
constant speed but unchanging direction as well. 

The speed of a moving body is the distance it moves per unit of time. If 
the speed is uniform the object moves equal distances in each successive unit 
of time. Whether or not the speed is constant, the average speed is the distance 
the body moves divided by the time required for the motion. 

The defining equation is 


v 




where s is the distance traversed, v the average speed, and t the time. The cgs 
unit of speed is the centimeter per second fcm/sec); the fps unit is the foot 
per second (ft/scc); many other units are common, such as the mile per 
hour (mi/hr), kilometer per second (km/sec), knot, etc. Equation (la) may 
be put in the form 

s = il 0 ) 

It the speed is constant, its value is, of course, identical with the average 
speed. 

It, for example, an automobile travels 200 mi in 4 hr, its average speed 
is 50 mi/hr. In 6 hr it would travel 300 mi. 

I he concept el speed does not involv e the idea of direction. A body moving 
w it!, constant <y '•! may move in a straight line or in a circle or in any one 
of an infinite varietv of paths so long as the distance moved in any unit 
oi time is tin same e; that moved in any other equal unit of time. 

.on-tanl ••/ - p is a particular ease of constant speed. Not only does the 
distance traveled in unit rime remain the same but the direction as well does 
:u>r cn.mgi An automobile that travels for 1 hr at a constant velocity of 
■ r v ... reaches „ place 20 mi north of its first position. If, on the 
land, it t r a\e!< around a race track for 1 hr at a constant speed of 
hr, n may 'inverse the same distance without getting anywhere. At 
mu in.annt its velocity may Lie 20 mi hr east: at another, 20 mi/hr south. 

I he statement. "An automobile is moving with a velocity of 20 mi/hr,” is 
incorrect by virtue of incompleteness, since the direction of motion must be 
stand in order to specify a velocity. For this reason one should always use 


20 

other 

... 
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the word speed when he does not wish to state the direction of motion, or 
when the direction is changing. 

Accelerated Motion. Objects seldom move with constant velocity. In 
almost all cases the velocity of an object is continually changing in magnitude 
or in direction or in both. Motion in which the velocity is changing is called 
accelerated motion , and the rate at which the velocity changes is called the 

acceleration. 

The velocity of a body may be changed by changing the speed or by 
changing the direction or by changing both speed and direction. If the direc¬ 
tion of the acceleration is parallel to the direction of motion, only the speed 
changes, while, if the acceleration is at right angles to the direction of 
motion, only the direction changes. Acceleration in any other direction pro¬ 
duces changes in both speed and direction. 

For the present we shall confine our attention to the simplest type of accel¬ 
erated motion, called uniformly accelerated motion , in which the direction is 
always the same and parallel to the direction of the original motion and the 
speed changes at a constant rate. The acceleration in this case is equal to 
the rate of change of speed, since there is no change in direction. I he acceler¬ 
ation is called positive if the speed is increased, negative if the speed is de¬ 
creased. Negative acceleration is sometimes called deceleration. 

Example: An automobile accelerates at a constant rate from 15 mi hr to 45 mi hr 
in 10 sec while traveling in a straight line. What is the acc< h ration. 

The acceleration, or the rate of change of speed in this case, is the change in speed 
divided by the time in which it took place, or 

45 mi/hr - 15 mi/hr _ 30jm/hr = v0 ^ m £/hr'> per sec 
a ~ 10 sec 10 sec- 

indicating that the speed increases 3.0 mi/hr during each second. 

Since 

• 30 mi/hr = 44 ft/sec 

the acceleration can be written also as 

_ 44ftZ.ec = f( scc . 


a = 


10 see 


This means simply that the speed increases 4.4 ft/sec during each second, or 4.4 ft/sec- 
Using algebraic symbols to represent acceleration a, initial speed *», final 
speed v 2 , and time /, the defining equation for acceleration is written 


a = 


v 2 — v\ 


(2 a) 
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Multiplying both sides of this equation by t gives 


v 2 — V\ — at (2) 

which expresses the fact that the change in speed is equal to the rate of change 
in speed multiplied by the time during which it is changing. 

The distance traveled during any time'is given by the equation 

s — vt 

but the average speed 0 must be obtained from the initial and final speeds, 
Vy and v 2 . Since the speed changes at a uniform rate, the average speed v is 
equal to the average of the initial and final speeds, or 

»i + 02 



Example: How far does the automobile of the previous example move while it is 
increasing its speed? 

0 = MO 5 -f 45) mi/hr = 30 mi/hr = 44 ft/sec 

and 

s — 44 ft/scc X 10 sec = 440 ft 

Three equations for uniformly accelerated motion have been considered: 


02 — 0i = 


5 = 


Vt 

at 

v\ -T 02 


( 1 ) 

( 2 ) 

(3) 


By combining these, two other useful equations can be obtained. Eliminating 

0a and v. wc obtain 


s — V-J 4- 

:f we chm-r- re 3 and : from 3qs. (1) to (3), we obtain 


(4) 







I DU * 2 
Uoi oi 




J V 


h: 

a Tr-'cri iuc 
.otormi.i-.-d 


.! >, L:; i) is true for all types of motion; the remain- 
j 'j.i.y fo.* umjormly accelerated linear motion. In the 
b «. r>; thru equation should be used in which the quan¬ 
ts Te only one not known. 


Zxarac ?; 
is the. fcCCCl 



bra?. 


tructc stal ling from rest acquires a speed of 30 mi/hr in 20 sec. What 
or.? How far does the truck travel? 
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*>1 = 0 

vt = 30 mi/hr 
t = 20 sec 


30 mi/hr X 5280 ft/mi 
3600 sec/hr 


= 44 ft/scc 


Using Eq. (2), 

02 — 01 
° ~ t 

44 ft/scc^0 _ 2 2 ft/sec* 

20 sec 

Using Eq. (4), 

s = vil + ><af 2 

, = 0 + ><(2.2 ft/sec 2 )(20 sec) 2 = 440 ft 


or using Eq. (1), 


, = « . v ±±JL* t = 0 ± 44 o ft ^~ X 20 sec = 440 ft 


Example: A train traveling with a speed of 60 ini/hr is brought to an emergency 
stop in 2000 ft. What is the acceleration and the time required to stop? 

Vl = 60 mi/hr = 88 ft/scc 
vj = 0 
s = 2000 ft 


Using Eq. (5), 


Using Eq. (2), 


las = 02 2 — 

2o(2000 ft) = 0 - (88 ft/sec) 2 

— (88 ft/scc) 2 
= ~2(2000 ft) 


— 1.9 ft/sec 2 


vj — Vl 
a 

0 — 88 ft/scc 
— 1.9 ft/sec 2 


46 sec 


Freely Falling Bodies; Acceleration Due to Gravity. I he most com¬ 
mon example of uniformly accelerated motion is the motion of a body falling 
freely, that is, a body which is falling under the action of its weight alone. 
If a stone is dropped, it falls to the earth. If air resistance is negligible, the 

stone is uniformly accelerated. 

The acceleration of freely falling bodies is so important and so frequently 
used that it is customary to represent it by the special symbol g. At sea level 
and 45° latitude, g has a value of 32.17 ft/scc 2 , or 980.6 cm/sec 2 . For our 
purposes it is sufficiently accurate to use g = 32 ft/sec 2 or 980 cm/scc 2 . 

The value of g is not quite the same at all places on the earth. Since the 
weight of a body depends upon its distance from the center of the earth, the 
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acceleration of a freely falling body also depends upon this distance. At a 
given latitude the value is greater at sea level than at higher altitude. At sea 
level, the value is greater near the poles than at the equator. Locally there 

may be small variations because of irregularities in the 
layers of rock beneath the surface. Such local variations 
are the basis of one type of prospecting for oil. 

Since a freely falling body is uniformly accelerated, 
the five equations already developed for that type of 
motion may be applied when air resistance is neglected. 


sec 
0 © 
/ © 


2 © 


J © 


4 © 


v S 
ft/sec ft 

0 0 
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32 lb 


I 


64 64 


I 


96 144 


I 


128 256 


Fig. 1. Position and 
speed of a body fall¬ 
ing freely from rest 
after successive inter¬ 
vals of time. 


Example: A body starting from rest falls freely. What is 
its speed at the end of 1.0 sec? 

a = 32 ft/sec 2 

fli = 0 

/ = 1.0 sec 

Using Eq. (2), 

»2 = 0 i + at = 0 (32 ft/scc 2 )(1.0 sec) = 32 ft/sec 

Example: When starting from rest, how far docs a body 
fall during the first second? 

0i = 0 

a = 32 ft/'scc 2 
/ = 1.0 sec 

From Eq. (4) 

s — 0 | / + }£al- = 0 -f- f£(32 ft/sec*)(1.0 sec) 2 = 16 ft* 


I able I and Fig. 1 show the speed at the end of time t and the distance 

I • m m 


fallen during time / for a body that starts from rest. 


TABLE I 


Time /, 

Speed, ft /see. at 

! Distance, ft, 

see 

end of time t 

. 

fallen in time / 

I 

« 

1 

32 

16 

2 

j 64 

64 

3 : 

96 

144 

4 ; 

128 

256 


When, instead of falling from rest, an object is thrown with initial speed 
01 , tne In st term of Eq. (4) is no longer zero. If it is thrown downward, both 
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V\ and a have the same direction and hence are given the same algebraic sign. 
If, however, the object is thrown upward, is directed upward while a is 
directed downward, and thus the latter must be considered as negative. 

Example: A body is thrown upward with an initial speed of 40 ft/scc. Find the 
distance traveled during the first second, the speed at the end of the first second, and 
the greatest elevation reached by the object. 

v\ = 40 ft/scc 
a = — 32 ft/sec 2 
/ = 1.0 sec 

From Eq. (4) 

s = v x t + Mat 2 = (40 ft/sec) X (1.0 sec) + ^(-32 ft/scc 2 ) X (1.0 sec) 2 = 24 ft 
From Eq. (2) 

», = it. + at = 40 ft/scc + (-32 ft/scc 2 ) X (1.0 see) = 8.0 ft/scc 
At the highest point the object stops and hence 


From Eq. (5) 


Dt = 0 

2 as = vi 1 — v \ 2 

2( —32 ft/scc 2 ) i = 0 - (40 ft sec) 2 

— (40 ft/sec) 2 _ 
s = 2 ( — 32 ft/sec 2 ) “ 


This is the greatest elevation reached by the object. 

Terminal Speed. In the preceding discussion we have assumed that 
there is no air resistance. In the actual motion of every falling body this is 
far from true. The frictional resistance of the air depends upon the speed 
of the moving object. The resistance is quite small for the first one or two 
seconds but as the speed of fall increases the resistance becomes large enough 
to reduce appreciably the net downward force on the body and the acceler¬ 
ation decreases. After some time of uninterrupted fall, the body is moving so 
rapidly that the drag of the air is as great as the weight of the body, so that 
there is no acceleration. The body has then reached its terminal sf.eed, a speed 

that it cannot exceed in falling from rest. 

Very small objects, such as dust particles and water droplets, and objects 
of very low density and large surface, such as feathers, have very low terminal 
speeds; hence they fall only small distances before losing most of their 
acceleration. The effect of the air can be shown by an experiment in which 
a coin and a feather arc enclosed in a long tube. When the tube filled with 
air is inverted, the coin falls much faster than the feather. If the air is pumped 
out and the tube again inverted, the coin and feather fall together. 
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A man jumping from a plane reaches a terminal speed of about 120 mi/hr 
if he delays opening his parachute. When the parachute is opened, the 
terminal speed is reduced because of the increased air resistance to about 
14 mi/hr, which is about equal to the speed gained in jumping from a height 
of 7 ft. A large parachute encounters more air resistance than a small one 
and hence causes slower descent. A plane in a vertical dive without the use 
of its motor can attain a speed of about 400 mi/hr. 


SUMMARY 


Speed is distance per unit time 


s 

s = . 


A statement of velocity must specify the direction as well as the speed, for 
example, 25 mi/hr east, 30 ft/scc southwest. 

Acceleration is the rate of change of velocity. 


a — 


V2 — Pi 
t 


The equations of uniformly accelerated motion for the particular case in 
which the direction of motion remains fixed and the speed changes uni¬ 
formly are 

( 1 ) 
( 2 ) 


S = Dt 
t »2 — V\ = at 


-f- V-i 
V ~ --- 


s ~ V\t -|- l^at 2 
2. as = v>- — V\ 2 


(3) 

(4) 

(5) 

A vrc: 1 V ^ ~ Ky iS nnc that \z acted on by no forces of appreciable 

?. 7' ’--C ^ \~* V' ’r*' rpt 

- 1 n A; falling body at sea level and 45° latitude is 




T 


V 


J : 


1 . *. _ 


•- 11 1 ’ object is the vertical speed at which the force 

.to balance its weight. 

QUESTIONS 

o.iz v.hv the average speed of an object is %(vi Pj) 
Cc !erauon and is not true for variable acceleration. 

. w.a ! '■>!> -• n ~ n. : la 1 car throws a ball toward his companion on the other 
L ~ i -'; the velocity of the ball (j) relative to the companion and 
'X m e t~ the earth, when the car is moving (1) forward and (2) backward. 


!-vv h‘ 




1 * C070 
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3. An airplane travels in a straight line with constant speed at a fixed elevation 
above the ocean. Show why the velocity is not constant. What is the direction of the 
acceleration? 


4. Sketch rough curves to illustrate the velocity as a function of time for the 
following cases: {a) baseball thrown vertically upward, beginning with the start of 
the motion in the pitcher’s hand; (A) an elevator starting upward from rest in a high 
building; (c) a train approaching a station. (Consider upward velocities as positive 
and downward velocities as negative.) 

5. Show by a vector diagram how much the smokestack on a moving train caboose 
would have to be inclined in order for a vertically falling raindrop to pass through 
the stack without hitting the sides. 

6. Cite some examples of (a) uniform motion, ( b ) uniformly accelerated motion, 
and (c) nonuniformly accelerated motion. 

7. Can a body have a velocity without an acceleration? Can it have an accelera¬ 
tion with zero velocity? Give examples. 

8. Cite an example to show that it is possible for an object to have an acceleration 
without its speed changing. 

9. Identify a motion that occurs in nature in which an object has a velocity (not 
zero) but has zero acceleration. One in which the acceleration is nearly constant. One 
in which the acceleration varies from point to point in the motion. 

10. An iron ball and a ball of putty fall from a distance and strike a concrete pave¬ 
ment. Describe the acceleration of these objects after they hit the pavement. 

11. A marble rolls with negligible friction down an inclined plane. Show by means 
of a vector polygon how the acceleration parallel to the plane may be expressed in 
terms of the geometrical dimensions of the plane. Galileo referred to this experiment 
as “diluting gravity.” Show why this is an appropriate designation. 

12. If we call the upward direction positive, what sign should be given to the 
velocity and acceleration of a ball (a) just after it is thrown vertically upward? (b) at 
the highest [joint of its path? ( c) when it is falling? 

13. A body is thrown vertically downward with an initial velocity and falls freely 


thereafter. Sketch rough curves to show the following relations: acceleration vs. 
distance; speed vs. time; distance fallen vs. time; speed vs. distance fallen. 

14. State two reasons why the value of g is different at various places on the earth. 
What would one expect about this value on the moon? on the sun? 

15. A light object is dropped from a stationary dirigible. Taking air resistance into 
account, show by a rough graph how the speed of the object varies with time. 

16. If a body falls from a great height, can its speed reach a maximum value and 
thereafter decrease? Explain. 

17. A body is thrown vertically upward. If air resistance is considered, is the time 
during which the body rises longer or is it shorter than the time during which it falls? 


PROBLEMS 

1« A racing automobile travels around a half-mile track in 26.54 sec. What is its 
average speed in miles per hour? in feet per second? 
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2. A runner A can run the mile race in 4.25 min. Another runner B requires 4.55 

min to run this distance. If they start out together and maintain their normal speeds, 
how far apart will they be at the finish of the race? Arts. 355 ft 

3. When a batter struck a ball, its velocity changed from 150 ft/scc west to 150 
ft/sec east. What was (a) the change in speed? (b) the change in velocity? 

4. A steamboat travels in still water with a speed of 15.50 mi/hr. How long will 
it take to travel 50.0 mi? If there is a river current of 2.25 mi/hr, what time is required 
to travel this distance when the travel is (a) upstream? ( b ) downstream? 

Ans. 3.22 hr; 3.79 hr; 2.82 hr 

5. An airplane normally cruises at 200 mi/hr. There is a southwest wind blowing 
at 50 mi/hr. The pilot wishes to reach a place 500 mi north of his starting point. What 
course must he set and how long will it take him to arrive? 

6. A car travels with a constant velocity of 30 mi/hr north for 15 min. It then 

quickly speeds up to 50 mi/hr and maintains this velocity for 30 min. What is the 
average velocity for the whole period? Ans. 43 mi/hr north 

7. A speedboat can normally travel at 25.0 mi/hr. The boat heads away from a 
pier at an angle of 70° with the shore line. A tide of 3.65 mi/hr is running toward the 
shore. How far will the boat travel in 15.0 min? Where will it be with respect to its 
starting point? 

8. A train starts from rest and at the end of 90 sec has a speed of 45 mi/hr. What 

is its acceleration? Ans. 0.73 ft/sec 2 

9. A car changes its speed from 20 mi/hr to 30 mi/hr in 5.0 sec. Express the 
acceleration in miles per hour per second, feet per minute per second, and feet per 
second per second. 

10. The initial speed of a car having excellent brakes was 30 mi/hr (44 ft/sec). 
When the brakes were applied, it stopped in 2.0 sec. Find the acceleration. 

Ans. —22 ft/sec 2 

11. An automobile starts from rest and accelerates 2.0 m/scc 2 . How far will it 
travel during the third second? 

12. An automobile has i speed of 60 mi hr. When the brakes arc applied, it.slows 

to 15 mi/hr in 4.0 sec. What is the acceleiation? How far does it travel during the 
fourth second? Ans. — 16 ft/scc 2 ; 32 ft 

13. A train has a speed of 60 ft sec at a given instant and 12.0 sec later its speed is 
42 ft see. What is its arcele ation, assuming it to be constant? After how long a time 
\\iii th ■ train come to rest? How far will it travel after the first instant mentioned? 

14. A body slides down a frictionless incline 10.0 m long. If the incline makes an 
angle ol 30.0° with the horizontal, calculate (a) the time of descent, ( b ) the speed with 
wiu;h it reaches the bottom, and (<) the distance traversed during the second second 

•iter it starts from rest. Ans. (a) 2.02 sec; (6) 990 cm/sec; (c) 735 cm 

15. An object slides down a frictionless plane inclined at an angle of 60° to the 
horizontal, (a) it the plane is 30.0 ft long, how long will it take lor the object to reach 
the loot ol the plane? (/<) How far will it travel along the horizontal frictionless surface 
at the fool of the plane in 3.00 sec? 

16. A train has a speed ol 30 mi hr. The brakes arc applied, and a uniform 
retardation of 4.0 It/sec- is obtained. Find («) how long it will be before the train 
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comes to rest, ( b ) the distance traversed in coming to rest, and (c) the distance 
traversed during the fifth second after the brakes are applied. 

Arts. 11 sec; 242 ft; 26 ft 

17. A body slides down a frictionlcss inclined plane and during the third second 
after starting from rest it travels 19.4 in. What is the inclination of the plane? 

18. How high will a body rise that is projected vertically upward with a speed of 
100 ft/sec? How long will it take for the body to reach its maximum height? 

A ns. 156 ft; 3.1 sec 

19. A stone is thrown vertically upward with an initial speed of 96 ft/'sec. (a) How 
long does it continue to rise? ( b ) How high does it rise? 

20. How high will a body rise if it is projected vertically upward with a speed of 

1540 cm/sec? How long will it rise? A ns. 1210 cm; 1.60 sec 

21. What vertical speed will cause a ball to rise 16 ft? 64 ft? 

22. A baseball is thrown vertically downward from the top of a cliff 500 ft high 

with an initial speed of 100 ft/sec. (a) What will be the speed after 3.00 sec? (/;) After 
how long a time will the ball reach the ground? A ns. 196 ft, sec; 3.26 sec 

23. A stone is thrown vertically downward from the top of a tower 100 m high 
with an initial speed of 30 m/ sec. What is its speed at the end of 2.0 sec? How long a 
lime is required to reach the ground? With what speed does it strike the ground? 

24. A stone is thrown vertically upward with a speed of 160 ft sec. How high will 

it rise and when will it return to the ground? Ans. 400 ft; 10 sec 

25. A stone is thrown from the ground to the top of a flagpole. It returns to the 
ground after 5.0 sec. How high is the pole? 

26. A balloon which is ascending at the rate 12 m/sec is 80 m above the ground 

when a stone is dropped. How long a time is required for the stone to reach the 
ground? A,IS - 5 4 scc 

27. From a balloon, which is ascending at the rate of 32 It sec, a stone is dropped 
and reaches the ground in 16.0 sec. How high was the balloon when the stone was 
dropped? 

28. A stone is dropped from a high altitude, and 3.00 sec later another is projected 

vertically downward with a speed of 150 ft/sec. When and where will the second 
overtake the first? A,IS - 5 70 scc; 520 ft 

29. A bullet is shot vertically upward with a speed of 320 ft/sec and 4.0 sec latei a 
second bullet is shot upward with a speed of 190 ft/sec. Will they ever meet? If so, 
where? 

30. An elevator is ascending with an acceleration ol 4.0 ft/sec*. At the instant its 
upward speed is 8.0 ft/sec a bolt drops from the top of the cage 9.0 ft from the floor. 
Hnd the time until the holt strikes the floor and the distance it has fallen. 

Ans. 0.71 sec; 2.3 ft 

31. Calculate the sjx'cds with which a bomb will hit a battleship 300 It below if 
the bomb is projected from a stationary dirigible {a) with an initial vertical velocity 
of 25.0 ft/sec vertically upward and (0) with an initial vertical velocity of 25.0 ft/sec 
vertically downward. 

32. A cork is thrown vertically dow nward from a dill which is 1500 ft high. I he 
initial s|x*ed of the cork is 170 ft/sec. Air friction produces a uniform acceleration of 
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13.33 ft/sec 2 , until the cork reaches a terminal speed of 10 ft/sec. How long will it take 
for the cork to reach the bottom of the cliff? Arts. 54 sec 

33. A raindrop has its terminal speed of 50.0 ft/sec just as it reaches the surface of 
the earth. A certain drop enters a well which is 300 ft deep. If sound travels at 1125 
ft/sec, how long will it take after the drop enters the well for an observer to hear the 
drop strike the water at the bottom of the well? 




HENRI 

ANTOINE 

BECQUEREL 

1852 to 1908 


BORN IN PARIS. PROFESSOR AT THE PARIS POLYTECHNIC SCHOOL. 
AWARDED, WITH THE CURIES, THE 1 903 NOBEL PRIZE FOR 
PHYSICS FOR HIS DISCOVERY OF SPONTANEOUS RADIOACTIVITY. 


4 . Force and Motion 


In our study of statics (Chap. 2) we examined that branch of mechanics 
which deals with the balance or equilibrium of forces on objects which remain 
at rest (or which arc moving with constant velocity). The motion of a body 
generally involves acceleration. In Chap. 3, we found equations for describ¬ 
ing uniformly accelerated motion. We shall now seek, in the study of classi¬ 
cal dynamics, to analyze accelerated motion in terms of the forces that 
produce it. 
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Newton’s three laws of motion prove to be adequate in the solution of all 
problems of motion ordinarily encountered in engineering. 

When a body is at rest, we know from experience that it will remain at 
rest unless something is done to change that state. We walk without fear 
in front of a standing locomotive because we know that it will not suddenly 
move. A heavy box on the floor will stay in place unless it is pushed or pulled. 
We must exert a force upon it to change its motion, that is, to give it an 
acceleration. 

We readily accept the fact that no body can be set in motion without 
having a force act upon it. It may not be as easy to accept the equally true 
fact that a body in motion cannot change its motion unless a force acts on it. 
We seldom if ever observe a body that has no force acting on it. 

A box resting on the floor has more than one force acting on it, but they 
do not produce a change in motion. A rather large force must be exerted to 
start the box moving, and it stops quickly when the force is removed. If the 
box is mounted on wheels, a smaller force is required to start it, and it con¬ 
tinues to move longer. If more care is taken to reduce the resistance (friction) 
of the floor to the motion, it becomes easier to start the box, and it continues 
to move more readily. We are finally led to the conclusion that if the resist¬ 
ance of the floor could be entirely removed any horizontal force could start the 
box moving and once started it would continue to move indefinitely unless 
a force were exerted to slop it. The property of a body by virtue of which a 
force is required to change its motion is called inertia. 

The Law of Inertia: Newton’s First Law. The conclusion which has 
been reached regarding the need of a force to change the motion of a body 
was stated by Sir Isaac Newton (1642-1727). There is no change in the motion 
of a body unless a resultant force is acting upon it. If the body is at rest, it will 
continue at rest. II it is in motion, it will continue in motion with constant 
speed in a straight line unless there is a net force acting. This law of inertia 
is usually called A citloiis fust law of motion. It is the purely negative statement 
that no acceleration will occur without a force to cause that change. 

Mass, by the mass of a body is meant the numerical measure of its 
inertia, in terms oi an arbitrary standard mass, for example, the standard 
kilogram (Chap. 1). 

In piinciple, the mass ol a body could be determined by measuring its 
interaction with the standard body when both were very far away from all 
v>ihei bodies in the universe. The masses would be in the inverse ratio of 

the accelerations produced by the mutual gravitational attraction of the two 

bodies. 


More practically, we can compare the test body and the standard kilogram 
on an equal-arm balance when both are attracted by the earth. The force 
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of gravity acts on all bodies in proportion to their masses. The operation of 
weighing in the balance determines the mass of the test body. The mass is 
independent of the location of the body. The mass of a body is constant 
unless we add matter or remove it. In contrast, the weight of the body, the 
earth-pull on it, depends on the location of the body on the earth and of 
course would be quite different on another planet. 

Force and Acceleration: Newton’s Second Law. Whenever a net (unbal¬ 
anced) Jorce acts on a body , it produces an acceleration in the direction of the force , an 
acceleration that is directly proportional to the force and inversely proportional to the 
mass of the body. 

If successively greater forces are applied to a given body, correspondingly 
greater accelerations are produced. A given force applied in turn to several 
different bodies will produce accelerations inversely proportional to the 
masses of the bodies. 

According to the second law, the following proportions may be written 


and 


a oc F 


a cc 



These proportions may be combined as 

F 

a cc — 
m 

and written as an equation 

F = kma (1) 


In Eq. (1) any unit of force, any unit of mass, and any unit of acceleration 
can be used provided the proper value is assigned to the constant k. In 
general, a different value of k would have to be assigned for each combination 
chosen. For simplicity, it is customary to use a system of units for which k 
has a value of one. 

Systems of Units. In Chap. 1 we observed that three fundamental 


quantities are required to set up a system of units in mechanics. I he choice 
of these fundamental quantities is rather arbitrary, and the kind of units set 
up depends upon the choice. Commonly', the fundamental quantities are 
length, mass, and time. Another system of fundamental quantities utilizes 


length, force, and time. 

Mass is independent of the place at which observation is made, and hence 
a system of units based on length, mass, and time is called an absolute system. 
In the alternative choice, length, force, and time, the force commonly 
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m = 1GM 


F=/DYNE 


a=! CM/SEC 2 

Fig. 1 . F — ma. 


chosen is a gravitational force, or weight, and hence the system of units is 
called a gravitational system. 

Absolute Systems of Units. In an absolute system of units, the three 
fundamental units of length, mass, and time are arbitrarily assigned, as 
described in Chap. 1. Three systems are commonly set up. In the cgs system, 

the centimeter, gram, and second are the funda¬ 
mental units. From these units we have derived a 
unit of acceleration, the centimeter per second per 
second. By the use of Eq. (1) we can derive a unit 
for force, conveniently one of such size that the con¬ 
stant k has a value of unity. If m is 1 gm and a is 
1 cm/sec 2 , then k will be 1 if there is unit force. We 
therefore define a unit, the dyne, such that the dyne is the net force that will 
give to a mass of 1 gm an acceleration of 1 cm/scc 2 . 

When this set of units is used, Eq. (1) becomes 

F = ma (2) 

Equation (2) is not a general equation since it can be used only when a con¬ 
sistent set of units is employed. 

When the fundamental units are selected as the meter, kilogram, and 
second, a new system of units, the mks, results. In this system the unit of 
acceleration is the met-'r per second per second. As before, we can derive a 
unit of force that makes k of Eq. (1) unity. The newton is the force that will 
give to a mass of 1 !:g an acceleration of 1 m sec 2 . From the method of 
defining the unit of fore? >ve see that this set of units can also be used in 
Eq (2). I*he mi. \ s m of units war adopted by an international conference 
in 1-?0 to suj. pleat the s\ tern. 1 he principal advantage of the mks system 


is mat it 
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t+r.t ’ 
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'} the electrical units in common use. 
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’ \ ' is based upon the foot, pound, and second. In it 
mass, and as before a unit of force is defined to 
■ in • pour dal is the force that will give to a mass of 
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.in the British 
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finite. In a gravitational system the funda- 
•i in terms of the pull of the earth upon an arbi- 
i'.. ~ r urn-force is defined as one-thousandth the pull 
.iiogran- ax a place where g has a value of 980.665 
-‘on d 'vftcin the unit of mass is derived from Eq. (1). 
. cd n cg« gravitational unit of mass. This nameless 
• ‘‘vh gram-force would give an acceleration of 1 

. i -.oti il system the fundamental unit, the pound (lb), 
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is 1 /2.2046 the force with which the earth pulls on a standard kilogram at a 
place where g is 32.17398 ft/sec 2 . In this system we define a unit of mass, the 
slug, from Eq. (1). The slug is the mass to which a force of 1 lb will give an 
acceleration of 1 ft/sec 2 . 

Choice of Units to be Used. We have outlined five systems of units each 
of which is consistent, logical, and suitable for use in Eq. (2). It is unfortunate 
that in the different sets of units the same word is used to designate a unit of 
mass in one set, but a unit of force in another. Therefore throughout the 
mechanics section of this book we shall omit completely reference to the 
British absolute system and to the cgs gravitational system. \V henever the 
term gram is used, it will refer to mass. Whenever the term pound is used, it 
will refer to force. 

Relation between Mass and Weight. When a body falls freely, the only 
force acting on it is its weight. This net force produces the acceleration g 
observed in freely falling bodies. From Eq. (1), we obtain 

W = kmg 

If we use units that are consistent with Eq. (2), the value of k is unity and 

W = mg 

or 



Hence in Eq. (2), W/g can always be substituted for m, and in the British 
gravitational system we commonly compute the mass in slugs from Eq. (3). 
. Table I lists consistent sets of mechanical units. 

TABLE I. CONSISTENT SYSTEMS OF UNITS 
FOR NEWTON’S SECOND LAW 

In each set the starred unit is the one usually defined from the second law so as to 

make k = 1 in F = kma 


Name of system 

Unit of mass 

Unit of force 

Unit of acceleration 

Mks (absolute). 

kilogram 

gram 

No name assigned 
m = W/g 
pound 
slug* 

W/g 

newton * 

dyne* 

gram 

poundal* 

pound 

Same unit as that 
used for W 

meter/second 2 
centimeter/second- 
centime ter/second 2 

foot/sccond 2 

foot/second 2 

Same unit as that 
used for g 

Cgs absolute. 

Cgs gravitational. 

British absolute.| 

British gravitational. . . 
Any system. 








4 8 


COLLEGE PHYSICS 


Example: A net force of 500 dynes is applied to an object with a mass of 175 gm. 
What acceleration is produced? 


From Eq. (2) 




F 

m 


[ 


F = ma 

500 dynes _ 500 gm-cm/scc j = 2 _ g6 cm/scc , 
175 gm 175 gm 

gm-cm ~i 

Note: From Eq. (2), 1 dyne = 1 2 — j 


Example: A cycle and rider together weigh 186 lb. When moving at 10 mi/hr on 
a level road, the rider ceases to pedal and observes that he comes to a stop after 
traveling 200 yd. What was the average frictional force resisting his motion? 


—z/ 2 = 2 as 
-t/ 1 

* = -27 

W 

m ~ g “32 ft/sec 


= - 0° Mi/M* = r < 14 - 7 ft / sec ^ = _ 0.18 ft/sec J 


2 X 200 yd 

186 lb _ _ . 

2 = 5.8 slugs 


1200 ft 


F = ma = (5.8 slugs)(0.18 ft/scc 2 ) = 1.0 lb 

Weight and Acceleration. When a body falls freely, the net force acting 
i it, its weight, produces the acceleration g. If we substitute this force and 



a=g=32 H'/SEC 2 

A 


W=] LB 

— 



W=32LB 


F=1 LB 


F=*JLB 


a *=J FT/SEC 2 


r o r W 

Fig. 2. /• = — a. 

? 


acceleration in F,q. (1), wc obtain 

II’ — kmg 

If another nel force F is applied to the same body, a different acceleration a 
will be produced 

_F = a 

\V 


a 


r W 
r = — a 

g 


(4) 


This new equation docs not contain mass explicitly but gives the relation¬ 
ship between two forces F and W and their corresponding accelerations. 
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Any units of force can be used so long as F and W are expressed in the same 
units in any one problem. Likewise a and g must be in the same units. 

Example: A net force of 5.0 lb acts upon a body that weighs 20 lb. What 
acceleration is produced? 

From Eq. (4) 


a 

Procedure in the Solution of Problems. In applying the second law 
of motion to the solution of practical problems, much difficulty can be 
avoided by following a definite procedure. In solving any problem involving 
force and motion, the following steps arc recommended: 

1. Make a sketch showing the conditions of the problem. Indicate on it 
dimensions or other data given in the problem. 

2. Select for consideration the one body whose motion is to be studied. Construct 
a force vector diagram, entirely separate from the sketch showing the objects 
and their spatial relations. On this force diagram, represent by vcctois acting 
at a point all the forces acting on the body that has been selected. II any forces 
are unknown, represent them also as vectors and label them unknown 
quantities. 

3. From the vector diagram, find the resultant force acting on the bod>. 
This is the F of Eq. (2). 

4. Find the unknown acceleration from the relation F = rna. If the weight 
of the body is given, compute m from m = H g. If the problem asks for a 
distance, velocity, or time, apply the equations of accelerated motion 
(Chap. 3) as required. 

Example: A 100-lb block rests at the top of a smooth plane w hose length is 200 in. 
and height 50 in. How long will it take for the block to slide to the bottom of the 
plane when released? 


r W 
F = — a 

g 

5.0 lb X 32 ft/sec 2 
20 lb 


= 8.0 ft ■'sec 2 



Fig. 3. Inclined plane. 


As indicated in Fig. 3, the forces acting on the block are the weight IV downward, 
and the force A of the plane against the block, this force being perpendicular to the 
Plane. The resultant (unbalanced) force is F t parallel to the plane. The force triangle 
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and the space triangle representing the inclined plane are geometrically similar. The 
ratios of corresponding sides in these similar triangles give the equation 

F 50 in. 

W ~ 200 in. 

F = W A° ^- = 100 lb X AA = 25 lb 


200 in. 

W _ 100 lb 

g ~ 32 ft/sec 2 




200 
= 3.1 slugs 


From Eq. (2) 


_ F _ 


25 lb 


m 3.1 slugs 


= 8.0 ft/sec 2 


The time of descent is determined from s = M** 2 since the block starts from rest 


' - v? - v 


2 X 200 in. 


(12 in./ft) (8.0 ft/scc 2 ) 


= 2.0 sec 


Example: A 60.0-lb block rests on a smooth plane inclined at an angle of 20 wit t 
the horizontal (Fig. 4). The block is pulled up the plane with a force of 30.0 lb. 
parallel to the plane. What is its acceleration? 



Fig. 4. Determination of unbalanced force acting on block. 


Here three forces are acting on the block. Its weight M is 60 lb downward. The 
force of the plane on the block is a thr st .V normal to the plane. There is a pull P 
parallel to the plane. Addition of these vectors by the polygon rule shows an un- 
la meed force F actios; on the block parallel to the plane. o 

The weight of the block may be resolved into components of 60.0 lb X cos 20 
norma: to ;iv ,1 a.' anc 60.0 lb X sin 20 ? parallel to the plane. The normal com- 

I'oncr.t h bilinccd be die force A. Hence the unbalanced force F parallel to the 

<• * 

plane aud directed up the plane is 



30.0 



E rom Eq. (2) 


- 60.0 lb X sin 20° = 

l£ _60.0 lb 

771 "" g 32 ft/sec 2 


30.0 lb - (60.0 X 0.342) lb 
(30.0 - 20.5) lb = 9.5 lb 

= 1.87 slugs 


a — 


i 

m 


9,5 lb 
1.87 slugs 


= 5.1 ft/sec 2 
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Note that if the angle were 30°, the component of the weight down the plane would 
be equal to the force up the plane and there would be no unbalanced force acting on 
the block. Hence it would not be accelerated. » 

If the angle were greater than 30°, the block a-8ft/sec 2 \ 

would be accelerated down the plane. I I 


Example: A 160-lb man is in an elevator 
(Fig. 5) which is accelerated upward 8.0 
ft/sec 2 . What force does the floor of the 
elevator exert on him? 


W=!60/b 


ma - 40 lb 


If the elevator were stationary, the man JJj I 

would be in equilibrium and the floor would . f .. 

; Fig. d. An example of Newtons 

exert a force of 160 lb upward. To accelerate ^ ^ Uws 

the man upward requires an additional force. 

The additional force is calculated from Newton s second law. 


m = 


W 160 1b CA . 

« - Mlt/sec’ " 5 '° S1U|?S 


From Eq. (2) 


moo lb 


16400 lb 


F = ma = (5.0 slugs) (8.0 ft/sec 2 ) = 40 lb 

The total force is F = 160 lb -4- 40 lb = 200 lb, 
exerted upward on the man by the elevator floor. 

Example: A 2.0-ton elevator is supported by a 
cable that can safely support 6400 lb. What is the 
/£ shortest distance in which the elevator can be 

brought to a stop when it is descending with a speed 
of 4.0 ft/sec? 

2400/b-F The maximum net force acting on the elevator 
40001b (Fig. 6) is 

6400 lb — 4000 lb = 2400 lb (upward) 


„ From Eq. (4), the acceleration produced is 

fio. 6. Finding unbalanced 

force from vector addition of /•> (2400 lb)( — 32 ft/sec 2 ) _ 2 

“ = F =-4600 li t/scc 

I'hc time required to stop the elevator is 

if, - t,, 0 - 4.0 ft/sec = scc 

1 a -19 ft/sec 2 

In this time the elevator will have covered a distance 




(4.0 ft/sec + 0) 


) (0.21 sec) = 0.42 ft 
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Example: Two bodies having masses m, = 30 gm and m 2 - 40 gm are attached 
to the ends of a string of negligible mass and suspended from a pulley as shown in 

Fig. 7. Find the accelerations of the bodies and the tension in 

the string. 

Consider the body of mass mi. Two external forces act on it, 
the weight m \g and the upward pull T of the string. Let us 
call downward-directed force and acceleration vectors posi¬ 
tive. Since T is larger than mi g, upward acceleration will 
\ occur, and we may write 

' Fi = m\g — T — mifli 



Fig. 7. A problem 
requiring application 
of the equations of 
motion to two bodies. 


Now consider the body of mass m 2 . It is subjected to a 
downward force m*g and a smaller upward force T. Hence 
its acceleration (downward) may be determined from 


F-> = mig — T = m*Z2 

Since the two bodies arc connected by a string, we may write 



By subtraction of the first two equations, 

niig ~ niig = (wiai — m--a 2 ) = —(mi m 2 )a 2 

a 2 = - g = X 980 cm/sec 2 = 140 cm/sec 2 


mi + m 2 


0 gm 


To find the tension T in the string, consider the body of mass m 2 . The forces on 
it are rn 2 g downward and T upward. The net force m«g — T downward is sufficient 
to produce the acceleration found above. 


T = 


rr.2g - T 
40 gm X 980 crn/scc 2 — T 
40 gin (980 cm/sec 2 — 140 cin/scc 2 ) 


- Tfl 2^ 2 

= 40 gm X 140 cm/sec 2 
= 35,000 gm-cm/sec 2 = 35,000 dynes 


1 lie same result will be obtained if the forces on mi alone are considered. 


Alternate solution: I here arc two bodies having a total mass (m t -f ^ 2 ). A resultant 
force F acts, equal to the difference of their weights (m 2 g — m^g). Hence 

F = mjg — m x g = ("b -f m 2 )a 
or 

— mi 

a --:- c 

m 2 + m t 

This treatment gives the same result as that obtained above for the acceleration. 

Reacting Forces: Newton’s Third Law. For every acting force there is a react- 
ni 5 force that is equal in magnitude but opposite in direction. Here the term acting 
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force means the force that one body exerts on a second body, while reacting 
force means the force that the second body exerts on the first. 1 here can be 
no force unless two bodies are involved. It should be remembered that acting 
and reacting forces though equal in magnitude and opposite in direction, 
can never neutralize each other for they always act on different objects. In 
order for two forces to neutralize each other, they must act on the same object. 

When a baseball bat strikes a ball, it exerts a force on the ball while the 
two are in contact. During the same time the ball exerts a force of the same 
magnitude but opposite in direction on the bat. A freely falling body is 
accelerated by the net force with which the earth attracts the body. The earth 
in turn is accelerated by the opposite reacting force the body exerts on the 
earth. Because of the great mass of the earth this acceleration is too small to 
be observed. In throwing a light object one has the feeling that he cannot put 
much effort into the throw for he cannot exert any more force on the object 
thrown than that object exerts in reaction against his hand. This icacting 
force is proportional to the mass of the object (F °c m) and to the acceleration 
{Fa: a ). The thrower’s arm must be accelerated along with the object 
thrown; hence the larger part of the effort exerted in throwing a light object 

is expended in “throwing” one’s arm. 

When one steps from a small boat to the shore, he observes that the boat 

is pushed away as he steps. The force he exerts on the boat is responsible for 
its motion; while the force of reaction, exerted by the boat on him, is respon¬ 
sible for his motion toward the shore. The two forces arc equal in magnitude 
and opposite in direction, while the accelerations which th<\ produce (in 
boat and passenger, respectively) are inversely proportional to the masses 

of the objects on which they act. 1 hus a large 
boat will experience only a small acceleration 
when one steps from it to shore. 

A book lying on a table is attracted by the 

earth. At the same time it attracts the earth, 

so that they would be accelerated toward each 

other if the table were not between them. 

Hence, each exerts a force on the table, and, 

in reaction, the table exerts an outward force on each of tin m cc ping t um 

a part. It is interesting to note that the table exerts outward forces on t le 

book and the earth by virtue of being slightly compressed by the pair of 
# * 
inward forces, which they exert on it. 

Example: A 0.96-lb ball A and a 1.28-lb ball H are connected by a stretched spring 
of negligible mass as shown in Fig. 8. When the two balls are released simultaneously, 
the initial acceleration of 2Hs 5.0 f./sec’ westward. What is the initial acceleration 
Of A? 



4 B 

Fig. 8. Acceleration inversely 
proportional to mass. 
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m A = 


ms — 


<*a = ( — 


v TUB 
a B) ~ 

' TTIa 


Zi . = 0.030 slug 

g 32 ft/sec 2 

Z- _ = 0.040 slug 

g 32 ft/sec 2 ^ 

TTIa^A — TTIb(~Ob) 


= - 5.0 


ft 0,040 slug 
«^T 2 X 0.030 slug 


= — 6.7 ft/sec 2 


The acceleration is eastward. 

Universal Gravitation. In addition to the three laws of motion, Newton 
formulated a law of great importance in mechanics, the law of universal gravi¬ 
tation. Every particle in the universe attracts every other particle with a force that is 
directly proportional to the product of the masses of the two particles and inversely pro¬ 
portional to the square of the distance between them. This relation may be expressed 
symbolically by the equation 

Gm \m<i 


F = 


( 5 ) 


where F is the force of attraction, m i and m 2 are the respective masses of the 
two particles, s is the distance between them, and G is a constant called the 
gravitational constant. The value of G depends upon the system of units used 
in Eq. (5). If force is expressed in dynes, mass in grams, and distance in 
centimeters, G has the value 6.664 X 10~ 8 cm 3 /gm-sec 2 . , 

Newton checked his law of gravitation by calculation upon the orbit of 
the moon With the approximate data at his disposal he still found reasonable 
agreement between his computations and observations. Careful measurement 
of the force of attraction between small bodies has established the validity 
of the law of universal gravitation and led to the determination of the value 
of G given above. 

Two k.w! 1 )L>. whose masses are 5200 gm and 250 gm are placed with 
the r centers 5C.0 ; > . N't ith what force do they attract each other? 





mi m« 
s- 


F - (6.664 X 10 - 


cm’/ gm-sec 


5200 gm X 250 gm 


3.46 X 10-* dyne 


SUMMARY 


* j 


The relation between forces and the motions produced by 
•scribed by Newton in three laws of motion. They are 


them was 
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1. A body at rest remains at rest and a body in motion continues to move 
at constant speed in a straight line unless acted upon by an external, unbal¬ 
anced force. 

2. An unbalanced force acting on a body produces an acceleration in the 
direction of the net force, an acceleration that is directly proportional to the 
force and inversely proportional to the mass of the body. 

3. For every acting force there is a reacting force equal in magnitude but 
opposite in direction. 

The relation expressed in Newton’s second law may be written in equation 
form as 

F = kma 

where F, m, and a can be in any units, provided that the proper value is 
assigned to k 
or 

P = ma 

where one can use only those consistent sets of units in which one of the units 
is defined in such a manner as to make k = 1. One such consistent set is F 
in dynes, m in grams, and a in centimeters per second per second. 

The dyne is defined as the force that will impart to a 1-gm mass an accelera¬ 
tion of 1 cm/sec 2 . 

A newton is defined as the force that will impart to a 1-kg mass an accelera¬ 
tion of 1 m/sec 2 . 

The slug is the mass to which a force of 1 11) will give an r 'celeration of 
1 ft/sec 2 . 

W 

In the equation F = — a , any units can be used as long as die force F and 
weight W arc in the same units of force and a and g are in the same units of 

acceleration. 

The law of universal gravitation expresses the fact that every particle attracts 
every other particle with a force directly proportional to the product of their 
masses and inversely proportional to the square of the distance between them. 

In equation form 

F = G — 

QUESTIONS 

1. Why does a loaded coal truck start more slowly than an empty truck' 

2. Consider an object on a frictionlcss plane. 

a - If the mass is 1 gin and the force 1 dyne, the acceleration is-- 
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b. If the mass is 1 gm and the force 5 dynes, the acceleration is-. 

c. If the mass is 5 gm and the force 10 dynes, the acceleration is-- 

d. If the weight is 32 lb and the force 1 lb, the acceleration is- 

e. If the weight is 320 lb and the force 20 lb, the acceleration is-- 

/. If the weight is 500 lb and the force 10 lb, the acceleration is-- 

g. If the mass is 10.0 gm and the force 9800 dynes, the acceleration is- 

3. An automobile, starting from rest, increases its speed uniformly until it reaches 
a speed of 40 mi/hr. After a time the machine is brought to rest again. Is the force 
required to stop the car necessarily equal to the force that brought it up to the stated 
speed? Explain. 

4. Which is greater, the attraction of the earth for a pound of lead, or the attrac¬ 
tion of the pound of lead for the earth? 

5. Why is one less likely to be injured when jumping from an elevation if he lands 
in sand rather than upon a stone pavement? 

6. If an elevator supported by a cable is stopped quickly, it may oscillate up and 
down. Explain. 

7. Does the seat on a roller coaster always support exactly the weight of the 
passenger? Explain. 

8. Suppose an aviator is in his plane, the plane being at rest on the ground. Point 
out how one or more of Newton’s laws of motion are illustrated by (or can be applied 


to) the man. 

9. Apply Newton’s laws of motion to an aviator in steady flight. Apply them when 
he is falling from his plane both before and after his parachute opens. 

10. What experiences are responsible for our first ideas about the nature of force? 

Are they aclcquai- -is a means of defining force? 


11. Stale some commonly recognized efTccts of force on material bodies, giving an 

irr.plc of each. 

12. Li/ 'h'ir-rrn effects may the magnitudes of forces be compared? Of these, 

v. r • in defining an absolute standard of force? Why? 
i 1 • . ir c. “equal and opposite,” why can they never 


11. 

exarni; 
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v motion, what is an unbalanced force? 

" motion, explain how a body can be set in 

• j.Jcr toward die north pole, what will be the 


> . 


,. -1 


\.ou»l 


* i he center of the earth is 3963.34 mi at the 
•ii: * ’ he poles. Suggest an experiment by which this 
.ic rth might be obtained. In view of it, what is 
r.o 1 is there for the statement sometimes made 

ov uphill' 

. . • 'lia bodv on route from the earth to the moon vary.'' 
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PROBLEMS 

1. A car starts from rest and is uniformly accelerated at 2.0 ft/sec 2 . In how many 

seconds will it attain a speed of 30 mi/hr? 

2. An airplane in taking ofT from a field makes a run of 2300 ft and leaves the 

ground in 15.0 sec from the start, (a) What is its acceleration, assumed constant? ( b ) 
With what speed does it leave the ground? Ans. 20.4 ft sec*; 210 mi/hr 

3. A 500-lb projectile acquires a speed of 2000 ft/sec while traversing a cannon 
barrel 16.0 ft long. Find the average acceleration and the accelerating force. 

4. A 10-gm rifle bullet acquires a speed of 400 m/sec in traversing a barrel 50 cm 

long. Find the average acceleration and accelerating force. 

Ans. 1.6 X 10 7 cm/scc 2 ; 1.6 X 10 8 dynes 

5. With what steady force must a 3.0-ton boat be pulled toward the dock in order 
to move the boat through the water 10 ft in 5.0 sec, starting from rest, il friction is 
neglected? 

6. A rifle bullet (mass 10 gm) acquires a speed of 750 m sec in a rifle barrel 
50 cm long. What is the average force exerted on the bullet? Ans. 56 X 10' dynes 

7. In towing a 5.00-ton trailer along a level road, what horizontal force must be 
exerted on it to produce an acceleration of 4.00 ft/scc J , if friction exerts a backward 
drag of 450 lb on the trailer? 

8. A 3200-lb automobile is being towed along a level road by a rope that will 
withstand a pull of 1000 lb. If the towropc is parallel to the roadbed, what is the 
greatest acceleration that can be imparted to the car, assuming that it requites a force 

of 200 lb to overcome frictional resistance? ^ us - **-0 ^ scc ‘ 

9. Two forces of 30.0 and 40.0 lb act on an object of 100-lb weight at angles of 
30° and 75°, respectively. What is the horizontal component of the acceleration which 
they impart to the body? 

10. A plumb bob hangs from the roof of a railway coach. What angle will the 

plumb line make with the vertical when the train is accelerating 7.5 ft/sec 2 ? 

Ans. 13.2° 

1L A 160-lb object is subjected to a constant force of 50 lb. How much time will 

he required for it to acquire a speed of 80 ft/sec? 

12. What force will impart a speed of 40 ft/sec to a 640-lb body in 5.0 sec? 

Ans. 160 lb 

13. A 2000-lb car moves with a speed of 30 mi/hr. What constant retarding force 
will bring the car to a stop in 10 sec? 

14. A 1.50-ton automobile crashed into a wall at a speed of 10 mi/hr. The car 
moved 5.00 in. before being brought to rest. What was the average force exerted on 

the wall by the car? Ans ‘ 24 ’ 300 ,b 

15. A 160-lb object is subjected to a constant force of 30 lb. How much time will 

be required for it to acquire a s|>ccd of 48 ft/sec? 

16. A 100-ton car is moving at a speed of 40 mi/hr. A force of 1.0 ton opposes the 

motion. Find the time required to bring the car to rest and the distance it will travel 
m stopping. Ans - 3 0 rnin i 10 mi 
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17. On an ordinary road surface the frictional force on a 3000-lb car when the 
brakes are applied may be as high as 1500 lb. What time will be required to stop the 

car with this force from a speed of 30 mi/hr (44 ft/sec)? 

18. A sled, which with its load weighs 160 lb, is started into motion by a boy who 

exerts a constant horizontal force of 28.2 lb for a period of 3.00 sec. The friction on the 
horizontal surface causes a retarding force of 3.2 lb. Find the distance the sled travels 
after the boy stops pushing. Ans- ^8® ft 

19. What pull must a locomotive exert on a 5000-ton train in order to attain a 
speed of 20 mi/hr in 6.0 min? Assume uniform acceleration and consider 25 per cent 
of the force applied is used in overcoming friction. 

20. A 1000-gm block on a smooth table is connected to a 500-gm piece of lead by a 
light cord that passes over a small pulley at the end of the table, (a) What is the ac¬ 
celeration of the system? (A) What is the tension in the cord? 

Ans. 327 cm/sec 2 ; 3.27 X 10* dynes 

21. What force, applied parallel to the plane, is necessary to move a 100-gm object 
up a friclionless plane with a uniform acceleration of 20 cm/sec 2 , if the plane makes 
an angle of 30° with the horizontal? 

22. What force, applied parallel to the plane, is necessary so that a 100-lb object 

will slide down the friclionless plane with an acceleration of 8.0 ft/sec 2 , if the plane 
makes an angle of 30° with the horizontal? Ans. 25 lb, up the plane 

23. Compare the acceleration of two bodies, both starting from rest at the top of a 
plane, inclined at an angle of 30° with the horizontal, if one body falls vertically and 
the other slides without friction dc" - n the plane. 

2*. An object of rna - 8.00 kg is pulled up an inclined plane, making an angle of 
30' with the ho'iy .it, 5.- . • ord vhicb passes over a pulley at the top of the plane 
and i? i'.wii j 10.0 kg mas* Neglecting friction, find the acceleration and the 

Ans. 327 cm/sec 2 ; 6.52 X 10 8 dynes 
! j , a: ' *00 ;,m is on a frictionless plane inclined at an 

v »rh force must be applied parallel to the 

p the plane with a uniform acceleration of 


tcosio 


»• : • 




V. 


J i 


- skid inclined at an angle of 60° with the 
h' the time required to travel the first 
next 20 ft. Ans. 87 lb; 1.2 sec; 0.49 sec 
11 makes an angle of 20° with the hori- 
.i ■ . : ;■ body by a cord which passes over 
.b the acceleration of the system. Neglect 


•. . ac in ( 

... • r {£) Wb.il v i id L 
jabn.ee on this movuc, . i. 


ic? down a frictionless inclined plane. 
. nt . rpt it r oves 1 2.25 m. What is the inclina- 

Ans. 30° 

tXU-.'b elevator car is necessary to move it 
luiuii force c.i 300 lb with an acceleration of 12.0 


o.ppatvc. 


■ eight of a 10.0-lb body hung on a spring 


.•.tor? 
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30. A 200-lb man stands in an elevator. What force does the floor exert on him 
when the elevator is (a) stationary; (A) accelerating upward 16.0 ft/sec 2 ; (c) moving 
upward at constant speed; and ( d) moving upward but decelerating at 12.0 ft/sec 2 ? 

Arts. 200 lb; 300 lb; 200 lb; 125 lb 

31. A spring balance fastened to the roof of a moving elevator car indicates 75 lb 
as the weight of a 100-lb body, (a) What is the acceleration of the elevator? (Give 
direction as well as magnitude.) (A ) Can one determine from these data the direction 
in which the elevator is moving? 

32. An elevator, which with its load weighs 8.0 tons, is descending with a speed of 

900 ft/min. If the load on the cables must not exceed 14 tons, what is the shortest 
distance in which the elevator can be stopped? Ans. 4.7 ft 

33. An 8.0-lb body and a 10.0-lb body are attached to the ends of a light cord, 
which passes over a frictionlcss pulley. What is the acceleration of the system? 

34. A light frictionlcss pulley carries a light cord to which is attached at one end 

a 48-lb weight and at the other a 64-lb weight. The weights are suddenly released. 
Find the acceleration and the tension in the cord. Ans. 4.6 ft/sec 2 ; 55 lb 

35. ( a ) What will be the force in a cord which passes over a light pulley and to the 
ends of which are attached loads of 500 and 520 gm, respectively? (A) How far will the 
cord move during the fifth second after being started from rest? 

36. Two objects of mass 500 gm each are fastened together by a cord and suspended 
over a frictionless pulley at the top of a double-inclined plane. One side of the plane 
makes an angle of 45° with the horizontal, and the other side makes an angle of 30°, 
so that there is an angle of 105‘ at the top of the plane where the pulley is attached. 
Calculate the acceleration of the system and the force in the cord. 

Ans. 102 cm/sec 2 ; 2.96 X 10 s dynes 

37. Two blocks are suspended by a string which passes over a light pulley. The 
blocks weigh 94.0 and 98.0 lb, respectively, and are initially each 12.0 ft above the 
floor, (a) What time is required for one of the blocks to reach the floor? (A) What is 
the force in the string? 

38. A spring and four masses mi, m 2 , m 3 , and m« are used in an experiment similar 
to that represented by Fig. 8. With mi at A and the spring extended 10 cm, accelera¬ 
tions of 15 cm/sec 2 , 3.5 cm/sec 2 , and 40 cm/sec 2 are imparted, respectively, to m 2 , 
ms, and m« placed in turn at Ii, while mi has an acceleration of 20 cin/sec 2 . Compute 
the masses m 2 , m*, and m« in terms of mi as the standard mass. 

Ans. 1.33m,; 5.71 m,; 0.50mi 

39. A block is at rest on an inclined plane, (a) Show in a diagram each of the forces 
acting on the block. (A) What is the reaction to each force? 

40. Two spheres each of mass 500 kg are placed with their centers 30 cm apart. 

Calculate the force of gravitational attraction between them. Ans. 18 dynes 

41. Calculate the mass M of the earth from the attraction GMm/r 2 which it exerts 
on a mass m at its surface. The mean radius of the earth is 3960 mi. 

42. What is the acceleration due to gravity on the surface of the moon if its mass 
i» 0.0127 the mass of the earth and its radius 0.25 that of the earth? Ans. 6.5 ft/sec 2 
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artillery involves extensive calculation considering many factors. We shall 
consider some of the simpler aspects of the motion of projectiles. 

Projectile Motion. The simplest type of motion of a projectile is that in 
which it is given an initial velocity and then allowed to move under the 
influence of gravity alone. The motion is one of constant acceleration but 
differs from that discussed in Chap. 3 in that the direction of the acceleration 
is seldom the same as the direction of the initial velocity. Hence the velocity 
is continually changing in both magnitude and direction. 

It is convenient in studying such projectile motion to consider it as made 
up of two components, one vertical and the other horizontal. Since the gravi¬ 
tational force is vertically downward, it produces an acceleration only in 
that direction, leaving the horizontal component of the velocity unchanged 
if air resistance is neglected. The complex motion of the projectile reduces to 
two simple motions, constant horizontal velocity and uniformly accelerated 
vertical motion. 

Suppose we ask ourselves how a stone will move if it is thrown horizontally 
at a speed of 50 ft/scc. Neglecting air resistance, the stone will travel with a 
constant horizontal speed of 50 ft/scc until it strikes something. At the same 
time it will execute the uniformly accelerated motion of an object falling 
freely from rest; that is, beginning with a vertical speed of zero, it will acquire 
downward speed at the rate of 32 ft/scc in each second. It will fall 16 ft 
during the first second, 48 ft during 
the next, 80 ft during the third, and 
so on, just as if it had no horizontal 
motion. Its progress during the first 
three seconds is illustrated in Fig. 1. At 
A the stone has no vertical speed; at B 
(after 1 sec) its vertical speed is 32 
ft/sec; at C, 64 ft/sec; and at D , 

96 ft/scc. The curved line ABCD in 
Fig. 1 is the path that the stone follows, 
and the arrows at A, B, C , and D 
represent the velocities at those places. 

Note that the horizontal arrows arc all 
the same length, indicating the con¬ 
stant horizontal speed, while the verti¬ 
cal arrows increase in length to indi¬ 
cate the increasing vertical speed. The vertical arrow at C is twice as long as 
that at B while that at D is three times as long. The resultant velocity of 
the projectile is at each point tangent to the curve ABCD. It is constantly 
changing both in magnitude and direction. 


DISTANCE JN FEET 



Fio. 1. Path of a stone thrown hori¬ 
zontally with a speed of 50 ft/sec. 
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The curve shown in Fig. 1 is called a parabola. As has been indicated, it is 
traced by the motion of a projectile that executes simultaneously a uniform 
motion (horizontal) and a uniformly accelerated motion (vertical). 

No matter what may be the initial direction of motion 
of the projectile, its motion can be broken up into hori¬ 
zontal and vertical parts that are independent of each 
other. Suppose a stone is thrown with a speed and direc¬ 
tion such as is represented by the vector OA in Fig. 2. 
An object that had the simultaneous vertical and hori¬ 
zontal speeds represented by OC and OB would follow 
exacdy the same path along the direction OA. In dis¬ 
cussing the motion of the stone, one may use either the 
whole speed in the direction OA or the horizontal and 
vertical parts of the motion may be used. The latter view¬ 
point simplifies the problem. 

If we represent the initial velocity in the direction OA by o, the horizontal 
component by v h , and the vertical component by v Vy 

(1) 
( 2 ) 



Fig. 2. Compo¬ 
nents of velocity. 


»h — v COS 0 
i>v — v sin 6 


In projectile motion one frequently wishes to determine the height to which 
«hc projectile rises, the time of flight, and the horizontal range. The first two 
may be o!-famed by the use of Eqs. (5) and (3) of Chap. 3 while the range is 
dek’i mu-.-u by multiplying by the time of flight. 

• .'Op [ i : pi o,cc?iS h J-rown witii a speed of 100 ft/sec in a direction 30° above 

i • i' c ie ij.h*. to which if rises, the time of flight, and the horizontal 


- v = 


r. 


000 ft/sec) (sin 30°) = 50.0 ft/sec 
(ICO V-ec)(cos 30°) = 86.6 ft/sec 


t tc the vertical motion 


(• 


■ '•'3.0 ft/sec; 

:.Jj ft/ftfc)* «= 2 (■ 

0500 ftVsec* 


•o- it scc a 


Vi = 0; a 
-32 ft/scc 2 )j 

= 39 ft 


= — 32 ft/sec* 


.. mg nest point is, from Eq. (2), Chap. 3, 

i : — Pi — at 

— 0 ft/sec = ( —32 ft/sec 1 )/ 

. _ 50 ft.'sec _ 

' . « — 1*6 SCO 

rv. it sec 3 
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Assuming that the surface above which the projectile moves is horizontal, an 
equal time will be required for the projectile to return to the surface. Hence the time 
t' elapsed before the projectile strikes the surface is 

/' = 2/ = 2 X 1.6 sec = 3.2 sec 

During all this time the projectile travels horizontally with a uniform speed of 86.6 
ft/sec. The horizontal range R is therefore 

R = Vh t' = (86.6 ft/sec)(3.2 sec) = 280 ft 


If the surface above which the projectile moves is not level, the time of flight will 
be increased or decreased depending upon whether the striking point is below or above 
the firing point. The range is correspondingly increased or decreased. 



F,o 3 Path of a projectile fired at an an«le of 30° above the horizontal with an initial 
speed of 100 ft/sec. Air resistance is neglected. The projectile strikes with a speed equal to 
the initial speed and at an angle of 30° above the horizontal. 


The motion of any projectile, neglecting air resistance, may lie treated in 
this same manner no matter what may be the initial speed and angle of 
projection. The initial velocity is resolved into vertical and horizontal com¬ 
ponents and the two are considered separately. 

In Fig 3, we note that the path may be found by considering a uniform 

motion in the initial direction OC and finding the distance the projectile has 
fallen from this path at each instant. In 1 sec under the action of gravity, the 
projectile falls 16 ft; hence at the end of 1 sec it is 16 ft below A; in 2 sec it 

falls 64 ft, and hence is 64 ft below /i, and so on. 

Range and Angle of Elevation. The range of a projectile depends 
upon the angle at which it is fired as well as upon the initial speed. If the 
angle is small, the horizontal velocity is relatively high hut the time of flight 
is so short that the range is small. On the other hand if the angle of projection 
is very large, the time of flight is long hul the horizontal velocity is small. In 
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the absence of air resistance the maximum horizontal range is attained when 
the angle of elevation is 45°. 

In aiming a gun allowance must always be made for the distance that the 
projectile falls while it is in flight. If a gun were aimed by sighting through 
the barrel, the bullet would always hit below the point at which it was 
directed. The allowance is made by means of the sights. At short ranges the 
amount of fall is slight for a high-speed bullet, and no change in adjustment 
is ordinarily made. Long-range rifles have adjustable sights so constructed 
that the marksman can make allowance for the greater fall in the longer 
distances by so changing the rear sight that the muzzle of the gun is properly 
elevated. 

Air Resistance. So far in the discussion of the motion of projectiles the 
resistance of the air has been neglected. However, for high-speed projectiles 
this resistance is no small factor. It introduces a force which opposes the 



Fig. A. Path <>f a projectile. The dotted curve represents the path that would be followed 
if there were no air resistance, while the solid line is an actual path. The maximum height, 
range, and strikin'' speed are decreased, while the striking angle is increased. 


mottos ;o;-i e 


which varies both in magnitude and in direction and hence 

produces : c a Icration in addition to the constant acceleration we 

resumed ioi-. 'y. This resistance reduces the height of flight, the 
of 1 ’ o ; r . and the speed of the projectile when it strikes its 
• et / .• ■ •: w-' r flue-ice t.s shown in Fig. 4. The dotted curve is 

' ! ( " ’w •»; 1 follow if there were no air resistance, while 

. • 1 l • 


>-• 1 




t. 



• l 

a ; 


.iU.- 



el 2 projectile subject to air resistance is be- 
. i, u some cf the factors to be considered may 
. ' '.'ore-, depends upon the speed of the projectile. 

■ - .3 y to sm ill, but as the speed becomes greater 
' aerry. Tile air resistance also depends upon 
■ -- he v-.ses ; for at high elevations where the air is 

• Long-range guns shoot the projectile at 

-i.ici able part of the path is in the high atmosphere 
• ‘oaU. Thee the angie at which the gun must be fired 
m u.i may be considerably greater than the 45° neces- 
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sary when air resistance is negligible. The optimum angle depends upon 
the size, shape, and speed of the projectile. 

During the First World War a gun was developed by the German Army 
with a range of 75 mi. The initial speed of the projectile was almost 1 mi/sec 
at an angle of 50° with the horizontal. The shell reached a maximum height 
of about 27 mi and more than two-thirds of the path was above 13 mi. At 
such altitude the air resistance is so small that the path is essentially the 
same as that for no friction. The striking speed of the shell was less than 
half the initial speed. 

In determining the direction and angle of fire of a large gun many factors 
must be considered if the firing is to be accurate. Among these factors are 
wind, barometric pressure, temperature, rotation of the earth, shape of the 
shell, and the number of times the gun has been fired. 

Self-propelled Projectiles. A true projectile is an object that is given 
an initial velocity and then allowed to proceed under the action of gravity 
and air resistance. However, other objects, such as rockets, move in much 
the same manner as projectiles except that they do not depend upon an 
initial impulse alone but rather upon the force provided by a fuel cariicd 
along with them. As the fuel burns, the expanding gas is forced out at the 
rear of the projectile. As a result, there is a force of reaction on the projectile 
itself, which produces an acceleration. T he initial speed of the rocket may 
be quite low since it is continually accelerated along its path. Eventually 
the speed of the rocket may be greater than that of the free projectile in the 


corresponding part of its path. 

If the fuel of the rocket is such as to supply its own oxygen, there is no 
dependence upon the air for combustion or propulsion. Such rockets operate 
effectively at extremely high altitudes where there is very little aii. With a 
suitable fuel supply and proper controls a rocket could navigate beyond the 
atmosphere. For such flights, of course, wings and rudders would be entirely 
useless since there would be no air to exert forces on them. 

A spectacular example of the true rocket is the German V-2 weapon of 
the Second World W'ar. This remarkable missile had a length of 46 ft; a 


diameter of 5 ft, 5 in.; and a total weight loaded of 27,300 lb. As a propulsive 
fuel, it used 1220 gal of liquid oxygen and an equal amount of alcohol. 
The warhead consisted of 1800 lb of TNT. Five thousand such rockets were 


produced. 

In flight these rockets had an 
controlled by shutting ofl - the fue 
in its trajectory. The whole flight 
70 sec. The missile reached an a 


average range of 215 mi. The range was 
1 supply at a prearranged proper moment 
required 380 sec with the fuel active only 
ltitude of 70 mi, had a top speed of 3600 
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mi/hr (1 mi/sec) and a terminal speed of 1800 mi/hr. In recent firings, 
rockets have reached altitudes of more than 100 mi. 

Air friction is a very important factor in such high-speed bodies. The 
heating produced was sometimes sufficient to cause the missile to explode. 
For this cause and others 60 per cent of the early rockets and 30 per cent 
of the later ones exploded in the air. When they reached the ground and 
exploded a crater 36 ft across and 10 ft deep was produced. 

Jet propulsion differs from rocket propulsion in that air is necessary to 
supply oxygen for combustion. Such engines therefore can operate only in 
the atmosphere. The propulsive force, as with the rocket, is the reaction 
set up when the hot gases are expelled from the engine. 


SUMMARY 


Ballistics is the science of the motion of projectiles. 

A projectile is an object which is given an initial velocity and which is then 
allowed to move under the action of gravity. 

In projectile motion the vertical and horizontal motions may be treated 
separately. II' air resistance is neglected, the horizontal motion is uniform 
while the vertical motion is uniformly accelerated. Under these conditions 
the path is parabolic. 

The range of a projectile depends upon its initial speed and the angle of 
projecti. .mi ff air resistance is negligible, maximum range is attained with 




decreases the speed, the maximum height, and the range 


J ijes depend upon fuel carried within the projectiles 
Vmpu'se. Their initial speeds are usually small, 
-• i high tr-final speeds than ordinary projectiles. 


QUESTIONS 


'>• ange rifle adjustable? 

1 r\. ;s expressed in Newton’s laws of motion apply 


net . ' x path of a projectile? 

. . p r.'jse ir. die angle of elevation has on the range 

> > • • •--> : c elevation. 

. c. : p- -jectile follows a parabolic path. How is the 
• ed i- hv- projectile explodes in mid-air? 
he speed of a projectile at time t after it is fired with 

• ■ • h , lion 0 . 

■ 0 un is aimed directly at a monkey in a tree. Just as the dart 

• d. monkey falls from die tree. Will a hit be made? Why? 
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8. A man stands in the center of a flatcar moving with a uniform speed of 40 
mi/hr. He throws a baseball into the air with a speed of 40 mi/hr. Compare the path 
of the ball as viewed by the man with that as viewed by an observer on the ground 
for the following cases: (a) ball thrown vertically upward, ( b ) ball thrown forward 
horizontally, and (e) ball thrown backward horizontally. 

9. Justify the statement that the speeds of a projectile at any two points at the 

same elevation are the same. 

10. Discuss the factors that would affect the acceleration of the V-2 rocket as it 
rises during the 70 sec that the fuel burns. 


PROBLEMS 

1. A rifle is fired in a direction 40° above the horizontal. The speed of the bullet 
is 1200 ft/sec. What are the horizontal and vertical components of the velocity? 

2. A ball is thrown from the roof of a building with a speed of 20 ft/sec at an 

angle of 15° below the horizontal. Find the vertical and horizontal components of 
the velocity. 5.2 ft/sec; 19 fc/sec 

3. A projectile is fired with a speed of 600 m/sec at an angle of 20 below the 
horizontal. Find the vertical and horizontal components of the velocity. 

4. A body is projected with a speed of 800 ft/sec in a direction 40 above the 

horizontal. Find the horizontal and vertical components of the velocity. 

Arts. 612 ft/sec; 514 ft/sec 

5. A ball is thrown horizontally from the roof of a tall building with a speed of 
19.6 m/scc. Find the position and velocity of the ball after 4.0 sec. 

6. A stone is thrown horizontally from the top of a tower with a speed of 50.0 

ft/sec. Find the velocity and position at the end of 3.00 sec. 

Arts. 108 ft/sec, 62° below horizontal; 144 ft below, 150 ft horizontally from start¬ 
ing point 

7. A projectile is fired horizontally from the top of a building 225 ft high with a 
sjxxd of 550 ft/sec. What is the time of flight? What horizontal distance does it travel? 

8. A ball is thrown horizontally from the top of the Washington Monument, 

555 ft high. What is the time of fall? If the initial speed is 50 ft/sec, how far from the 
base does it fall, assuming the ground to be level? Arts. 5.9 sec, 290 ft 

9. A stone is thrown horizontally from the top of a high river bank and falls into 
the water 100 ft below. It strikes the water 150 ft from the bank. Find the time o 

flight and the initial speed of the stone. . 

10. A bomb is dropped from an airplane traveling horizontally with a speed of 

300 mi/hr. If the airplane is 10,000 ft above the ground, how far from the target must 

the bomb be released? Neglect air friction. 

U. A bomb is dropped from an airplane 5000 ft above the ground when the plane 

is moving horizontally at the rate of 100 mi/hr. Where should the plane be with 

respect to the target when the bomb is dropped if a hit is to be made. 

b Arts. 2590 ft horizontally 

12. A bomb is dropped from an airplane traveling horizontally with a speed of 
210 mi/hr. (a) If the airplane is 2000 ft above the ground, what will be the horizontal 
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distance traversed by the bomb (neglecting air friction)? ( b ) Where will the airplane 
be when the bomb reaches the ground, if its course is not changed? 

Arts. 3450 ft; directly above bomb 

13. From an airship 6000 ft above the ground and traveling horizontally due west 
with a speed of 15.0 mi/hr a ball is thrown horizontally due south with an initial 
speed of 15.0 ft/sec. (a) What is the actual initial speed? ( b ) W’hat horizontal distance 
will it go from the time it is released until it reaches the ground? 

14. An airplane is moving with a speed of 100 mi/hr at an angle of 60° below the 

horizontal. If a bomb is dropped from the plane when it is 1.00 mi high, how long will 
it take for the bomb to reach the ground? Ans. 14.5 sec 

15. A ball is thrown from the top of an 80-ft tower. It starts with a speed of 96 
ft/sec in a direction 30° above the horizontal. Neglecting air resistance, find the ball’s 
horizontal distance from the starting point and its vertical distance above die ground 
2.0 sec after it is thrown. 

16. A ball is thrown from the top of a 400-ft tower with a speed of 80 ft/sec in a 

direction 30° below the horizontal. Neglecting air friction, find the horizontal distance 
of the ball from the tower and its vertical distance above the ground 3.0 sec after it 
is thrown. Ans. 210 ft; 140 ft 

17. A bomb is projected downward at an angle of 30° below the horizontal from 
a fixed dirigible 5000 ft above die ground. If the initial speed of the bomb is 60.0 
mi, hr, how long will it take to reach the ground and how far will it travel horizontally? 

18. A projectile was fired at an angle of 30° above the horizontal from the top of a 

• • initial speed of the projectile was 2000 ft/sec. How far did the 

project'll* move hon/.ontaUy before it hit the level ground at the base of the cliff? 

Ans. 109,000 ft 

• : - ‘ ■■ .i i/ontal range of a shell fired from a cannon with a muzzle velocity 

• : (I of M;' above the horizontal. 


f 1 v/’.O • < 
20 


i; i r 


ge o! a shell fired from a cannon with a muzzle velocity 
(r above the horizontal. Ans. 180,000 ft 

a to. • w ht-i! with a muzzle speed of 180 ft/'scc. When the 

yd. How much is the range diminished by air 


. ;' 


' • » . 


>« 


; 1. d xnuzzle speed of 300 ft/sec. When the elevadon is 
• is ihe range decreased by air resistance? 

Ans. 96 yd 

■ r .i: . well throws a ball with a velocity that has a 
1 c and a vortical component of 32 ft/sec, upward. At 
■ above the level ground, (a) How many seconds 

b.di is thrown and the instant it reaches the ground? 
• (V) ’ \ hat is the approximate velocity with which the 

d U 'P of a 60-ft tower. It starts with a speed of 64 ft/sec 
me horizontal. Neglecting air resistance, find (a) the height 
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above the ground to which it will rise, ( b ) the time of flight, and ( c ) the distance from 
the foot of the tower to the point at which it strikes the level surface. 

Ans. 76 ft; 3.2 sec; 180 ft 

25. A projectile is fired at an elevation of 45° and reaches the highest point in its 
path in 22 sec. Neglecting air resistance, calculate (a) the muzzle speed, ( b ) the 
maximum height reached, and ( c ) the distance from gun to target if they are on the 
same level. 

26. The initial speed of a shell is 1200 ft/sec. At what angle must the gun be fired 

if the projectile is to strike a target at the same level as the gun and distant 6000 
yards? Neglect air resistance. Ans. 12 

27. The initial speed of a shell is 1500 ft/scc. At what angle must the gun be fired 
if the projectile is to strike a target at the same level as the gun and distant 12,000 yd? 
Neglect air resistance. 

28. A ball thrown by a boy in the street is caught 2.0 sec later by another boy on 
the porch of a house 48.0 ft away and 16.0 ft above the street level. What was the 
speed of the ball and the angle above the horizontal at which it was thrown? 

Ans. 46.6 ft/sec; 59.2° 
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• contact with .another object, frictional 
■ iKs c forces are caused by the adhesion 
li’c interlocking of the irregularities of the 
• r.ciional resistance depends upon the prop- 
; tin iorce keeping the surfaces in contact. 

.« a undesirable. Friction increases the work 
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necessary to operate machinery, it causes wear, and it generates heat, which 
often does additional damage. To reduce this waste of energy, friction is 
minimized by the use of wheels, bearings, rollers, and lubricants. Auto¬ 
mobiles and airplanes are streamlined in order to decrease air friction, which 
is large at high speeds. 

On the other hand, friction is desirable in many cases. Nails and screws 
hold boards together by means of friction. Power may be transmitted from 
a motor to a machine by means of a clutch or a friction belt. In walking, 
driving a car, striking a match, tying our shoes, or sewing fabric together 
we find friction a useful force. Sand is placed on rails in front of the drive 
wheels of locomotives, cinders are scattered on icy streets, chains are 
attached to the wheels of automobiles, and special materials are developed 
for use in brakes—all for the purpose of increasing friction where it is 
desirable. 

Sliding Friction. When we slide a box across a floor, we find that we 
must continue to apply a steady horizontal force to cause the box to slide 
uniformly over the horizontal surface. We conclude that there is a force, 
parallel to the surfaces in contact, opposing the motion. This opposing force 
is called friction. The frictional force is the result of the roughness of the two 
surfaces in contact, which causes interlocking between them, giving rise 
to a force that resists motion. If the applied force is just equal to the frictional 
force, the body will continue to move uniformly; if the applied force is greater 
than the frictional force, the body will be accelerated. 

The observations regarding sliding friction are these: (1) the frictional 
force is parallel to the surfaces sliding over one another; (2) the frictional 
force is proportional to the force which is normal to the surfaces and which 
presses them together; (3) the frictional force is roughly independent of the 
area of the surface of contact; (4) the frictional force is roughly independent 
of the speed of sliding, provided that the resulting heat does not alter the 
condition of the surfaces; and (5) the frictional force depends upon the 
nature of the substances in contact and the condition of the surface (that is, 
on polish, roughness, grain, and wetness). Sliding friction is sometimes called 
kinetic friction. 

These facts may be illustrated by simple experiments. By the use of a 
spring balance to pull a brick uniformly on a table top (I'ig. 1), the frictional 
force may be found to be 1 lb whereas a force of 2 lb is required to maintain 
the motion if a second brick is placed on top of the first to increase the normal 
force. If the second brick is tied behind the first (Fig. 2), the frictional force 
is still 2 lb showing its independence of area of contact. Placing the bricks 
on glass or metal surfaces, one finds that friction depends upon the nature 
of the surfaces in contact. 
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Coefficient of Friction. The ratio of the frictional force to the perpen¬ 
dicular force pressing the two surfaces together is called the coefficient oj 
friction. 




where /x (mu) is the coefficient of friction, F the frictional force, and N the 
normal or perpendicular force. 




directly proportional to the 
normal force pressing the two 
surfaces together. 



I'ig. 2. The frictional force is inde¬ 
pendent of the area of the surface of 
contact. 


Example: A 6 r »-lb ho, . '.onu! force is sufficient to draw a 1200-lb sled on level well- 
paclced snow. What i: 'i yabv oi the coefficient of friction? 


f _ 65 lb 
A' 1200 lb “ 0054 

i -na! c the normal force, which must include 
y. ;jr,g the surfaces together. Only in very 

- " eight cf the body. 

n 5 3 horizontal surface at uniform speed 
above the horizontal. If the tension in 

of friction? 


- ^ > 


100 lb X 0.866 = 86.6 lb 


sled downward minus the vertical com- 


1-00 lb - 100 lb X sin 30° = 1150 lb 
F 86.6 lb 

M = :v = IBoib - °- 0753 
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Example: A 50-lb box is placed on an inclined plane making an angle of 30 with 
the horizontal. If the coefficient of friction is 0.30, find the resultant force on the box. 

The weight of the box is a force acting vertically downward. This force^may be 
broken into components parallel {W sin 30°) and perpendicular (W cos 30 ) to the 
plane. A frictional force (parallel to the plane) acts up the plane. 

JV = IV cos 30° = 50 lb X 0.87 = 43 lb 

The frictional force is given by 

F - tiN = 0.30 X 43 lb = 13 lb 

The resultant force R is given by 

R = W sin 30° — F = 50 lb X 0.50 - 13 lb = 12 lb 


down the plane. 

When two surfaces are lubricated, friction is reduced by the substitution 
of the internal friction of the lubricant for the friction between the original 
surfaces. The ratio F/N is then not a simple constant but depends upon the 
properties of the lubricant and the area and relative speed of the moving 

Static Friction. When a body at rest on a horizontal surface is pushed 
gently sideward, it does not move because there is a frictional force just 
equal to the sideward push. If the push is increased, the frictional force 
increases until a limiting friction is reached. If the side push exceeds the limit¬ 
ing friction, the body is accelerated. When there is no relative motion 
between the two surfaces in contact, the friction ,s called statu frut,on, and 
the frictional force can have any value from zero up to the limiting value. 

For limiting friction (but not for all static friction) the same laws apply 
as for sliding friction except, of course, that referring to the speed of sliding 
The coefficient of statu (limiting) friction is the ratio of the limiting frictional 
force to the normal force. For any two surfaces the coefficient of static friction 
tt. is somewhat greater than the coefficient of sliding or kinetic friction 

TABLE I. COEFFICIENTS OF FRICTION_ 


Material 


Steel on steel. 

Metal on metal, lubricated. 

Leather on oak. 

Rubber tire on dry concrete road 
Rubber tire on wet concrete road 


M- 

M* 

0.15 

0.09 

0.03 

0.03 

0.4 

0.3 

1 .0 

0.7 

0.7 

0.5 
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Limiting Angle; Angle of Repose. The coefficient of static friction 
may be found without measurement of forces by the following simple and 



Fio. 3. Limiting angle for friction. 


convenient method. Let the plane AC 
(Fig. 3) be tilted upward (gradually) 
until the body B just begins to slide 
down the incline. Consider the weight 
W of the body to be resolved into com¬ 
ponents N and F\ respectively per¬ 
pendicular and parallel to the incline. 
The component JV presses the two sur¬ 


faces together, the component F' is directed down the plane, and the 
frictional force F is directed up the plane. Just before sliding occurs, there 
is no acceleration, and F' is balanced by the friction F. From the figure 


F' 



F 

A r 


= tan 0 


And lienee tho coefficient of friction is given by 


— tan 0 


( 2 ) 




chic* ■ 

^ r>;« : 


; t'V;.-.tion. Rolling friction is the resistance to motion caused 

"nation produced where a wheel or cylinder pushes 


i •;( 


•v U) 



■iC s. r. O'O- on .vnic'a it rolls. The 
-• o • j automobile tire in 
: r - ■ ps ement is readily 

of a steel wheel 
• ■ ' h re h some defor- 
; u -aces A force F 
- -: 1 ) the wheel on 
‘ -u'-e the surfaces 
•.. ed as llustrated 
•. D 1 he deiorma- 
v produce internal friction in the two bodies. The 
• ies inversely as the radius of the roller, and it is 
■': rurfaces. 

c.ormarilv much smaller than sliding friction. Sliding 
. •„ r _■ wheel is replaced by rolling friction through the use 

! \ wings. 

The friction encountered by solid objects in passing 
• ,( 1 UK * <in d the frictional forces set up within liquids and gases in 
: ' u>,,on ' ,rc examples of fluid friction. The laws of fluid friction differ greatly 



FRICTION 


75 


from those of sliding and rolling friction. The amount of frictional resistance 
encountered by an object moving through a fluid depends on the size, shape, 
and speed of the moving object, as well as on the nature of the fluid itself. 

The frictional resistance encountered by a man falling through the air 
increases with his speed until he reaches a terminal speed, about 120 mi/hr, 
at which the retarding force of friction equals his weight. When he opens 
his parachute, the greater surface it presents increases the retarding force 
of friction and reduces the terminal speed to, say, 25 ft/sec. In such descents 
the aviator reaches the ground with the same speed whether he jumps from 
an altitude of 500 ft or from 5 mi, owing to the fact that fluid friction increases 

with speed. 

Viscosity. Viscosity is that property of a fluid, its internal friction, which 
causes it to resist flow. Consider a layer of liquid in a shallow pan on the 

6 v _^ 



Fio. 5. Fluid friction. 


surface of which a fiat plate A is placed (Fig. 5). A force F is required to 
maintain the plate at a constant velocity v with respect to the other surface B. 

On the surface of each solid, A and B , there will be a layer of liquid that 
adheres to the solid and has zero velocity with respect to it. The next layer 
of liquid moves slowly over the first, the third layer moves slowly over the 
second, and so on. This distribution of speeds results in a continual deforma¬ 
tion of the liquid. The portion of the liquid C, which is cubical in shape at 

one instant, is rhomboidal a moment later at R. . 

If the thickness 5 of the fluid between the surfaces is increased, application 

of the same force produces a greater speed: v* s. If the area A o t c p ate 
is increased, there is a corresponding decrease in speed. 1 /A. An increase 
in the force produces a proportional increase in speed, v ® F. Thus the ve ocit> 
is proportional to F, to s, and also to 1 1 A. Hence we can write the equation 

Fs 

V vA 
or 

Fs 


V = 


Av 


(3) 
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where the factor r\ (eta) depends only on the fluid and its temperature. This 
equation defines the coefficient of viscosity t) of the liquid. 

The absolute cgs unit of the coefficient of viscosity is called the poise. 

Fs 

From Eq. (3), rj = — 


. . 1 dyne X 1 cm , , 2 

1 poise = - , w z -t— = 1 dyne-sec/cm 2 

r 1 cm 2 X 1 cm/sec ' 


A coefficient of viscosity of 1 poise is one that requires a tangential force of 
1 dyne for each square centimeter of surface to maintain a relative velocity 
of 1 cm/sec between two planes separated by a layer of the fluid 1 cm thick. 

The centipoise (Vioo poise) is the unit of viscosity commonly used. 

In setting up this definition of coefficient of viscosity, we have chosen a 
case in which the application of forces to a fluid produces differences of 
velocity between adjacent thin layers (laminae) within the fluid as indicated 
in Fig. 5. It is this laminar flow which is characterized by the proportionality 
between force and velocity, which is expressed by Eq. (3). In the case of 
turbulent flow the lines of flow are complex and changing and Eq. (3) is not 
applicable. 

The viscosity of liquids decreases with increase in temperature. A liquid 
■ hat fl ay - a:; slowly as the proverbial molasses in January at low tempera- 
Lir■* • 'our freely at higher temperature. Lubricating oil may fail to 

'e s • -i - a live film at low temperatures. Hence, when starting a car on a 
r,v ' • ; -1 o allow the engine to idle for a time until the oil is warmed. 

■ • of gases, inlike those of liquids, increase with increase in 


coin:. iV 

internal \ 
continual 


leos-ty. The internal friction of liquids is attributed to the 
* : veer- molecules. Our knowledge of the details of this 
• from complete, but the picture of liquid viscosity just 
■ nia n qualitatively the experimentally observed facts. On 
r : -'.t ph* one would expect a decrease in the viscosity of a 
1 'rcisc n temperature. This is observed experimentally. 

• vr t s. whose molecules have relatively large separations, 
> small and some other mechanism must be sought for 
i or. One supposes that in the laminar flow of a gas there is a 
migration ot molecules from one layer to another. Molecules diffuse 


from a fast-moving layer to a slower moving layer (5 to 4, Fig. 5), and from 
the slower moving layer to the faster. Thus each layer exerts a drag on the 
other. I he amount ol this drag depends on the mass of the molecules and 
their speeds, hence on the product mu. This description of gas viscosity 
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accounts for the fact that an increase in temperature, which increases 
molecular speeds, results in an increase in the viscosity of a gas. 

SUMMARY 

Frictional force P is proportional to the normal force N pressing the two 
surfaces together, and is directed parallel to these surfaces 

F = pN 

The coefficient of friction n is defined as the ratio of the frictional force to 
the normal force. 

The coefficient of static friction /i. may be calculated from the limiting 
angle of repose, d 

fx, = tan d 

Sliding friction is less than static friction, and rolling friction is less than 
sliding friction. 

Fluid friction is measured in terms of the coefficient of viscosity v which 
is defined as the ratio of the tangential force per unit area of surface P/A to 
the velocity gradient v/s between two planes of fluid in laminar flow 

_ Fs 

V Av 

QUESTIONS 

1. Name several types of mechanism in which friction is essential for proper 
operation. 

2. What becomes of the energy expended against friction.'* 

3. Why docs a locomotive engineer shut off the steam when the drive wheels 

begin to slip? . 

4 . Why should one take short steps rather than long ones when walking on ice. 

5. Friction being independent of area, why are broad belts used in driving heavy 
machinery, and why are automobile brake shoes of large area desirable? 

6. Why does a high-pressure tire roll more easily than a low pressure tire on a 

smooth pavement? 

7. An automobile is moving along a concrete road with the same speed as that 
of a streetcar along side of it. Which vehicle can stop in the shorter distance? (1 he 
coefficient of friction for rubber on concrete is 0.7, for steel on steel 0.2.) 

8. A body rests on a rough horizontal plane. Show that no force, however great, 
applied toward the plane at an angle with the normal less than the limiting angle for 

friction, can push the body along the plane. 

9. Can a moving automobile be stopped in shorter distance (a) by applying the 
brakes to “lock” the wheels or (ft) by applying a braking force just short of that 
which causes the tires to slip? 
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10. A block is placed on an inclined plane. Under what condition will the force of 
friction be directed up the plane? Down the plane? 

PROBLEMS 

1. A force of 155 lb is required to start a sled whose weight is 800 lb, while a force 
of 54 lb is sufficient to keep it moving once it is started. Find the coefficients of start¬ 
ing and sliding friction. 

2. A 500-lb piano is moved 20 ft across a floor by a horizontal force of 75 lb. Find 

the coefficient of friction. What happens to the energy expended? Ans. 0.15 

3. A horizontal force of 6.0 lb is applied to a 10-lb block, which rests on a hori¬ 
zontal surface. If the coefficient of friction is 0.40, find the acceleration. 

4. A 350-gm block of wood on a horizontal plane is fastened to a cord passing 
over a frictionless pulley and attached to a 265-gm load. The coefficient of kinetic 
friction between block and plane is 0.45. (a) Determine the acceleration of the system 

after it is set in motion. ( b ) What is the force in the cord? 

Ans. 172 cm/sec 2 ; 214,000 dynes 

5. A 1.0-kg block is placed on a horizontal slide and drawn across it by weights 
hung from a cord, which passes over a frictionless pulley at the end of the slide. When 
the block has a load of 9.0 kg on it, it is found that 2500 gm must be hung on the 
end of tin: cord to maintain uniform motion. If 7.0 kg are now removed from the 
block, what weight is it necessary to hang from the cord to keep the block in uniform 
motion? 

C A box weighing 150 lb is moved across a horizontal floor by dragging it by 
of 1 rope attached to the front end. If the rope makes an angle of 30 with the 
v -j_: ' the coefficient of friction between box and floor is 0.400, find the force 
• - 1 : ■ n , ari pulling the rope. Ans. 56.3 lb 

■' • •! ■:; a book weighing 3.0 lb between his hands and keeps it from fall- 

nds together horizontally. If the force exerted by each hand is 
'•.•.efficient of friction between book and hands? 

■ a ’ ock from falling by pushing it horizontally against a vertical 
s 3.0 newtons and the coefficient of static friction between 
.3.1. force must he exert? Ans. 7.5 newtons 

- • ;- giv. of 10.0 !b is thrown forward on ice with a speed of 

r. between it and the ice is 0.10, how far will it go 


r, 


*4 * | 


c: . - 1 *.. 1 * or 


* • 


» *. r c 






* • V 


caches the loot of a hill with a speed of 40 ft/sec. The 
. in re sled and the horizontal surface of the ice 
Toy !j\- .• ul the sled travel on the ice? Ans. 830 ft 
- i Itiai speed of 10 ft, sec on level ice comes to rest 
. ; of kinetic friction between the object and the ice? 

. 1 50 mi hr on a level road is stopped by sliding the 
tic friction between tires and road is 0.75, what is the 
he. car can be brought to rest? Ans. 112 ft 
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13. A constant horizontal force of 2.50 X 10 6 dynes acting upon a 15.3-kg block 
causes it to slide 14.5 m along a level surface. If the block starts from rest and acquires 
a speed of 450 cm/sec, what is the retarding force of friction? 

14. A loaded sled weighing 1250 lb is given a speed of 25.0 mi/hr while moving a 

distance of 140 ft from rest on a horizontal ice surface. If the coefficient of friction is 
0.105, what constant force, applied horizontally, would be necessary to produce this 
motion? A,ls ■ 320 ,b 


15. If the coefficient of kinetic friction for the surfaces in contact is 0.20, what force- 
parallel to a 30° incline is required to pull a 100-lb box up the incline with an acceler¬ 
ation of 2.0 ft/scc 2 ? 

16. A 200-lb box is drawn up a skid 40 ft long and 20 ft high by a rope parallel to 
the incline. Find the tension in the rope required to haul the box up with uniform 
motion if the coefficient of friction for the surfaces in contact is 0.30. Ans. 152 lb 

17. An 80-lb box rests on an inclined plane 10.0 ft long and 6.0 ft high for which 
the coefficient of sliding friction is 0.30. What force parallel to the^plane is required to 
move the box with uniform speed up the plane? down the plane? 

18. The coefficient of friction between a block and the surface on which it slides 
is 0.18 and the surface is inclined at an angle of 15° with the horizontal. II the block 
weighs 300 lb, what force is needed to drag it up the incline at uniform speed. Y\ hat 

force is required to let it slide down the plane at uniform speed? 

M Ans. 130 lb; 26 lb 


19. A 100-lb box slides down a skid 30 ft long and inclined at 60° to the horizontal. 
At the bottom of the skid it moves along a horizontal surface until it comes to rest. 
Assuming a uniform coefficient of kinetic friction of 0.20, calculate (a) the accelerating 
force along the incline, ( b ) the time taken to travel the first 20 ft, and (c) the distance- 

moved along the horizontal surface at the foot of the incline. 

20. A 100-lb box slides down a skid 20.0 ft long and inclined at an angle of 6( 
to the horizontal. At the bottom of the skid the box slides along a level surface of equal 
roughness. If the coefficient of kinetic friction for the surfaces is 0.100, how far will 

the box travel, and how long a time will elapse after it reaches the level surface before 

it Ans. 162 ft; 10.1 sec 

it comes to rest? . 0 , 

21. A body takes just twice as long to slide down a plane inclined at 30 to the 
horizontal as if the plane were frictionless. What is the coefficu nt of friction. 

22. A 540-lb safe is to be lowered at constant speed down skids 8.0 ft long from a 
truck bed 4.0 ft high. If the coefficient of friction is 0.40, ( a ) will the safe have to x 
held back or pulled down? (b) What force parallel to the plane is needed for motion 

at constant speed? A '“- 82 . U P f J a “ , 

23. A sled weighing 45.0 lb slides from rest down an ice incline which is 64 ft high 

and 320 ft long. The sled reaches the foot of the incline with a speed of 50 ft/sec. \ hat 
t* the coefficient of friction? 

24. A sled and rider together weigh 75.0 lb. Starting from rest, the sled coasts down 

a 30° incline which is 150 ft long. The coefficient of kinetic friction is 0.125. What 
speed will the sled have at the foot of the incline? ^ ns * ^ 
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25. A block weighing 25.0 lb slides from rest down a 20° incline, after having been 
given a slight push to start it. The coefficient of kinetic friction is 0.150. How long 

will it take for the block to acquire a speed of 75.0 ft/sec? 

26. A coin lying on a foot ruler starts to slide when one end of the ruler is raised 
4\i in. above the horizontal. (a ) What is the limiting angle for friction? ( b ) What is the 

coefficient of starting friction? Ans * 21 > °- 38 

27. A block is placed on an inclined plane and the inclination is gradually changed 

until the block begins to slide down. At an inclination of 30 , the body starts to slip 
and it then travels 900 cm down the plane in 6.0 sec. Find the coefficients of kinetic 
and static friction. 

28. When a fluid is forced through a small-bore tube, the flow depends on the 
viscosity. Poiscuille showed that the volume V of fluid passing in time t through a 
tube of length L and internal radius r under a difference of pressure Ap between its 

ends is given by 

- - 

Frc^n this relation, calculate the viscosity of an SAE No. 10 motor oil which flows 
at the rate of 410 cmVmin through a tube of length 100 cm and internal diameter 
0.20 mm under a pressure difference of 50 lb/in. * Ans. 0.167 poise 

29. What size bore is needed in a tube 80 cm long so that 1.0 liter of ethyl alcohol 
(viscosity 0.012 dync-scc/cm 2 ) will flow through it in 1.0 min under a pressure differ¬ 
ence of 0.010 atmosphere (1.013 X 10 4 dynes/cm 2 )? 

30. A steel shaft 2.50 cm in diameter and 20 cm long revolves 5.0 rev/sec inside a 
cylinder whose internal diameter is 2.60 cm. The two are separated by a uniform film 
of hibri'.v d'.v oil whose coefficient of viscosity is 4.0 poises. Calculate (a) the rate of 
?hf*ar »/: «n the. him and (b) the shearing stress F/A. 

Ans. 790 (cm/'scc)/cm; 3100 dynes/cm 2 
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Work and Power 


rhe rate of production of a man working with hand tools on^ 
mall that production by these methodsdocs not meet the demands of modern 
imes. In order to increase the output, machines were deytsed In hem^the 

mergy possessed by coal, gasoline, falling J^XeTthc operator to make articles 
rtto useful work. The machine not only ena 1 ^ him convert 

that would not otherwise be possible, but , n 

rnergy into useful work at a much greater rate than he coulyhown 
efforts. Each workman in a factory has at his d.sposal power much greater 

than he alone could develop. 
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Work. The term work, commonly used in connection with widely dif¬ 
ferent activities, is restricted in physics to cases in which there is a force and a 
displacement along the line of the force. In this technical sense of the word 
work, a pier does no work in supporting a bridge, and a man does no work 
if he merely holds up a suitcase, though he may experience muscular fatigue. 
But in lifting the suitcase to a rack he would perform work. 

Work is defined as the product of the force and the displacement in the 

direction of the force. 

Work = Fs (1) 

In the British system, the most common unit of work is the. foot-pound, the 
work done by a force of 1 lb exerted for a distance of 1 ft. In the metric 
system, work is frequently expressed in terms of the erg (dyne-centimeter), 
which is the work done by a force of 1 dyne exerted for a distance of 1 cm. 
A joule is 10 7 ergs. In the mks system, the newton-meter is the work done by a 
force of 1 newton exerted for a distance of 1 m. One newton-meter is equal 
to 1 joule. Another unit of work, used especially in electrical measurements, 
is the kilowatt-hour (page 86). 

Example: A box is pushed 15 ft along a horizontal floor against a frictional force 
of 50 lb. How much work is done? 

Work = Fs 

Work = (50 lb) (15 ft) = 750 ft-lb 



< :k is performed in dragging a sled 50 ft horizontally when the 
r •! ir. d by a rope making an angle of 30° with the ground (Fig. 1)? 

'f the force in the direction of the displacement is F cos 30°. 

Vorl; — (F cos 30°)i 

. o.-k = 60 ib X 0.866 X 50 ft = 2600 ft-lb 

i* - - . opacity tor doing work is called energy. Though energy 

nod nor destroyed, it can exist in many forms and can be 
!• - . ov one form to another. The energy possessed by an object 

. . tue . ’is morion is called kinetic energy, or energy of motion. Energy of 



WORK AND POWER 


83 


position or configuration is called potential energy. In any case, the change in 
the kinetic energy or potential energy is equal to the work done on a body 
or group of bodies. It follows that the units in which energy is expressed are 
the same as the units for work. 

Much of our everyday work is accomplished by using the energy from 
some source such as gasoline, coal, or impounded water. VVe often buy the 
privilege of having energy transformed on our premises. Thus electricity 
flowing through the grid of a toaster has its electrical energy transformed into 
heat. Energy is transformed, not destroyed. We pay for the energy that is 
transformed (not for the electricity, for that flows back to the plant). The 
amount of energy transformed is the rate of transformation multiplied by the 
time. 

Simple Machines. A machine is a device for applying energy to do 
work in a way suitable for a given purpose. No machine can create energy. 
To do work, it must receive energy from some source, and the maximum 
work it does cannot exceed the energy it receives. 

Machines may receive energy in different forms, such as mechanical 
energy, heat, electric energy, or chemical energy. We are here considering 
only machines that employ mechanical energy and do work against mechan¬ 
ical forces. In the so-called simple machines , the energy is supplied by a single 
applied force and the machine docs useful work against a single resisting force 
The frictional force which every machine encounters in action and which 
causes some waste of energy will be neglected for simplicity in treating some 
of the simple machines. Most machines, no matter how complex, are com¬ 
binations of the lever and the inclined plane. 

Actual Mechanical Advantage. The utility of a machine is chiefly that 
it enables a person to perform some desirable work by changing the amount, 
the direction, or the point of application of the force. The ratio of the output 
force F 0 exerted by the machine on a load to the input force F, exerted by 
the operator on the machine is defined as the actual mechanical advantage 
(AMA) of the machine. 

AMA = £ (2) 

For example, if a machine is available that enables a person to lift 500 lb 
by applying a force of 25 lb, its actual mechanical advantage is 

500 lb/25 lb = 20 

For most machines the AMA is greater than unity. A machine that is 
designed to increase the force has an AMA greater than one; for example, 
a bench vise, a crowbar, or a block and tackle. A machine designed to 
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increase, speed has an AMA less than one; for example, a catapult, or the 
gear train in a hand grinding wheel or the chain drive of a bicycle. 

Ideal Mechanical Advantage. In any machine, because of the effects 
of friction, the useful work done by the machine is always less than the 
work done on the machine. The input work done by the applied force F t - is 
measured by the product of F, and the distance Si through which it acts. The 
output work is measured by the product of the output force F a and the 
distance s 0 through which it acts. Hence 

FoS 0 < PiSi 


Dividing each member of the inequality by FiS a , we obtain 




that is, the ratio of the forces F 0 /F, is less than the ratio of the distances 
Si/So for any machine. If the effects of friction are very small, the value of 
the output work approaches that of the input work, or the value of F 0 /F< 
becomes nearly that of Si/s„. The ideal mechanical advantage (IMA) is defined 
as the ratio of the distance Si through which the input force acts to the dis¬ 
tance s„ through which the output force acts. 


IMA = - 



Since the. 
1 .vcjucp' ! 



move these distances in equal times, the ratio Si/s 0 is also 
' locity ratio. In a “frictionless” machine the inequality 

’ 1 ' nine an equality. 


f • • 


I 




is used to lift a 1000-lb block of stone a distance of 10 ft 
a ‘ j • • of 150 lb for a distance of 80 ft. Find the actual me- 
• ■ ;ded mechanical advantage. 



T 




1000 lb 
130 lb 
80 ft 


10 ft 


= 8.0 


6.67 


o-' th? friction and other losses in all moving ma- 
■- tone by a machine is less than the energy supplied 

,'c l conservation of energy, 

• y.nti — energy output -f- energy wasted 

stored in the machine. The efficiency of a machine is 
jA. put work to its input work. This ratio is always less 
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than 1, and is usually multiplied by 100 per cent and expressed in per cent. 
A machine has a high efficiency if a large part of the energy supplied to it 
is expended by the machine on its load and only a small part wasted. The 
efficiency (eff.) may be as high as 98 per cent for a large electric generator 
and will be less than 50 per cent for a screw jack. 


Also, since 



output work _ FqS 0 
input work F& 


FpS 0 _ 

FiSi 

Eff. = 


Fg/Fi 

S{/S 0 

AMA 

IMA 



Note that the work input times the efficiency is equal to the work output 

Eff. X F^ = F 0 S 0 ( 6 ) 

Example: What is the efficiency of the pulley system described in the preceding 


example? 


Also, 


__ F 0 s 0 (1000 lb)(10 ft) _ „ 

Eff - = F7i = 050IbKSOfO ' 0,83 - % 


Eff. = ^ = 0.83 = 83% 


IMA 


8.0 


To calculate the mechanical advantage of a machine, one can imagine it 
to have carried out a chosen motion. Expressions are written separately foi 
the input distance Si and the output distance s 0 • The ratio of these is the 
ideal mechanical advantage. 


Example: A screw jack has a pitch of 0.25 in., a lever arm 18 in. long, and an 
efficiency of 40 per cent. Find the IMA and the AMA. 

In one revolution of the lever arm the screw lifts the weight IV a distance 0.25 in., 
while the force F acts through 2n X 18 in. 


2tt X 18 in. 
!MA - Q>25 in> 


450 


For 40 per cent efficiency, 0.40 X F X 2ir X 18 in. IT X 0.25 in. 

W 0.40 X 2?r X 18 in. l5n 
AMA = y = - 180 

Power. In science and technology the word pawn is restricted to mean 
the time rate of doing work. The average power is the work performed divided 
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by the time required for the performance. In measuring power P, both the 
work W and the elapsed time t must be measured 

Power = ^ p = E (7) 

time t 

The same work is done when a 500-lb steel girder is lifted to the top of a 
100-ft building in 2 min as is done when it is lifted in 10 min. However, the 
power required is five times as great in the first case as in the second, for the 
power needed to do the work varies inversely as the time. If given sufficient 
time, a hod carrier can transfer a ton of bricks from the ground to the roof 
of a skyscraper. A hoisting engine can do this same work more quickly since 
it develops more power. 

Units of Power. Common British units of power are the foot-pound per 
second and the horsepower. A horsepower is defined as 550 ft-lb/sec. 

A metric unit of power is the erg per second, but since this is an inconveniently 
small unit, the joule per second, called the watt , is commonly used. The watt 
equals 10 7 ergs/sec and is the mks unit of power. The kilowatt , used largely 
in electrical engineering, is equal to 1000 watts. 

TABLE I. UNITS OF POWER 

1 wati -- 10’* oigs per second = 1 joule per second 

1 horse power — 550 foot-pounds per second = 33,000 foot-pounds per minute 

i !h rvpowcr = 746 watts 

i ,i'< •- 1000 watts = 1.34 horsepower 


it : fri ,j\ 


f • 




-he use a' a pulley a man raises a load of 120 lb to a height of 40 ft 

average horsepower required. 


0 



P.V. r. ( . -• 


work force X distance 
time time 

(120 ib)(40 ft) 


65 sec 

~ 550 ft-lb 'sec 


= 74 ft-lb/sec 


» i. 


74 ft-lb/sec 

... ft-lb/sec 
aoO —:- 

hp 


= 0.13 hp 


:.'*y derived from power units. Since work is the 
any power unit multiplied by a time unit may 
> '.A. Commonlv used units of work formed in this 

- • it-second (joule), the watt-hour, the kilowatt-hour, and 

• » 

'..O .tO.A :AO.VAf-AC‘.i\ 
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Measurement of Mechanical Power. The mechanical power output 
of a rotating machine can be measured by equipping the machine with a 
special form of friction brake (Prony brake), which absorbs the energy 
output of the machine and converts it into heat. A simple style of Prony 
brake suitable for small machines consists of a band that passes around the 
rotating pulley of the machine and is 
supported at the ends as shown in Fig. 

2. Two screws W serve to tighten or 
loosen the band, thus regulating the 
load of the machine, and two spring 
balances show in terms of their read¬ 
ings, F and F', the forces exerted on 
the ends of the band. In operation the 
band is dragged around by friction at 
the rim of the rotating pulley and re¬ 
mains slightly displaced. The effective 
force of friction is equal to the differ¬ 
ence of the spring balance readings 
F' — F. The machine, in opposing 
friction, does an amount of work 
(F' — F){2trr) during each rotation, or 
( F ' — F)(2irrn) in 1 min, where n is the number of rotations that it makes per 
minute. If one expresses force in pounds and the radius in feet, the power 
output of the machine in foot-pounds per minute is 2irrn(b' — F)\ or 



'BAND 


Fig. 2. Prony brake. 


2irrn(F' - F) 

Horsepower output = 33i0 00 (ft-ll>/min)7hp 



This is known as the brake horsepower. 

Human Power Output. A man who weighs 220 lb may be able to run 
up a 10-ft flight of stairs in 4.0 sec. If so, he is able to work at the rate of 1 hp, 
since 

220 lb X 10 ft = 5 5 
4.0 sec 


ft-lb/scc = 1.0 hp 


A 110-lb boy would have to climb the same height in 2 sec in order to de¬ 
velop the same power. Human endurance will not enable even an athlete 
to maintain this pace very long. In almost no other way can a man approxi¬ 
mate a horsepower in performance. In sustained physical effort a man’s 
power is seldom as great as Vf 0 hp. 

Since the muscles of the body arc only about 20 per cent efficient, the rate 
at which they perform useful work is only about one-fifth the rate at which 
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they may be transforming energy. The remainder of the energy is converted 
into heat, which must be dissipated through ventilation and perspiration. 
Just as a mechanical engine may have to be ‘‘geared down” to match its 
power output to the requirements of the load, so we as human machines 
can often best accomplish work by long-continued application at a moderate 
rate. 

Alternative Ways of Writing the Power Equation. The rate at which 
a machine works depends on several factors, which appear implicitly in 
Eq. (7). When a machine is working, the average power developed is 

( 9 ) 

where F is the average force that acts through a distance s in time t. 
Equation (9) may be written P = F(s/t), or 

P = Fv (10) 

which shows that the average rate at which a machine works is the product 
of the force and the average speed. A special use of Eq. (10) is that in which 
the force is applied by a belt moving with an average speed v. The belt horse¬ 
power is 


33,000 (ft-lb/min)/hp 

where F is the difference between the tensions (in pounds) in the two sides 
of the belt and v is the belt speed in feet per minute. 

SUMMARY 

H ark is the product of force and the displacement in the direction of the 

force 

Work = Fs 

Fn-.rgy is the capacity for doing work. 

} ho. foot-pound is the work done by a force of 1 lb exerted through a dis¬ 
tance of 1 ft. 

1 he erg is the work done In a force of 1 dyne exerted through a distance 

of 1 cm. 

\ joule is 10' ergs. 

1 he newton-meter is the work done by a force of 1 newton exerted through 
a distance of 1 m. 

A machine is a device for applying energy at man’s convenience. 



WORK AND POWER 


89 


The actual mechanical advantage (AMA) of a machine is the ratio of the 
output force F„ that the machine exerts to the input force F, applied to the 
machine 

AMA = § 

Fi 

The ideal mechanical advantage (IMA) of a machine is defined as the 
ratio of the distance j, through which the input force acts to the distance s u 
through which the output force acts 

IMA = - 

*0 

_ work output _ F 0 s 0 _ AMA 
work input F,s, IMA 

Power is the time rate of doing work. 



A horsepower is 550 ft-lb/sec or 33,000 ft-lb/min. 

A watt is 1 joule/sec. 

One horsepower is equivalent to 746 watts. 

QUESTIONS 

1. Distinguish carefully between doing of work and the exertion of force. Give 
examples. 

2. Show that no work is done on a body that moves with constant speed in a circle. 

3. In a tug of war, team A is slowly giving ground to team If. Is any work being 

done? if so, by what force? 

4. Does the use of a lever increase one’s power? 

5. What kind of machine would you select if you desired one having a mechanical 
advantage of 2? of 500 or more? Which machine would be likely to have the greater 
efficiency if both machines were as mechanically perfect as it is possible to make them? 

6. Why does a road wind up a steep hill instead of going directly up the slope? 

7. How does the IMA of an inclined plane vary with the angle 0 of the plane, 
that is, what trigonometric function of 0 gives the value of IMA? 

8. Describe several machines in which the load moves at a greater speed than the 
applied force. Which is greater in each case, the applied force or the force exerted 
by the machine? 

9. A screw jack used to support a heavy load will usually slay set without running 
back. Show that in Raising a load by means of such a jack at least half the work is 
expended against friction in the jack. 
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10. In Fig. 3 are shown the three ways in which the applied force F i} the load 
F„, and the fulcrum 0 can be arranged on a lever to suit the needs of a particular 
situation. In which case is the AMA less than 1? 



Fio. 3. Three types of lever. 

PROBLEMS 


1. How much work does a 160-lb man do against gravity in climbing a flight of 
stairs between floors 12 ft apart? Docs this account for all the energy expended? 

2. Find the work done in removing 300 gal of water from a coal mine 400 ft deep. 

Water weighs 8.34 lb/gal. Arts. 1,000,000 ft-lb, or 1.00 X 10 6 ft-lb 

3. What is the increase in the potential energy of a 1.0-kg body when it is lifted 
from the floor to a table 1.0 m high? 

4. A box is pushed 3.0 ft along a floor by a horizontal force of 12 lb. The opposing 
force of friction is 8.0 lb. (a) How much work is done by the agent exerting the 12-lb 
force? ( b ) How much energy is converted into heat? 



Fig. 4. Inclined plane. 


.! : ■ .<;rk d'. t.e in drawing a 100-lb box up a plane 20 ft long to a platform 
12 it ‘ m it . ■ rzl'm of friction is 0.20. 

. s Wv «g 10 ions is io be loaded on a truck, 5.0 ft high, by means of 

. " • . f , r L :; .ires 350 ib to overcome friction on the skids, find the least 

for :r «r m-. v t safe. Ans. 5400 lb 

’ r . . .* ib is required to raise a weight of 16 lb by means of a pulley 

‘ i. ill . . s rav.ed 1.0 ft while the applied force is exerted through a dis- 

te-. o. 5.0 u, ; ■' t ic IMA. (i) the AMA, and (c) the efficiency of the pulley 

• ■■ ' ia -s ,. 50 : , lb stone by means of a lever 5.0 ft long. If the fulcrum is 

>t. : fie \ ; 'hat is in contact with the stone, what is the ideal mechanical 
i-i.'jc Ans. 6.7 

:!• ting ri nor., what applied force is necessary in problem 8? 

; ! v n weighing 15^ '!• sits on a platform suspended from a movable pulley 
• o r - himself i / • rope passing over a fixed pulley. Assuming the ropes parallel, 
v. h,:i h>; re docs he c.^ert? (Neglect the weight of the platform.) Ans. 50 lb 
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11. Compare the mechanical advantages of a block and tackle (Fig. 5) (a) when 
the end of the cord is attached to the upper block and (/>) when it is attached to the 

lower block. 

12. A block and tackle having three sheaves in each block is used to raise a load 
of 620 lb. If the efficiency of the system is 69 %, what force is necessary? Ans. 150 lb 

13. A movable pulley is used to lift a 200-lb load. What is the efficiency of the 
system if a 125-lb force is necessary? 



Fio. 5. Block and tackle. Fic - 6 - Screw jack. 


14. The lever arm of a screw jack (Fig. 6) is 3.0 ft long, and the pitch is 0.50 in. 
The efficiency is 13%. (a) Calculate the IMA, the AMA, and the input force neces¬ 
sary to raise a load of 1.0 ton. ( b) Calculate the input and output horsepower if the 
1.0-ton load is raised 1.5 ft in 2.0 min. Ans. 450; 59; 34 lb; 0.35 hp; 0.045 hp 

15. The pitch of a screw jack is 0.20 in., and the input force is applied at a radius 

of 2.5 ft. Find the IMA. 

16. Assuming an efficiency of 30%, find the force needed to lift a load of 3300 lb 

with the screw jack of problem 15. ^ ns% * 

17. A certain screw jack has a pitch of 0.20 in. and the bar used to turn the screw 

i* 4.0 ft long. Find the IMA, the AMA, and the efficiency of this screw jack if a 50-lb 
force applied at the end of the bar will just raise a 5.0-ton load. 

18. A load of 400 newtons is lifted by means of a screw whose pitch is 5.0 mm. The 
length of the lever is 20 cm, and the force applied is 5.0 newtons. Determine the 

efficiency of the machine. 




92 


COLLEGE PHYSICS 


19. The radius of a wheel is 2.0 ft and that of the axle is 2.0 in. (Fig. 7). What force, 
neglecting friction, must be applied at the rim of the wheel in order to lift a load of 
900 lb, which is attached to a cable wound around the axle? 



Fic. 7. Wheel and axle. 


20. A wheel and axle arc used for raising a bucket up the shaft of a mine. The 

wheel has a radius 20 in., and the axle is 4.0 in. in radius. The bucket weighs 120 lb 
and moves upward with uniform speed when the tangential force applied to the rim 
of the wheel is 30 lb. (a) What is the IMA of the wheel and axle? ( b ) What is the 
eflicicncy? (c) What would be the acceleration of the bucket if the force applied to the 
wheel were 32 lb? Assume AMA constant. Arts. 5.0; 80%; 2.1 ft/sec 2 

21. A 500-lb safe is suspended from a block and tackle and hoisted 20 ft in 1.5 min. 
At what rale is the work performed? 

22. A horse walks at a steady rate of 3.0 mi/hr along a level road and exerts a pull 
of 80 lb in dragging a cart. What horsepower is he developing? Ans. 0.64 hp 

23. How heavy a load can a 1 5-lip hoist lift at a steady speed of 240 ft/min? 

24. Find the useful horsepower expended in pumping 5000 gal of water per minute 
from a well in v. hich the water level is 40 ft below the discharge pipe. Ans. 50 hp 

25. t lie ft i< lion brake of Fig. 2 is applied to an electric motor. The following data 
arc recorded by an observer: r — 6.0 in.; F' = 55 lb; F = 20 lb; and n = 1800 
rev-/ min. Compute the horsepower at which the motor is working. 

-6. A 2000- lb load is moved at a speed of 15 mi/hr up a plane 100 ft long making 
a ?0 C angle with the horizontal. The frictional force is 500 lb. Find the work done 
and the necessary power. Ans. 1.50 X 10 8 ft-lb; 60.0 hp 

27. A i0-hp hoisting engine is used to raise coal from a barge to a wharf, an 
average height oi 75 tt. Assuming an efficiency of 75%, how many tons of coal can 
be lifted in 1.0 min? 

28. A locomotive developing 2500 hp draws a freight train 1.75 mi long at a rate 

of 10.0 mi hr. find the drawbar pull exerted by the engine. Ans. 46.8 tons 

29. A 3200-lb c ar is towed by a horizontal towrope with uniform speed along a 
level road. 1 he tension in the towrope is 180 lb, and the car moves 450 ft in 30 sec. 
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(a) How much work is done on the car in towing it the 450 ft? ( b ) What horsepower is 
utilized in towing the car? 

30. Find the difference in the tensions of the two sides of a belt when it is running 

2800 ft/min and transmitting 150 hp. *b/.v. 1770 lb 

31. A 2000-lb car travels 30 mi/hr up a grade that rises 1.0 ft in 20 ft along the 
slope. Find the horsepower expended. 

32. Fifteen horsepower is required to maintain a car's speed at 30 mi hr on a level 
road. What horsepower is required when the 2.0-ton car travels at the same speed 

up a 5° grade? ^ ns ’ ^ 

33. The engines of a patrol plane deliver 2100 hp to keep the plane in level flight 
at a speed of 200 mi/hr. What is the total force opposing the forward motion of the 
plane? 

34. If it requires 25 hp to drive an automobile 20 mi/hr along a level road, what 

is the frictional force opposing the motion? -^ ,IS - “*70 lb 

35. An express elevator makes an ascent of 750 ft in 1.0 min. Find the horsepower 

used in lifting each 150-lb passenger. 

36. A motor operates at its rated load of 10 hp for 8.0 hr a day. Its efficiency is 87< ( . 
What is the daily cost of operation if electric energy costs 5 cents per kilowatt-hour? 

Ans. S3.43 
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> c.h 1 b:' solv ed by the laws of motion discussed 

4 

'iiibr: .tion about the initial status of an object 
h' cud. we can predict its position and velocity 
• - . Uttbons, however, as in the description of the 
,1 , ilication of the laws of motion would require 
1 force' and accelerations in order to obtain a 
.1 y' ..adoration of the potential and kinetic energy 
’n-n between work and energy simplifies the solution 
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of many problems in mechanics. Moreover, the concept of energy leads to 
the principle of the conservation of energy, which unifies a wide range of 
phenomena in the physical sciences. 

Potential Energy. Energy is the capacity for doing work. Potential 
energy (PE) is energy which bodies possess by virtue of their positions or 
configuration. The most common form of potential energy is gravitational po¬ 
tential energy. Since the earth attracts every body, work is required to lift 
the body to a higher level. When a brick is carried to the top of a building, 
the work done on the brick (weight of brick times vertical distance) repre¬ 
sents energy that can be recovered. By virtue of its position at the top of 
the building the brick possesses a capacity for doing work. It has potential 
energy. The work done on the brick, and hence the potential energy gained, 
is the product of the weight W and the height h to which it is raised. 

PE = Wh 0) 

or , 0 \ 

PE = mgh 


If W is in pounds and h in feet, the PE is given by Eq. (1) in foot-pounds. 
If m is in grams and h in centimeters, the PE is given In Eq. (-) in ergs. 
m is in slugs and h in feet, the PE is given by Eq. (2) in foot-pounds. If m 
is in kilograms and h in meters, the PE is given by Eq. (2) in newton-meters 

(joules). , , . . r , 

The gravitational potential energy is expressed relative to a specified 

arbitrary reference level. This reference level may be sea level, or floor 

level, or table level, or any other starting point that is agreed upon by the 

people concerned. 


Example: A 20-lb stone is carried to the top of a building 100 f, high. How much 
does its potential energy (PE) increase? 

Friction being neglected, the increase in PE is just the amount of work done in 
lifting the stone, so that 

PE - Fs - (20 lb) (100 ft) = 2000 ft-lb 


When a spring or a rubber band is stretched, the energy expended in 
stretching it is converted into potential energy, which the spring is capable 
of giving up because the molecules of which it is composed have been pulled 
out of their natural pattern and will exert force in order to get back into 
that pattern. This energy of position should not be thought of as a substance 

within the spring, but as a condition. 

Energy is obtained from the combustion of gaSolinc by virtue of the rear¬ 
rangement of the molecules of which it and oxygen are composed. In an 
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internal-combustion engine, this potential energy of configuration is released 
through the burning of the gasoline. Most of the energy is transformed into 
heat, but a portion is converted into useful mechanical work. Even the 
latter finally takes the form of heat as a result of friction. 

Kinetic Energy. In addition to energy of position or state, objects may 
possess energy due to their motions. A car or bullet in motion, a stream of 
water, or a revolving flywheel possesses kinetic energy (KE). The kinetic 
energy of a moving object can be measured by the amount of work it will 
do if brought to rest, or by the amount of work originally needed to impart 
the velocity to it. 

4 

Consider a body initially at rest on which a steady unbalanced force F 
acts as it moves through a distance s. The body gains speed at a rate given 
by a = F/m. Its speed changes from an initial value of 0 to a final value v. 
The work done on the body by the unbalanced force that accelerates it 
appears as kinetic energy. 

KE = Fs = mas 

From Eq. (5), Chap. 3, 

2 as = v 2 — 0 2 
as = V£i, 2 

KE = V 2 mv- ' (3) 

If m is expressed in slugs and v in feet per second, Eq. (3) gives the KE in 
foot-pounds. If m is in grams and v in centimeters per second, Eq. (3) gives 
t lie KE in ergs. If m is in kilograms and v in meters per second, Eq. (3) gives 
the KE in newton-meters (joules). 

Although a steady force has here been assumed, the result is independent 
of the particular manner in which a body attains its velocity. The proof for 
nonuni’orm acceleration is more involved. 


Example: What is the kinclit energy of a 3000-lb automobile which is moving at 

30 mi h, (44 I*. see')? 


ir 




3000 lb 

7— = 94 slugs 


.32 ft see 

KE = x 94 slugs X (44 ft/sec) 2 = 91,000 ft-lb 

When an accelerating force is applied to a body, the work done by that 
lou e. produces a change in the kinetic energy of the body. If a resultant force 
b nets to start a body in motion or to stop one initially in motion 


Fs = \ mv 2 


(4) 


w 

Example: \\ hat average force is necessary to stop a bullet of mass 20 gm and speed 
2r>0 m see as it penetrates wood to a distance of 12 cm? 
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The work done by the retarding force is equal to the initial kinetic energy of the 
bullet 

Fs = \-i mv 2 

F X 12 cm = 1 i(20 gin)(25,000 cm sec) 2 
F = 5.2 X 10 s dynes 

This force is nearly 30,000 times the weight of the bullet. _ 

The initial kinetic energy, = 6.2 X 10* ergs = 620 joules, is largely wasted 

in heat and in work done in deforming the bullet. 

Stopping Distance. The fact that the kinetic energy of a moving object 
is proportional to the square of its speed has an important bearing upon the 
problem of stopping an automobile. Doubling the speed of the car quad¬ 
ruples the amount of work that must be done by the brakes in making a 

quick stop. 

A consideration of the equation r, 2 - = 2as shows that, .1 - 0 

(indicating a stop), , = -v{/2a, so that the distance in which an automobile 
can be stopped is likewise proportional to the square of the speed, assuming 
a constant deceleration. Actually, however, the decile ration accomp is k 
by the brakes is smaller at high speed because of the effect of heat upon the 
brake linings, so that the increase in stopping distance with speed is even more- 
rapid than is indicated by theoretical considerations. 

Example: In what distance- can a 3000-lb automobile be sloped from a speed of 
30 mi/hr (44 ft/scc) if the- coefficient of friction between tires and road\va> is 0.70. 

The retarding force furnished by the roadway can be no greater than 

/.- = fxA = (0.70)(3000 lb) = 2100 lb 

Since the work done by this force is equal to the kinetic energy of the car, the stopping 
distance can be found by substituting in Eq. (4). 

Fs = Yimv' 1 

IV 3000 lb n . . o 
32 ft sec b 


s — 


\ 94 slugs (44 ft see) 2 = ^ ft 

F 2 X 2100 lb 


Tabic I shows stopping distances for various speeds, assuming the condi¬ 
tions of the preceding example. 

The value of the coefficient of static friction for rubber on dry concrete 
is considerably larger than 0.70, the figure assumed; but if the wheels art- 
locked it is the smaller coefficient of sliding friction which must be consider< d. 
Moreover, as the tires begin to slip, the rubber m» J t«. and the coefficient ol 
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sliding friction becomes much smaller. At the same time it should be remem¬ 
bered that at high speeds the efficiency of brakes is greatly reduced by the 
heat developed in the brake linings. 

TABLE I 


Speed, mi/hr 

Stopping D 

10 

4 

20 

19 

30 

43 

40 

76 

50 

120 

60 

170 

70 

230 

80 

310 

90 

390 


e r! 


1 he distances discussed here are the distances the car moves after the 
brakes are applied. During the time required for the driver to react to a 
signal the car moves a distance that depends upon the speed of the car and 
the reaction time. This distance must be added to the distances given in 
Fable I to Find the total distance the car moves after the signal. 

ht practice, then, an automobile with excellent brakes can often be 
stopped in shorter distances than those indicated for 10 and 20 mi/hr; 
whereas at the higher speeds, 60 to 90 mi/hr, the actual stopping distance is 
several times as targe as me theoretical value. At 90 mi/hr, for example, a 
oir,ta:v' <. of iOaO to >500 it (instead of the theoretical value of 390 feet) is 
requixeu o. s;o- ; >ouig h the brakes alone are used. The decelerating effect 
of .he motor exceeds that of the brakes at very high speeds. 

I’o.e ' ,j:.h a freely falling body acquires a speed of 60 mi/hr 
i stop nr automobile which has this speed, the brakes 
iin. ’.-rct:c energy the automobile would acquire in 
1 120-f: building. 

*- ■ Energy is given to a body when work is done 

: . • " . aete s merely a transfer of energy from one body to 
; ro f - ncr gy is created or destroyed; it merely changes 
■ ' 1 ^trier. This statement is known as the law of conservation 

' - 1 ‘ - 1T| processes some of the energy becomes unavail- 

r . a>, !r,.cnon >s converted into heat energy in such a form 

" ~ r • r ’‘'-cd. hus, although the energy is not destroyed, it is 

y ' - G '' J oscfulness »n the process is concerned. 

1 -*-■ •> ci Kmetic and Potential Energy. Very frequendy 

of kinetic and potential energies. If a ball is held at 
l l ~ a it possesses potential energy. When it is released and 


y _ 


III 

1^1 




• . • • 


, 1 . 


r 


I.J 
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falls, the kinetic energy increases as the potential energy decreases. The 
sum of the KE and PE remains constant and equal to the PE at the top 


Example: A 3000-lb automobile at rest at the top of an incline 30 ft high and 
300 ft long is released and rolls down the hill. What is its speed at the bottom of the 
incline if the average retarding force is 200 lb? 

The potential energy at the top of the hill is available to do work against the retard¬ 
ing force F and to supply kinetic energy. 


m = — = 


3000 lb X 30 ft 
90,000 ft-lb 


v 


2 — 


Wh = Fs -f Vimv 1 
W 3000 1b .. . 

, 32W = 94 SlugS 

= 200 lb X 300 ft + H X 94 slugs X o 2 
- 60,000 ft-lb = H X 94 slugs X v 2 
30,000 ft-lb 


47 slugs 
v = 25 ft/sec 


= 640 ft 2 /sec 2 


The motion of a pendulum furnishes 
another simple example of energy trans¬ 
formations. A small ball (Fig. 1) of weight 
W is suspended from a fixed point P by a 
string of length /. When the ball is pulled 
aside from O to position B, it is raised a 
distance h and hence given potential energy 
Wh. When the ball is released, it moves 
toward its lowest point, and its energy while 
remaining constant changes from potential 
to kinetic, the sum of the two forms always 
being equal to Wh. At point O all the 
energy will be kinetic. The ball will have a 
speed v obtained from 


P 



Fig. 1. Pendulum, an example of 
energy transformation. 



or 



This is the speed it would have acquired if it had fallen freely through a 
vertical distance h. However, the velocity is directed toward the left at 0. 
Under the constraint of the string the ball will continue to move along the 
arc BOA, gaining potential energy at the expense of its kinetic energy as it 
approaches A. If no energy is lost to its surroundings, the ball will reach 
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point A at a height h above its lowest position. It will then retrace its 
path A OB, and the motion will be repeated. 

Example: The bob of a pendulum has its rest point 100 cm below the support. The 
bob is pulled aside until the siring makes an angle of 15° with the vertical. Upon 
release, with what speed docs the bob swing past its rest point? 

From the geometry of Fig. 1 

/ 2 = (/ - hy + (cb y = r- - 2ih + a 2 + (CBy 


Since h is small compared with /, h 2 can be neglected. 
Then 

21 h = (CB) 2 
(CB) 2 


h = 


21 


CB = 100 cm X sin 15° = 100 cm X 0.259 = 25.9 cm 

, (25.9 cm) 2 

h = - = 3.35 cm 

2 X 100 cm 

= \/2gh = y(2 X 980 cm/scc 2 X 3.35 cm) = 81 cm/sec 


SUMMARY 

Energy is the capacity for doing work. 

Potential energy is energy of position or configuration. For gravitational po¬ 
tential energy, 

PE = Wh 

or 

PE = nigh 

Kinetic energy is energy of motion 

KE = 

For transformations between work and kinetic energy, 

/ ■* 1 / o 

•s = Vomv- 

1\\v \q;y u iii be neither created nor destroyed, only transformed. This is 

the /■>;:>( i!„’■ >.j ti e eonstrvation oj energy. 


QUESTIONS 

1. A man vowing .i boat upstream is just able to hold his position with respect to 
the shore. Is lie doing work? If so, on what? 

2. \\ hit’ll performs work: the hammer or the nail? the powder or the bullet? the 
catcher or the baseball? the baseball or the bat? Explain your answers. 

3. When a cai is moving with constant speed along a level road there is no net 
lorce. Is any work being done on the car? Explain. 
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4. Is kinetic energy a vector or a scalar quantity? 

5. Two boys are throwing and catching a ball on a moving train. Docs the kinetic 
energy of the ball at any instant depend on the speed of the train? Explain. 

6. Two similar automobiles arc driven up a slope, one to twice the height of the 
other. How do their potential energies compare? If they are driven on the level, one 
at twice the speed of the other, how do their kinetic energies compare? 

7. Show that during the motion of a simple pendulum the work done by the 

tension in the string is zero. 

8. Show that when a body of mass m is dropped from a height //, the sum of us 
kinetic and potential energies at any instant is constant and equals mgh. 

9. Trace the changes in the energy of a roller coaster car. . 

10. Why is the safe driving speed at night limited by the range of the driver s 

headlights? . . . 

11. Suppose we change the arbitrary zero level for measuring the potential energy 

of a body. Is the potential energy of the body changed? Explain. 

12. How can one calculate the minimum speed with which a projectile would have 

to be fired vertically in order to escape from the earth? 

PROBLEMS . 

1. What is the potential energy of a 1600-lb elevator car at the top of the Empire- 
State Building, 1248 ft above the street level? Take the potential energy at street level 

as zero. 

2 

when 


. A vertical spring is 10.0 in. long when under a load of 12 lb and 1- > in. long 
. the load is increased to 35 lb. How much work is done in stretching thu»spring. 
Assume that the force is proportional to the spring displacement Am. . It- I. 

3. A vertical spring is 10.0 cm long when carrying a load ol 2< kg and 12.0 cm 
long when carrying a load of 32 kg. How much work (a) m joules and (*) in foot¬ 
pounds is required to stretch the spring from 10.0 to 15.0 cm? Assume that the force 

is proportional to the spring displacement. f1in nf/ ? 

4. What is the kinetic energy of a 128-lb body moving with a speed of 110.0 ft/sec. 

Ans. 2.42 X 10 4 ft-Ib 

5. An electron strikes the screen of a cathode-ray tube with a speed of 1.2 
X 10* cm/sec. If the mass of an electron is 9.1 X 10 -g,n, compute m energy ...ergs 

6. Which has greater kinetic energy: an airplane whose we.ght .s 25 .on, and 
which is flying at 250 mi/hr, or a plane whose weight is ,0 tons and winch .» .flying 

at 160 mi/hr? *»■ '°- 5 X ,0 ’ f " b ' 8 '. 6 X ° ftJb . , 

7. A 100-lb stone is dropped from a heigh, of 200 ft. Find its k.net.c and po.em.al 

energies at 0, 1.0, and 2.0 sec after being released, and also upon unking the ground. 
What do you notice concerning the sum of potential and kinetic energies? 

8. Find the kinetic energy of a 5.0-kg mass moving with a speed of 4 0 m/scc. 

Ans. 40 joules 

9. A driver accelerates a car from 15 mi/hr to 35 mi/hr in 60 sec The weight of 
the car is 2800 lb. Find (a) the change in kinetic energy of the car and (h) the acceler¬ 
ating force acting on the car. 
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10. A stream flows at a rate of 6.0 ft/sec. What is the kinetic energy associated with 

each cubic foot of water? y ^ ns ‘ 35 ft-lb 

11. A 110-lb body has its speed changed from 25 to 40 ft/sec in 1.8 sec. What 


average power is required? 

12. A 144-lb body initially has kinetic energy of 6400 ft-lb. After 18 sec it has 
kinetic energy of 160,000 ft-lb. Find (a) the initial speed, (b) the acceleration, (c) the 
accelerating force, and ( d) the distance traveled during the 18 sec. 

Arts. 53 ft/sec; 12 ft/sec 2 ; 54 lb; 2900 ft 

13. A constant force of 12 lb acts vertically upward upon a 10-lb body, originally 
at rest. What is the kinetic and potential energy after 10 sec have elapsed? What 


average horsepower is used? 

14. The hammer of a pile driver weighs 500 lb and falls 12 ft, driving a post 4.0 in. 

into the ground. What mean force is applied to the post? Ans. 18,000 lb 

15. The 1.0-ton hammer of a pile driver is raised 15 ft above a pile and then 
released. What is the average force exerted by the hammer on the pile if the pile is 


driven 8.0 in. into the ground with each blow? 

16. A pile is to be driven into the ground, which resists penetration with a force of 

15,000 lb. If the pile is struck by a 300-lb hammer moving with an initial speed of 
30 ft/sec, ( a ) how far will it be driven at each blow? ( b ) What average horsepower is 
expended' 4 (Neglect energy loss due to heating.) Ans. 0.28 ft; 410 hp 

17. A 120-gm ball is thrown vertic ally upward with a speed of 7.5 m/sec. ( a ) What 
is the maximum height it attains? ( b ) What is its speed when it returns to the initial 
ijoint, of release? 

• t ' ' I 

10. A 0.30-k?. ball is thrown vertically upward with an initial speed of 7.5 m/sec. 
Find (<-;) ii;c i nival kinetic energy, (b) the potential energy of the ball at the highest 
point n .<■ and (c) the maximum height reached above the point of release. 

Ans. 8.4 joules; 8.4 joules; 2.8 m 

>’ . ‘ocke T projectile weighed 27,300 lb and acquired a speed of 3600 mi/ 

‘'hat energy did it possess on account of its motion? (6) What average 
v,. • to! • ■in setting it into motion? 

... iha” gm .'tied by the German army in the First World War used 
264 b ;-u-.d having an initial speed of 1.05 mi/sec. (a) Calculate 
C >- p;-.‘re ini* energy with that of the V-2 rocket of problem 19. 

Ans. 1.26 X 10 8 ft-lb; 1/95 

. .;-.'"'?ng at a speed of 40 mi/hr. A constant force of 1.0 ton 
’. i ujte (a) the time required to bring the car to rest, (b) the 

• cping, (c) the energy expended in stopping it, and (</) the 
■ • .. . . energy, in horsepower. 

> • ■ k .etic friction between road and tire is 0.40, how far will 

i i - o after application of the brakes if all four wheels are locked? 

Ans. 300 ft 


fX 


I 



-•‘ Ti a chute 12 ft high and 24 ft long onto a level platform. The 
o; c , . ,~f tiie box on the chute or platform is 0.20. Find (a) the speed 
a;, i. leaves the chute and (6) the distance it travels on the level platform. 
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24. What kinetic energy does a 64.4-lb body acquire in sliding down a plane 100 ft 

long inclined at an angle of 30° with the horizontal, if the coefficient of sliding friction 
is 0.20? Ans. 2l00 ft-lb 

25. A sled, which with its load weighs 160 lb, is started into motion by a boy who 
exerts a constant force of 28.2 lb for a period of 3.00 sec. The coefficient of sliding 
friction lor the horizontal surface is 0.0200. Find the distance the sled travels after 
the boy stops pushing. 

26. A 40-ton railway car moving 5.0 ft/sec strikes a spring bumper at the end of a 
siding, (a) What is the kinetic energy of the car before collision? ( b ) Through what 
distance does it compress the spring if its elastic constant is 2.25 X 10 4 lb/ ft? 

" Ans. 3.1 X 10 4 ft-lb; 1.7 ft 

27. A body slides from rest down a frictionlcss track which is a quadrant of a circle 
of radius r (Fig. 2). (a) Find the speed at the bottom. (Suggestion: Since no energy 
is converted into heat, we can equate the change in kinetic energy to the change in 


A 



F 10 . 2. A frictionlcss track AH and a surface DC having coefficient of sliding friction n k . 

gravitational potential energy.) ( b ) How does the velocity acquired compare with 
the velocity which would be acquired in free fall through a vertical height r? 

28. A 0.50-lb block is released from rest at a point A on a track which is one 

quadrant of a circle (Fig. 2) of radius 4.0 ft. It slides down the track and reaches point 
B with a speed of 12 ft/sec. From B it slides along a level board a distance of 6.0 ft 
to point C where it stops, (a) What is the coefficient of sliding friction on the hori¬ 
zontal board? ( b ) How much energy was converted to heat as the block slid from 
A to B ? Ans. 0.37; 0.9 ft-lb 

29. A 2000-lb bomb falls freely for 30 sec and penetrates 6.0 ft into the ground. 
What resisting force (assumed constant) does the earth exert? 

30. A bicycle rider has to climb a hill whose crest is 10 ft higher than the base. 

What must be his speed at the foot of the hill in order to save him from doing one- 
tenth of the necessary work against gravity? Ans. 8.0 ft/sec 

31. How many miles per hour can a 500-hp engine pull a 180-ton train up a 2.0 
per cent slope if the force of friction is 3000 lb? 

32. A pendulum bob on a 10-ft string is displaced 30° from the vertical and then 
released. What is the speed of the bob as it passes through the lowest point in its path? 

Ans. 9.3 ft/sec 

33. An object of mass 20 kg hung by a cord 2.0 m long is drawn aside 30 from the 
vertical and released. It is stopped in a vertical position by a uniform spring which is 
compressed 3.0 cm. What is the maximum force exerted on the compressed spring? 
(Neglect energy lost due to heating.) 
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34. A wedge is 3.0 in. thick and 15 in. long. It is driven 0.25 in. into a log by the 

impact of a hammer blow, (a) If there is an average force of 30 lb exerted on the 
hammer for a distance of 4.0 ft, what is the ideal mechanical advantage of the entire 
arrangement? ( b ) What is the average force exerted by the wedge upon the log? 
(Neglect losses.) Arts. 960; 29,000 lb 

35. The engine delivers 30 hp to the propeller of a boat while it cruises at 20 mi/hr. 
If the boat were being towed at the same speed, what would be the tension in the 
towlinc? 

36. A locomotive traveling at 34 mi/hr exerts a drawbar pull of 10 tons. What 

horsepower is it producing? Ans. 1800 hp 

37. A body of mass 2.0 slugs initially at rest on a smooth horizontal surface is acted 
upon by a horizontal force of 24 lb. Find (a) the instantaneous power being expended 
at the end of 1.0 sec, ( b ) at the end of 5.0 sec, and (c) the average power expended 
during the first 5.0 sec. (d) Explain why the power is not constant. 

38. The engine of a 3600-lb automobile develops 30 hp to move the car at 30 mi/hr 

on a level road, (a) What is the retarding force of friction and wind? ( b ) What power is 
needed to drive the car at 30 mi/hr up a 10 per cent grade? (c) Down what grade 
would the car coast at 30 mi/hr? Ans. 380 lb; 59 hp; 10.4 per cent 
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9 . Torque 


When a body is in equilibrium, it is cither at rest or in uniform motion. 
Forces may act to change the linear motion of a body or to change the rota¬ 
tion of the body. If all the forces acting upon a body intersect at a common 
Point and their vector sum is zero, they have no tendency to change either 
translation or rotation. 
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Since most bodies are acted upon by forces that do not act through a 
single common point, we must consider the effect of each force in changing 
the rotation as well as its effect in changing the linear motion of the body. 
The same force applied at different places or in different directions produces 
greatly different rotational effects. The engineer is very much concerned 
with these effects and must make allowances for them in the design of his 
structures. 

Conditions for Equilibrium. Consider an arrangement in which two 
opposing forces equal in magnitude act on a block as in Fig. la. It is obvious 
that if the block is originally at rest it will remain so under the action of these 
two forces. We say, as before, that the vector sum of the forces is zero. 

Now suppose that the forces are applied as in Fig. 1 b. The vector sum of 
the forces is again zero; yet it is plain that under the action of these two forces, 



(a) (b) 


Fig. 1. Forces which arc equal in magnitude and opposite in direction produce equilib¬ 
rium when they have a common line of action (a) but do not produce equilibrium when 
they do not have the same line of action (6). 


the block will rotate. In fact, when the vector sum of the applied forces is 
equal to zero, wc ca r - be sure only that the body as a whole will have no 
change in its iincur motion; we cannot be sure that there will be no change 
in Uj rr/ary tion. Hence complete equilibrium is not assured. In addition 
to lb- f'vsi condition or equilibrium previously stated (Chap. 2), a second 

■ ry, a condition eliminating the possibility of a change in 
Fli : example of Fig. 1 b indicates that this second condition 

■ • p- of the forces as well as their magnitudes and 


cncrtiv 
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. factors that determine the effectiveness of a force in 
1 i. ' .lotion, consider the familiar problem of turning a 
.> i -mv g on a spoke (Fig. 2a). It is a matter of common experi- 

'■ c?: be set into motion more quickly and easily by apply- 
1 t r im itch as A, than by applying the same force at a point 
•• h effect of a given force upon the rotational motion of a 
,r v.(. r the tardier the line of action of the force is from the axis of 
’■ r '- e should not. however, fall into the common error of assuming 
n: t Hi:- distance -hould be measured to the point of application of the force, 
i iu the point of application of the force is just as far from the axle 
'■ " hen applied at A in Fig. 2a, but now there is no effect upon the rota- 
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tion of the wheel, for the line of action of F passes through the axle and it 
merely pulls the wheel as a whole upward. Though the magnitude of the 
force, its direction, and the distance of its point of application from the axis 




Fio. 2. An unbalanced force produces rotational acceleration if its line of action does not 
pass through the axis of rotation. 

are the same in the two examples, rotation is affected in case a hut not in 
case b. 

Moment Arm. The factor that determines the effect of a given force 
upon rotational motion is the perpendicular distance from the axis of rotation to 
the line of action of the force. This distance is called the moment arm of the force. 



Fio. 3. Measurements of moment arm. 


In Fig. 3 , the moment arm of the force F is indicated by the dotted line OP. 
The line of action of the force is a mere geometrical construction and may 
** extended indefinitely either way in order to intersect the perpendicular 
OF. It has nothing to do with the length of the force vector. The force F in 
26 produces no rotation because its line of action passes through the 
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axis of rotation and its moment arm is therefore zero. The same force F in 
Fig. 2 a has a moment arm OA and, therefore, tends to change the rotation. 

Torque. For a fixed moment arm, the greater the force the greater is 
the effect upon rotational motion. The two quantities, force and moment 
arm, are of equal importance. They can be combined into a single quantity, 
torque (also called moment of force), which measures the effectiveness of the 
force in changing rotation about the chosen axis. Torque will be represented 
by the symbol L. 

The torque (moment of force) about a chosen axis is the product of the force 
and its moment arm. 

L = Fs (1) 


An axis must always be selected about which torques are to be measured. 
The value of the torque produced by a given force depends, of course, upon 
the axis chosen. The selection of an axis is quite arbitrary; it need not be 
any actual axle or fulcrum. In many cases, however, a wise selection of the 
axis about which torques are to be calculated greatly simplifies a problem, 
because it reduces to zero the torque due to a force whose magnitude or 
direction is unknown. 

Since torque is a product of a force and a distance, its unit is a force unit 
times a distance unit, such as pound-foot, the usual unit in the British system. 
The cgs unit of torque is the centimeter-dyne. Any similar combination of 
force and distance units makes a suitable unit for torque. 

7 orque is a vectoi quantity. The direction assigned to the vector is parallel 
to the axis of the torque. The consequences of the vector nature of torque 


will be discussed in more detail later in connection with rotary motion. For 


the present we shall confine our attention to cases in which all the forces act 

in the same plane. For these cases the axes, 
and therefore the torques, are parallel and 
only the algebraic signs of the torques need 
be considered. 

The algebraic sign of such torques is deter¬ 
mined bv consideration of the direction of 
the rotation the torque tends to produce. 
For example, the torques in Fig. 3 tend to 
produce counterclockwise accelerations about 
0. while the torque in Fig. 4 tends to produce a clockwise acceleration. One 
ni iy rcf< r to these torques as positive and negative, respectively. Note that a 
g'ven (orce may produce a clockwise torque about one axis, but a counter¬ 
clockwise torque about another axis. The direction of a torque is not known 
from the direction of the force alone. 



I ig. 4. A clockwise torque. 
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Example: A light horizontal bar is 4.0 ft long. A 3.0-lb force acts vertically upward 
on it 1.0 ft from the right-hand end. Find the torque about each end. 

Since the force is perpendicular to the bar, the moment arms are measured along 
the bar. 

About the right-hand end 

L r = 3.0 lb X 1.0 ft = 3.0 lb-ft (clockwise) 

About the left-hand end 

L\ = 3.0 lb X 3.0 ft = 9.0 lb-ft (counterclockwise) 

The torques produced by this single force about the two axes differ in both magnitude 
and direction. 

Concurrent and Nonconcurrent Forces. Concurrent forces are those 
whose lines of action intersect in a common point. If an axis passing through 
this point is selected, the torque produced by each force of such a set is 
zero. If any other axis is chosen in place of that through the common point, 
the sum of the torques will not, in general, be zero. For the special case in 
which the resultant of the concurrent forces is zero, the sum of the torques 
about any axis is zero. Hence a consideration of torque is not necessary in 
the study of a set of concurrent forces in equilibrium. 

For a set of nonconcurrent forces, there exists no single axis about which 
no torque is produced by any of the forces. Therefore, in studying a set of 
nonconcurrent forces in equilibrium, it is essential to take into account the 
relation existing among the torques produced by such a set of forces. This 
relation is expressed in the second condition for equilibrium. 

The Two Conditions for Equilibrium. We have previously considered 
(('hap. 2) the condition necessary for equilibrium under the action of con¬ 
current forces, namely, that the vector sum of all the forces acting shall be 
equal to zero. This condition must also be fulfilled when the forces are not 
concurrent. This first condition may be expressed by the statement that the 
sum of the components in any two perpendicular directions shall be zero. 

2ft = 0 * (2) 

2ft = 0 (3) 

For an object to be in equilibrium under the action of forces in a single 
plane, the algebraic sum of the torques (about any axis) acting upon the 
body must be zero. This statement is known as the second condition jor equi¬ 
librium. It may be represented by the equation 


2Z. = 0 


( 4 ) 
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In the first and second conditions for equilibrium we have a complete 
system for solving problems involving forces that are all in a single plane. 
These same conditions are useful in certain problems involving uniform 
motion. If the first condition is satisfied, the vector sum of the forces is zero, 
and no translational acceleration is produced. If the second condition is 
satisfied, the algebraic sum of the torques is zero, and there is no rotational 
acceleration. This does not mean that there is no motion, but only that the 
forces applied to the body produce no change in its motion. While in equilib¬ 
rium, the body may have a uniform motion including both translation and 

rotation. 

Center of Gravity. The most common force acting upon a body is its 
weight. For every body, no matter how irregular its shape, there exists a 
point such that the entire weight may be considered as concentrated at 
that point. This point is called the center of gravity of the body. The center of 
gravity may be either within or outside the body. If a single force equal to 
the weight of the body and acting vertically upward could be applied at 
the center of gravity, it would support the body in equilibrium no matter 
how the body might be tipped about the center of gravity. 

A knowledge of the position of the center of gravity is very useful in prob¬ 
lems of equilibrium, for that is the point of application of the vector repre¬ 
senting the weight. (It is never necessary and seldom convenient to break the 
weight up into parts.) 


Example: A uniform bar. 9.0 ft long and weighing 5.0 lb, is supported by a ful¬ 
crum 3.0 ft from the left end as in Fig. 5. If a 12-lb load is hung from the left end, 

what downward pull at the right end is 
necessary to hold the bar in equilibrium? 
With what force does the fulcrum push up 
against the bar? 
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Consider the bar as an object in equilib¬ 
rium. The first step is to indicate clearly 
all the forces that act on it. Since the bar is 
uniform its center of gravity is at its mid¬ 
point and hence the weight of the bar, 5.0 
lb. can be considered to be concentrated 

0 

1 ;aree ucis downward at the left end of the bar, a force R acts 
>>.e and there is an unknown downward force F at the right end. 

v. .. i • • on fo~ equilibrium indicates that the vector sum of the forces applied 

is . a or that 


R - 12 lb - 5.0 lb - F = 0 


Yh'hcut further information wc certainly cannot solve this equation, 
;\vo unknown quantities in it, R and F. Let us set it aside for a moment 


since it has 
and employ 




TORQUE 


I I I 


the second condition for equilibrium, calculating the torques about some axis and 
equating their algebraic sum to zero. 

The first thing we must do is to select an axis from which to measure moment arms. 
We shall choose an axis through the point A about which to calculate all the torques. 
Beginning at the left end of the bar, we have (12 lb)(3.0 ft) = 36 lb-ft of torque, 
counterclockwise about A. Next, we see that the force R produces no torque, since its 
line of action passes through the point A. (Is it clear now why we decided to take A 
as an axis?) Third, the torque produced by the weight of the bar W is 

(5.0 lb)(1.5 ft) = 7.5 lb-ft, 


clockwise. Finally, F produces a torque F( 6.0 ft), clockwise. 

Taking the counterclockwise torque as positive and clockwise torque as negative 

and equating the algebraic sum of all the torques to zero, we write 

(12 lb)(3.0 ft) + *(0) - (5.0 lb)(l.5 ft) - F( 6.0 ft) 

' =36 lb-ft + 0-7.5 lb-ft - F( 6.0 ft) = 0 

F( 6.0 ft) = 28.5 lb-ft 
.F = 4.8 lb 

Substituting this value in the equation obtained from the first condition for equi¬ 
librium, we find /? — 12 lb — 5.0 lb - 4.8 lb - 0, or R - 22 lb. 

Example: A chain C (Fig. 6) helps to support a uniform 200-lb beam, 20 ft long, 
one end of which is hinged at the wall and the other end of which supports a 1.0-ton 
load. The chain makes an angle of 30 with the 
beam, which is horizontal. Determine the ten¬ 
sion in the chain. 

Since all the known forces act on the 20-ft 
beam, let us consider it as the object in equilib¬ 
rium. In addition to the 200- and 2000-lb 
forces straight down, there are the pull of the 
chain on the beam, and the force F, which the 
hinge exerts on the beam at the wall. Let us 
not make the mistake of assuming that the 
force at the hinge is straight up, or straight 
along the beam. A little thought will convince 
us that the hinge must lx pushing both up and 
out on the beam. The exact direction of this 
force, as well as its magnitude, is unknown. The 
second condition for equilibrium is an excellent 

tool ,o employ in such a situation, for if we use an axts . .rough .he “ 

about which to take torques, the unknown fora 1 ^ wc can dctcrminc the 

therefore, causes no torque. The remarkable direction of the 

tension T in the chain without knowing either the magmtu 

force at O. 
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The torques about 0 as an axis are, respectively, 

(200 lb) (10 ft) = 2000 lb-ft (counterclockwise) 
(2000 lb) (20 ft) = 40,000 lb-ft (counterclockwise) 
T(20 ft) sin 30° = T(10 ft) (clockwise) 

(Note: The moment arm of T is OP = (20 ft) sin 30° = 10 ft.) Then 

— T(10 ft) + 2,000 lb-ft + 40,000 lb-ft + F{ 0) = 0 

so that 

T = 4200 lb = 2.1 tons 

The problem of finding the magnitude and direction of the force at the hinge is left 
to the student. (Suggestion: Apply the first condition for equilibrium.) 

The trick just used in removing the unknown force from the problem by 
taking torques about the hinge as an axis is a standard device in statics. The 
student should always be on the lookout for the opportunity to side-step 
(temporarily) a troublesome unknown force by selecting an axis of torques 
that lies on the line of action of the unknown force he wishes to avoid. 

Couples. In general, the application of one or more forces to an object 
results in both translational and rotational acceleration. An exception to this 
is the case in which a single force is applied along a line passing through the 

center of gravity of the object, in which case 
there is no rotational acceleration. Another 
special case is the one in which two forces 
equal in magnitude, opposite in direction, 
and not in the same line, are applied to the 
object as in Fig. 1 b. In this case there is no 
translational acceleration. Such a pair of 
forces, resulting in a torque alone, is called a couple. The torque produced by 
a couple is unitpendent of thr position of the axis and is equal to the product of one 
•f the foi' -s and the perpendicular distance between them. 

Consider the torque produced by the couple shown in Fig. 7. About the 

axis 0. the torque produced by F i is Fi(OA), and that by Ft is —Fz(OB). 
Since l-\ — Fj. — F the total torque is 

F(OA) - F(OB) = F(OA - OB) = F(AB). 

! his vi . ilies the statement that the torque produced by a couple is the prod¬ 
uct one (either) of the forces and the perpendicular distance between 
them, a product independent of the location of the axis. A couple cannot 
be balanced In a single force but only by the application of another couple 
equal in magnitude and opposite in direction. 



Fig. 7. Forces constituting a 
couple. 


TORQUE 



SUMMARY 

The motion of a body is determined by the placement of the forces acting 
on it as well as the magnitude and direction of the forces. 

The moment arm of a force is the perpendicular distance from the axis to the 
line of action of the force. 

The torque produced by a force is equal to the product of the force and 
its moment arm 

L = Fs 


Torque is measured in pound-feet or in centimeter-dynes or any similar 
combination of force and distance units. 

Torque is a vector quantity. 

For an object to be in equilibrium, it is necessary (1) that the vector sum 
of the forces applied to it be zero, and (2) that the algebraic sum of the torques 
(about any axis) acting on it be zero. 

ZF z = 0 

ZFy = 0 

27. = 0 


The center of gravity of a body is the point at which its weight may be con¬ 
sidered as acting. 

A couple consists of two forces equal in magnitude, opposite in direction 
and not in the same line. The torque produced by a couple is equal to the 
magnitude of one (cither) of the forces times the perpendicular distance 
between them. 


QUESTIONS 


1. What are the advantages of an automobile brake drum with a large diameter 
over one with a smaller diameter? 

2. Describe and explain the difference in the position of a man carrying a suitcase 
in one hand and that of a man carrying a suitcase in each hand. 

3. A man wishes to check the weight of a purchase, but has available only a spring 
balance reading to about a third of the presumed weight of the object. Show how he 
could perform an accurate weighing with the spring balance and a yardstick. 

4. How could one determine experimentally the location of the center of gravity 
of an irregular body? 

5. How might one use the property of center of gravity to locate the geographic 


center of a state? 

6. Discuss the stability of a body in equilibrium. How is stability related to poten¬ 
tial energy? Give illustrations. 
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7. Justify the statement that in order for a body to be in equilibrium under the 
action of three nonparallel forces, these forces must be directed so that their lines of 
action intersect at a single point. 

8. Show that if the resultant of a set of concurrent forces is zero, the sum of the 
torques about any point due to these forces must also be zero. 

9. Archimedes is reputed to have said, “Give me a place to stand and I can lift 
the earth.” Comment on this statement. What are some of the auxiliary devices that 
he would have needed for this cosmic experiment? 

10. Show that a couple cannot be balanced except by another couple. 


PROBLEMS 

1. A rope is wound around a shaft 3.0 in. in diameter. If a pull of 160 lb is exerted 
on the rope, what torque is imparted to the shaft? 

2. A bar 20 ft long makes an angle of 30° with the horizontal. A vertical force of 

40 lb is applied 4.0 ft from the upper end. Calculate the torque due to this force about 
each end. Ans. 550 lb-ft; 140 lb-ft 

3. A motor with a pulley of diameter 18 in. is coupled to a machine by a belt that 
passes over a pulley 24 in. in diameter on the machine. The sides of the belt are under 
tensions of 45 and 60 lb, respectively. Calculate die torque exerted at each pulley. 

4. A uniform board 20.0 cm X 10.0 cm has a mass of 200 gm. Masses of 50.0 gm 
and 80.0 gm are attached at two corners at the ends of one of the longer sides. Locate 
the center of gravity. 

Ans. y — 1.97 cm; x = 0.91 cm from the intersection of the diagonals 

5. A uniform board 10.0 cm square lias a mass of 100 gm. Masses are attached 
ut each corner in order around the square, 200 gm at A, 100 gm at B, 60 gm at C, and 

4C gm 2 ' D. kind the center of gravity. 

C W lee.* of o wheelbarrow arc 3.0 horizontal ft from the axle. When the wheel- 

, c.:\ a force of 12 lb applied to the handles 4.0 horizontal ft from the 
c 1 o ' aise the legs from the ground. If a 120-lb box is placed in the wheel- 
•>h >'• of gravity 1.5 ft from the axle, what force must be applied to 

‘he legs from the ground? Ans. 57 lb 

‘ ’■ 20.0 ft long and weighing 200 lb is supported in a horizontal 

( ropes A and B , one at cither end. Calculate the tension in 

‘ b man and a 160-lb man are standing 5.0 ft and 12.0 ft, 
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. or. a horizontal uniform scaffold hung by its ends from two 
0 it apart. The scaffold weighs 50 lb. The tension in A is 
0 lb. \,a ) What is the weight of the painter? (A) How far from 

Ans. 150 lb; 4.7 ft 

beam 40 ft long is carried by three men, one at one end of 
- o supporting a crossbar. Where must the crossbar be placed 

■ i'port the same load? 

-b it long and weighing 80 lb is supported by a boy 2.0 ft from 
‘ - from end B. At what point should a load of 100 lb be placed 


t the man v ill support twice as much as the boy? 


Ans. 8.8 ft from B 
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11. Where must a force of 100 lb be applied to a 20-lb uniform pole which is 10 ft 
long, if a man at one end supports 50 lb and a man at the other end supports the 
remainder? What force does the second man exert? 

12. A uniform, 30-lb beam 10 ft long is carried by two men A and B, one at each 

end of the beam. ( a ) If A exerts a force of 25 lb, where must a load of 50 lb be placed 
on the beam? ( b ) What force does B exert? A ns. 2.0 ft. from B\ 55 lb 

13. A meter stick is balanced on a fulcrum at the 50.0-cm mark. A scale pan P 
at the 14.0-cm mark just balances a second pan Q. at the 90.0-cm mark. \\ hen a load 
of 100 gm is added to pan Q, it must be moved to the 75.0-cm mark to maintain bal¬ 
ance. Pan P remains unmoved. Calculate the masses of pans P and Q. 

14. A nonuniform bar weighs 40 lb and is 12 ft long. When it is supported by a 
fulcrum at its mid-point, a load of 8.0 lb must be supplied at the small end to hold the 

bar in a horizontal position. Where is the center of gravity? 

Ans. 4.8 ft from thicker end 


15. A telephone pole weighs 300 lb and is 30.0 ft long. Its center of gravity is 10.0 ft 
from the thicker end. What force must be applied at the smaller end to maintain the 
pole in a horizontal position when it is supported at its mid-pointi* 

16. A nonuniform bar of iron 16 ft long rests on two supports, one at cither end. 

At end A, the support exerts a force of 200 lb, at end B, 160 lb. There is a load ol 
40 lb, 2.0 ft from B and another of 60 lb, 4.0 ft from A. Find the weight of the bar and 
the position of its center of gravity. Ans. 260 lb; 6.8 ft from A 

17. A uniform horizontal beam 15 ft long has one end supported on a ledge in a 
vertical wall while the other end is supported by a rope, which makes an angle ol 30 
with the wall. The beam weighs 100 lb and supports a load of 200 lb at the outer end. 
Find the tension in the rope and also the vertical and horizontal forces at the wall. 

18. A crane boom 30 ft long, weighing 200 lb, and having its center of gravity 10 ft 
from the bottom is hinged at the lower end and makes an angle of 30 with the vertical. 
It is held in position by a horizontal cable fastened at the upper end. The boom sup¬ 
ports a 1000-lb load at its upper end. Find the tension in the cable, the horizontal and 
vertical components of the thrust at the hinge, and the resultant thrust there. 

Ans. 620 lb; 620 lb; 1200 lb; 1300 lb, 63° above the horizontal 

19. The uniform boom of a crane is 40.0 ft long and weighs 4.00 tons. I he tic rope 
i» horizontal and is attached 10.0 ft from the upper end of the boom, which makes at. 
angle of 60° with the horizontal. If a 10.0-ton load is attached to the end of the boom, 


calculate the tension in the tie and the force exerted by the boom on its lower support. 

20. The uniform boom of a crane is 40.0 ft long and weighs 400 lb. It is hinged 
at the bottom and held at an angle of 45° by a tie rope attached 10.0 ft from the upper 
en d. The tie rope makes an angle of 60° with the vertical. A load of 3600 lb is sup 
Ported at the end of the boom. Find (a) the tension in the tic rope, ( b ) the vertical and 
horizontal thrusts at the hinge, and (c) the resultant thrust at the hinge. 

Ans. 3700 lb; 2150 lb; 3200 lb; 3850 lb, 33.8° above horizontal 

21. A uniform rod 16 ft long and weighing 200 lb is pivoted at its upper end. It is 
drawn aside so that it makes an angle of 30° with a vertical wall by means of a rope 
fastened at its lower end and making an angle of 90° with the rod. Find the tension 
,n the rope and the horizontal, vertical, and resultant forces at the pivot. 
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22. A uniform rod 30 ft long and weighing 200 lb is pivoted at its upper end. It is 
drawn aside so that it makes an angle of 60° with the vertical by means of a rope 
fastened at the lower end and making an angle of 90° with the rod. Find (a) the ten¬ 
sion in the rope, ( b) the horizontal force at the pivot, (c) the vertical force at the pivot, 
and (d) the resultant force at the pivot. 

Ans. 87 lb; 43 lb; 125 lb; 132 lb, 19° from the vertical 

23. A uniform ladder 30.0 ft long weighing 50.0 lb rests on horizontal ground and 
leans against a smooth vertical wall. If the ladder makes an angle of 60° with the 
horizontal, calculate the frictional force between ladder and ground necessary to 
keep the ladder from slipping when a 150-lb man is 10.0 ft from the top of the ladder. 

24. A uniform ladder 20 ft long and weighing 80 lb rests against a smooth vertical 

wall at an angle of 30° to the wall. A 150-lb man stands 12 ft up from the bottom of 
the ladder. Find the horizontal force necessary at the base to keep the ladder from 
slipping. Ans. 75 lb 

25. The foot of a 50-lb uniform ladder is 6.0 ft from a smooth vertical wall. The 
upper end rests against the wall at a point 30 ft from the ground. If a 150-lb man is 
halfway up the ladder, find (a) the force exerted by the ladder against the wall, (b) the 
vertical, and (c) the horizontal component of its force against the ground. 

26. A uniform ladder 20.0 ft long weighing 30.0 lb rests on horizontal ground and 

leans at an angle of 60° with the horizontal against a smooth vertical wall. How far 
up the ladder may a 160-lb man go before the ladder slips if the coefficient of friction 
between ladder and ground is 0.433. Ans. 15.9 ft 

27. A 200-lb man stands on a 50-lb ladder which is 20 ft long. The ladder has one 
end resting on a horizontal floor. The other end is held up by a vertical rope so that 
the ladder makes an angle of 30° with the floor. The man is 4.0 ft away from the end 
of the ladder to which the rope is attached. A boy exerts a downward force of 25 lb 
perpendicular to the ladder at a point 8.0 ft from the end that rests on the floor. 
Determine («) the tension in the rope and (A) the thrust exerted by the floor. 

28. A 20-lb farm gate is supported by two hinges 4.0 ft apart. The gate is 12.0 ft 

long. Its weight is entirely supported by the upper hinge. If the gate is of uniform 
construction, "hat forces are exerted (a) at the upper hinge and ( b ) at the lower 
h ,n R c ' Ans. 36 lb, 56° from vertical; 30 lb, horizontally 

29. \ 250-lb cubical block, 5.0 ft wide, rests on a horizontal floor against a small 
obstacle at one edge. Tn order to overturn the block most easily, (a) how should one 
push, and (^>) wnut force must one apply? (c) How will this force vary as the block 
starts to tip? 


30. A 30.0-lb sphere 
is 0.35. (/;) What is the 
How must this force be 


rests on a 30 incline where the coefficient of static friction 
minimum force that will keep the sphere in equilibrium? (b) 
applied? Ans. 7.5 lb 
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Rotation of Rigid Bodies 


In almost all engines or motors, energy is transformed from heat or electric 
energy to mechanical energy by turning a shaft or wheel. Mechanical 
energy is transmitted by systems of pulleys or gears. Such transformation 
or transmission of energy involves rotation. In order to study these machines, 
it is necessary to understand rotary motion and the action ol torque in 
changing it. 
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Rotary Motion; Angular Speed. As a disk turns about its axis, not all 
points move with the same speed since, to make one rotation, a point at 
the edge must move farther than one near the axis, and the points move these 
different distances in the same time. In Fig. 1 the point A has a greater speed 
than B , and B greater than C. 

If we consider the line ABC rather than the points, we notice that the line 
as a whole turns about the axis. In a certain interval of time it will turn 
through an angle shown by the shaded area. The angle turned through per 
unit time is called the angular speed 

0 

(S> — - 


where oj (omega) is the average angular speed and 6 is the angle turned 
through in time /. The angle may be expressed in degrees, in revolutions 
(1 rev = 360°), or in radians. The angular speed is then expressed in degrees 
per second, revolutions per second, or in radians per second. 



axis 0. The angular speed 
n Che ka.T'c for all Darts of 
Ld:. bat the linear speed 
as the radius in- 

f * 4 
1 • v a » 



Fig. 2 . The ratio of arc to 
radius is a measure of the 
angle 

0 = * = £? 
r l T * 


-'it. -1 '. 

?nsr.: 


1 c use . < V iv.g ian r.s a unit of angular measurement is convenient be- 
, when V * system is used, there is a very simple relation between 


•co'.;O' • uc’ the ur.ear motion of the points. 


I*lx. - 


-a, Jl 


M . 


' tfcrvn an angle with its apex at the common center of two 
: ie? recti of arc cut from the circle depends upon the length of the 
radius r he ru’io of length of arc to radius is the same for both the circles. 

This ratio may be used as a measure of the angle 
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where r is the length of the arc and r is the radius. The unit of angle in this 
system is the radian , which is the angle whose length of arc is equal to the 
radius. The length of the circumference is 2irr. Hence 

1 rev = 360° = — = 2 tt radians 


1 radian = — 57.3 


(approximately) 


Angular Acceleration. As in the case of linear motion, angular motion 
may be uniform or accelerated. Angular acceleration a (alpha) is the time rate 
of change of angular velocity. Symbolically, 


o) 2 — ooi 


a = 


where a>i is the initial and a >2 the final angular velocity. 

In studying uniformly accelerated angular motion, we treat it in a manner 
similar to that in which uniformly accelerated linear motion was handled 
in Chap. 3. For solving problems in uniformly accelerated rotary motion, 

the following five equations arc needed: 

( 1 ) 

( 2 ) 

(3) 


0 = o)t 

(a) 2 — i = CCt 

d> = i + ^2) 


6 = o>\l + 
W2 2 - oil 2 = 2 ad 


\CL 


2 at 2 


( 4 ) 

( 5 ) 


Note that these equations become identical with Eqs. (1) to (5) of Chap 3 
if 6 is substituted for 5, for and « for These equations ho!d whatever 

the angular measure may be, as long as the same ineasurt is use ro 

a single problem. As in the case of linear motion, Eq. ( 0 s ° rr „| ( , ratcc t 

of angular motion while the other four are true only for uniform y accc c 

a T! ar m °j- 0n • 1 thrre is a very simple relationship between 

When radian measure is used, there is a \t > I . 

angular and linear motions. These relationships are given by the equations 

, = Or < 6 ) 

A dr (7) 

- = air v ' 

At 

( 8 ) 


V = T" 


As 

At 


Vi — V | _ 03V 
= \ ' 


03 or — _ Qr 


Example: A flywheel revolving a. 200 rpn. slows down at a constant rateof ZOO 
radiam/sec*. What time is required to stop .he flywheel and how many revolutions 

docs it make in the process? 
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w, = 200 rpm = 200(2 tt) radians/min = — radians/scc 


60 


0) 2 = 0 

a = —2.00 radians/scc 2 


Substituting in Eq. (2), 


0 — radians/sec 


60 


/ = 


( — 2.00 radians/sec 2 )/ 
10.5 sec 


Substituting in Eq. (5), 

/400tt 

0 - Ur 


radians/scc^ = 2(—2.00 radians/sec 2 )0 


110 


6 = 110 radians = rev = 17.5 rev 

27T 

Moment of Inertia or Rotational Inertia. It has been found that a 

force is necessary to change the motion of a body, that is, to produce an 
acceleration. A greater force is required to give an acceleration to a body 
of large mass than to cause the same acceleration in a smaller one. If the 

rotation of a body about an axis is to be 
changed, a torque about that axis must be ap¬ 
plied. The angular acceleration produced by a 
given torque depends not only upon the mass 
of the rotating body but also upon the distribu¬ 
tion oj mass with respect to the axis. In Fig. 3, a 
bar with adjustable weights W\ and W 2 is sup¬ 
ported on an axle. If a string is wrapped around 
the axle and a weight W is hung on the string, 
the axle and rod will rotate. The rate of gain in 
speed of rotation will be much greater when W\ 
and IVo arc near the axle, as shown by the dots, 
than when thev arc near the ends of the rod. 
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II a sm;.l| bod\ of mass rn is located at a distance r from the axis, its moment 
•J ;mrf:a / (aiso call'd rotational inertia) is the product of the mass and the 
square ol the radius. Symbolically, 


/ «> 
= mr~ 


(9) 


In an extended body, each particle of matter in the body contributes to the 
moment of inertia an amount mr~. The moment of inertia I of the body is 
the sum of the contributions of the individual elements. 
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1 = m\T \ 2 + m 2 r 2 2 + m 3 r 3 2 + . . • 

I = 2mr* ( 10 ) 

where 2) means the sum of the products for all the particles of the body. The 
unit of moment of inertia is made up as a composite unit. In metric systems 
we have the gram-centimeter 2 or the kilogram-meter 2 . In the British 
gravitational system that we have been using, where the weight is in pounds, 
we get the mass in slugs from W/g and the unit for / is the slug-foot-. 

For many regular bodies, the moment of inertia can be computed without 
difficulty and expressed in terms of the total mass of the body and the dimen¬ 
sions of the body. A few of these expressions are listed in Table I and a 
sample of the calculation is given in Appendix III. 


TABLE I. MOMENT OF INERTIA OF REGULAR BODIES 


Body 

Axis 

Moment 
of inertia 

I liin rincf of rsdius /?. 

Through center, perpendicular to 
plane of ring 

Along any diameter 

Through center, perpendicular to disk 
Along any diameter 

Axis of the cylinder 

Any diameter 

Perpendicular to rod at one end 
Perpendicular to rod at the center 

wR- 

Thin rine of radius R . 

Hr»K* 

Disk of radius R . 

IfrnR 1 

Disk of radius R . 

1 imR 2 

Cylinder nf radius R .. 

\ £ rnR i 

Snhcrc of radius R . 

HmR* 

Uniform thin rod of length l... . 
Uniform thin rod of length l. . . . 

s s 


Each of these formulas is derived by adding up the products mr of Eq. 
(10) for the particles of that particular body (see Appendix for an example 
of such addition). Note that the value of the moment of inertia depends upon 
the position of the axis chosen. 

Example: What is the moment of inertia of a 50-lb flywheel whose diameter is 
16 in.? 


For a cylinder about its axis 


/ 

m 

R 

l 


\tynK 1 

\V _ 50 lb 

g ~ 32 ft/sec* 
8.0 in. = H ft 


1.6 slugs 


•,£(1.6 slugs)(36 ft) 2 = 0.35 slug-ft 2 
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It is frequently desirable to be able to compute the moment of inertia of 
a body about an axis other than its common geometrical axis. This is rela¬ 
tively simple if the axes are parallel. We make use of the fact that the moment 
of inertia about an axis that is distant r from the center of gravity is the sum 
of the moment of inertia about the axis through the center of gravity and 
the moment of inertia of the body considered concentrated at the center of 
gravity about the new axis parallel to that through the center of gravity. 
That is, we must add mr 2 to the moment of inertia about the axis through the 
center of gravity. 

Radius of Gyration. In considering the moment of inertia of a body, it 
is frequently convenient to treat it as if all the mass were concentrated at a 
single distance from the axis. For each body a distance K can be found such 
that if all the mass were concentrated at that distance the moment of inertia 
would not be altered. This distance is called the radius of gyration. Its defining 
equation is 

1 = mK 2 


It is most useful for irregular bodies since the moment of inertia of such a 
body cannot be simply expressed in terms of its measurements. If, however, 
the radius of gyration of the irregular body is known, it can be used to com¬ 
pute the moment of inertia. For regular bodies such as those listed in Tabic 
T. we can write an expression for the radius of gyration in place of the expres¬ 
sion for the moment of inertia. For example, for a disk, K = R/\/2, and 

for a phe'o. K ~= R y/%. \ 


\: 


> i 


4 '.-'L flywheel has a radius of gyration of 1.5 ft. What is its moment 


/ = m/C- 

IF 40 lb 

•n = — = --—•„ = 1.2 slugs 

32 ft sec* ° 

i = : = 1.2 slugs (1.5 ft) 2 = 2.8 slug-ft 2 

A* Angviar Motion. Newton’s laws for rotary motion 
v - i 'r v av motion. The first law' applies to a condition 
* change its angular velocity unless it is acted upon by 
. A i tody at rest does not begin to rotate without 
' do \ ther does a body that is rotating change its 
• avis, snless a torque acts. A rotating wheel would 
• ’o v a r ;. it were not stopped by a torque such as that due 


IC'r.U 


.’ - ’j about an axis produces an angular acceleration, about that 
. > ■:, t'j proportional to the torque and inversely proportional to the 
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moment of inertia of the body about that axis. 
becomes 

L = la 


In the form of an equation this 



where L is the unbalanced torque, / is the moment of inertia, and a is the 
angular acceleration. Torque must always be referred to some axis as are 
also moment of inertia and angular acceleration. In Eq. (11) we must be 
careful to use the same axis for all three quantities. As in the case of the force 
equation for linear motion, we must be careful to use a consistent set of units 
in Eq. (11). The angular acceleration must be expressed in radians per second 

per second. 

In our usual British system the torque is expressed in pound-feet and the 
moment of inertia in slug-foot 2 . In the cgs system the corresponding units are 
the centimeter-dyne and the gram-centimeter 2 , while in inks units they are 
the meter-newton and the kilogram-meter 2 . 


Example: A flywheel, in the form of a uniform disk 4.0 ft in diameter, weighs 
600 lb. What will be its angular acceleration if it is acted upon by a net torque of 
225 lb-ft? 



2 = 18- 7 slugs 


W _ 6 00 lb 

g ~ 32 ft/sec 
t .£mIV = HO 8 - 7 slugs)(2.0 ft)* = 38 slug-ft 2 

la 

225 lb-ft = (38 slug-ft 2 )a 
a = 5.9 radians/sec 2 


In radian measure the angle is a ratio of two lengths and hence is a pure number 
The unit “radian” therefore does not always appear in the algebraic handling of units 


Example: If the disk of the preceding example is routing at 1200 rpm, what 
-orque is required to stop it in 3.0 min. - * 


From Eq. (2) 



0 )\ 


0)1 — (j} \ = (Xl 
0)2 = 0 

= 1200 rpm = 20 rps = 40?r radians/sec 
/ = 3.0 min = 180 sec 
0 — 407T radians/sec = a(180 sec) 


a 
40t r 


407T- .. , 

— 737 . radians/sec* 
1 oU 


la = (38 slug-fl 2 ) (“igQ radians/scc*^ = -26 lb-ft 


The negative sign is consistent with a retarding torque. 
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For every torque applied to one body , there is a torque equal in magnitude and 
opposite in direction applied to another body. If a motor applies a torque to a shaft, 
the shaft applies an opposite torque to the motor. If the motor is not securely 
fastened to its base, it may. turn in a direction opposite to that of the shaft. 
If an airplane engine exerts a torque to turn the propeller clockwise, the air¬ 
plane experiences a torque tending to turn it counterclockwise and this 
torque must be compensated by the thrust of the air on the wings. For twin- 
engined planes, the two propellers turn in opposite directions and thus avoid 
a net torque. 

Work, Power, Energy. If a constant torque L turns a body through an 
angle 0, work is done by the torque. The torque is the result of a force F acting 
at a distance r from the axis. The work done by the force is 

Work = Fs 

but the distance s in the direction of the force is the length of the arc s = rO , 
and L = Fr 

Work = FrO = Ld (12 j 


Since power is work per unit time, 



— = Lu, = LX2rm 



The expression for the kinetic energy of rotation of a body can be derived 
from Eqs. (5) and (11) in the same manner that Eq. (3), Chap. 8, was 
derived to express the linear kinetic energy. 

KE = y 2 Iu'- (14) 


Frequently a body has simultaneous linear and angular motions. Fo r 
example, the wheel of an automobile rotates about its axle, but the axle 
advances alone die road. It is usually easier to deal with the kinetic energy 
of such a body if we consider the two parts: (1) that due to translation of the 
ecu lei of mass < 1 bun") and (2) that due to rotation about an axis through the 
center of mass 


Example: W hat is the kinetic energy of a 5.0-lb ball whose diameter is 6.0 in., if 
it rolls across <i level sail,ice with a speed of 4.0 ft, sec? 


KF 

= 

- + 

m 

IF 

5.0 lb 

1 <V; 

1 

32 ft, sec* 


V 

4.0 ft sec 

U) 

= R = 

ii h 


= 0.16 slug 
= 16 radians/sec 
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From Table I 

I = (H)wR* = H(0A6 slug )(X ft ) 2 = 0.0040 slug-ft 2 
KE = M(0.16 slug)(4.0 ft/sec ) 2 + >-£(0.0040 slug-ft 2 )(16 radians/sec ) 2 
= 1.3 ft-lb + 0.5 ft-lb = 1.8 ft-lb 

When energy is supplied to a body so that it is divided between energy of 
translation and energy of rotation, the way in which the energy is divided 
is determined by the distribution of mass. If two cylinders of equal mass, one 
being solid and the other hollow, roll down an incline, the solid cylinder will 
roll faster. Its moment of inertia is less than that of the hollow cylinder and 
hence the kinetic energy of rotation is smaller than that of the hollow cylinder; 
but its kinetic energy of translation is greater than that ot the hollow cylinder. 
Hence the solid cylinder has a greater speed. 

Example: A solid cylinder 12.0 in. in diameter at the top of an incline 6.0 ft high and 
13 ft long is released and rolls down the incline. Find its linear and angular speeds at 
the bottom. Neglect energy losses due to friction. 

The potential energy of the cylinder at the top of the incline is converted into 
kinetic energy of translation and rotation as the cylinder rolls down. At the bottom 
of the incline all the potential energy has been converted into kinetic energy. 

PE = KE 

Wh = )£mc 2 + ^£/w 2 

but 

v 

“ = Tt 

and 

1 = l^mR 2 

Then 

m - r w ’ + \(l m,t ‘) ( "it ) 

Wh = y 2 mv 2 + y x mv l = (ji)mv 2 
Wh = mgh = (Y\)nai l 
v 2 = {%)gh 

v = y/{y 6 )gh = \/($$)(32 ft/scc 2 )(6.0 ft) = 16 ft''sec 
v 16 ft/sec .. , 

w “ 7t = Wft “ 32 rad,a " s/s " ; 

Note that the linear speed does not dc|xrnd upon the size or weight of the cylinder. 

Comparison of Linear and Angular Motions. In our discussion of mo¬ 
tions and forces we have found the equations of angular motion to be quite 
similar to those of linear motion. They can be obtained directly from the 
equations of linear motion if the following substitutions arc made: 0 for j, 
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(o for », a for a, L for F, / for m. In Table II is listed a set of corresponding 


equations. 

TABLE II. CORRESPONDING EQUATIONS IN LINEAR AND ANGULAR 

MOTION 



Linear 

Angular 


S 

d 

Velocity . 

D = 't 1 

u = r 


»o 

l 

CO 2 — COi 

Acceleration. 

°- - 

a - / 

Uniformly accelerated motion. 

*2 

w 

1 

II 

a )2 — = at 

s = tV + Hat 2 

0 = Q)\t + Hat 2 


vz 2 — v\ 2 = 2 as 

o> 2 2 — o)\ 2 = 2 ad 

Newton’s second law. 

F — ma 

3 

11 

*-1 

Work . 

Work = Fs 

Work = Ld 

PnwiT .. .. 

P = Fv 

P = Lo) 

K ifiri w nv*r"V . 

KE = Hmv 2 

KE = HIo) 2 



SUMMARY 

For a Totaling body the average angular speed is the angle turned through 
per nr.il time by a line dial parses through the axis of rotation, 

0 

co = - 

/ 


in radians, is the ratio of the length of arc to its radius, 
i, •; v hose length of arc is equal to the radius. 
n v rate '’-change of angular velocity, 


Ci)> — 0)1 

7 

c od e’ a ted angular motion are similar to those for 
* -instituted lor distance, angular speed for linear 
> : r. for linear acceleration, 
dona! inertia) of a body about a given axis is the 
i - mass and square of the radius for each particle 

/ = Zmr 2 

1 • gv ation of a body about an axis is the distance from that 

. i all the mass might be concentrated without altering the 










ROTATION OK RIGID BODIES 


127 


moment of inertia. It is defined by the equation 

I = mK 2 

For angular motion Newton’s laws may be stated: 

1. A body does not change its angular velocity unless it is acted upon by 
an external, unbalanced torque. 

2. An unbalanced torque about an axis produces an angular acceleration 
about that axis, which is directly proportional to the torque and inversely 
proportional to the moment of inertia of the body about that axis, 

L = la 

3. For every torque applied to one body there is a torque equal in magni¬ 
tude and opposite in direction applied to another body. 

In angular motion the work done by a torque L in turning through an 

angle Q is 

Work = Ld 

The power supplied by a torque is 

P = Lo, 


Kinetic energy’ oj rotation is given by the equation 

KE = l AIo> 2 

For a rolling body the total kinetic energy, both translational and rota¬ 
tional, is 

KE = Anw 2 + x /iIo) 2 

In the last five equations the angles must be expressed in radian measure. 

QUESTIONS 

1. Show why the radian measure of angle is equally satisfactory for all systems of 
units. 

2. Why is most of the mass of a flywheel placed in the rim? 

3. Can you distinguish between a raw egg and one that has been hard-cooked 

in its shell by giving each a spin on a table top? Explain. 

4 . A solid cylinder rolls down an inclined plane. Its time of descent is noted. Then 
a hole is bored along the axis of the cylinder. When it is again allowed to roll down the 
incline, will it require more, less, or the same time to reach the bottom? Explain. 

5. A solid cylinder, a hollow cylinder, and a solid sphere roll down an incline 
starling simultaneously. In what order do they reach the bottom of the incline? 

6 . A bicycle wheel is supported by its axle on two inclined rods. It is allowed to 
roll down first with the axle free to turn on its bearings and second with the cones 
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tightened so that the wheel must turn with the axle. In which case does it reach the 
bottom of the incline quicker? Explain. 

7. Derive an expression for the linear acceleration of a sphere that starts from rest 
and rolls down a plane inclined at an angle 6 to the horizontal. 

8. Show that when a hoop rolls down an incline half the kinetic energy is rota¬ 
tional and half translational. 

9. What portion of the total kinetic energy of a rolling solid disk is energy of 
translation and what portion is energy of rotation? 

10. Show that the total kinetic energy of a rolling solid cylinder is independent of 
its radius. Is this true of other rolling bodies? 

11. A hollow cylinder and a rectangular block are placed at the top of an incline. 
When they are released, the cylinder rolls down the incline without loss of energy 
while the block slides down with half its energy being used to do work against friction. 
Do they reach the bottom at the same time? If not, which arrives first? 

PROBLEMS 


1. A shaft 6.0 in. in diameter is to be turned on a lathe with a surface linear speed 
of 180 ft/min. What is its angular sjx-cd? 

2. A pulley 18.0 in. in diameter makes 300 rev/min. What is the linear speed of 
the belt if there is no slippage? The belt passes over a second pulley. What must be 
the diameter of the second pulley if its shaft turns at a rate of 400 rev/min? 

Arts. 1410 ft/min; 13.5 in. 

3. A flywheel is brought from rest to a speed of 60 rev/min in 0.50 min. What is 
die angular acceleration? What is the angular speed at the end of 15 sec? 

4. A wheel has its speed increased from 120 to 240 rev/min in 20 sec. (a) What is 
the angular acceleration? (b) How many revolutions of the wheel are required? 


Ans. 0.63 radian/scc 2 ; 60 rev 

5. What is th> angular acceleration of an automobile wheel 30 in. in diameter 
.\l>en the -.at < hanges speed from 15 to 30 mi/hr in 5.0 sec? 

>). !t a dt k i. ft in diameter starts from rest with an angular acceleration of 
tUi , i uii.it is its angular speed at the end of 10 sec? (b) What is the 

' ! a p i-.t on the circumference? A/is. 44 radians/sec; 66 ft/sec. 

. m.i 1 • ; ; e nt a motor revolving at 1800 rev/min comes to rest in 20.0 sec 
■ •; :!>< 1 ( If. Calculate (a) the angular acceleration, (b) the number 
t the motor makes before coming to rest, and ( c ) the angular distance 
he tilth second after the power is turned off. 
reu.a: disk 3.0 ft in diameter weighs 960 lb. What is its moment of 


* *. if. • ■ .* 

t! avn yd : 

8. A 11. i 
inertia abut 


us usual axis: 


Ans. 34 slug-ft 2 


9. Considi ling die earth as a uniform sphere of 6.00 X 10 21 tons and 4000 mi 
radius, call ulaf its moment of inertia about its axis of rotation. 

10. A cylinder \2m cm in diameter having a mass of 3.00 kg rests on a horizontal 

plane. Compute the moment of inertia of the cylinder about an axis along the line of 
contact with the plane. Ans. 1.62 X 10 5 gm-ern 2 

11. A sphere 30.0 cm in diameter, having a mass of 5.00 kg, rests on a horizontal 
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plane. Compute its moment of inertia about an axis in the plane through the point 
of contact. 

12. A disk 3.0 ft in diameter whose moment of inertia is 34 slug-ft 2 is caused to 
rotate by a force of 100 lb acting tangent to the circumference. What is the angular 
acceleration? Ans - 4 4 radians/sec 2 

13. A uniform disk has a diameter of 20.0 cm and a mass of 3000 gm. It is free to 
rotate with negligible friction. A string wrapped around the disk is attached to an 
object of mass 100 gm. Determine the angular acceleration of the disk when the object 

is released. 

14. What constant torque must be applied to a 200-lb flywheel having a radius 

of gyration of 2.0 ft in order to increase the angular speed by 1800 rev min in 15 sec? 

Assume a constant frictional force of 20 lb acting on the 6.0-in. shaft. _ 

Ans. 320 lb-ft 

15. The rotor of an electric motor has a moment of inertia of 25 slug-ft 2 . If it is 
rotating at a rate of 1200 rev/min, what frictional torque is required to stop it in 
1.0 min? 

16. A 400-lb flywheel has a radius of gyration of 2.0 ft. (a) What constant torque 

is required to bring the wheel from rest to a speed of 120 rev/min in 30 sec? (6) How 
much work is done in this interval? Ans - 21 lb-ft; 4000 ft-lb 

17. A small object of mass 300 gm is arranged to revolve around an axis at a 
distance of 60.0 cm. What constant torque would cause the object to turn through 40.0 
rev in 3.00 min, if it starts from rest and moves with uniform angular acceleration? 

18. A uniform disk of 12.0-in. diameter and 50.0-lb weight is mounted on an axle- 
having a diameter of 1.00 in. A string is wrapped around the axle, and a constant 

force of 1.00 lb is exerted on it. What speed will the wheel acquire in 3.00 min? 

Ans. 38.5 radians/sec 

19. A flywheel weighing 500 lb has its mass largely concentrated in the rim, which 
has an average diameter of 2.00 ft and an outer diameter of 2.40 ft. A cord wrapped 
around the rim has maintained in it a constant force of 10.0 lb. Determine the 
angular speed of the wheel 30.0 sec after it is started from rest. 

20. The belt which drives a 1600-lb flywheel of radius of gyration 2.00 ft passes 

over a pulley of 1.00-ft radius on the same shaft as the flywheel. I he average pull of 
the tight belt exceeds that of the slack belt by 100 lb. How long will it take the flywheel 
to acquire an angular speed of 600 rev/min if it starts from rest? Ans. 125 sec 

21. A solid, cylindrical shaft weighing 50 lb has a radius of 5.0 in. and rotates in a 
bearing with an angular speed of 1000 rev/min. The bearing exerts a frictional force 
of 2.5 lb tangentially. How many revolutions would the shaft make if the driving force 
were removed? 

22. ( a) What is the constant torque which must be applied to a flywheel weighing 
400 lb and having a radius of gyration of 2.00 ft if, starting from rest and moving with 
uniform angular acceleration, it develops an angular speed of 1800 rev/min in 10.0 
sec? (6) If the shaft on which the pulley is mounted has a radius of 6.00 in. and there 

is a tangential frictional force of 20.0 lb, how much must be the total torque? 

Ans. 942 lb-ft; 952 lb-ft 
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23. A small sphere rolls without loss of energy down a 20° incline. What is its linear 
acceleration? 

24. A steel ball rolls down an incline 220 cm long, making an angle of 4.0° with the 
horizontal. It requires 3.00 sec for the ball to reach the bottom of the incline after 
starting from rest at the top. Calculate the value of g for this location. 

Ans. 985 cm/sec 2 

25. A belt driven pulley 24 in. in diameter makes 300 rev/min. If the tension in 
the tight side of the belt exceeds that of the slack side by 80 lb, (a) how much work is 
done in 5.0 min? ( b ) What is the rate of working in horsepower? 

26. What is the initial kinetic energy of rotation of a rotor that has a moment of 

inertia of 25 slug-ft 2 and is rotating at a rate of 1200 rev/min? What becomes of this 
energy when the rotor is stopped? Ans. 2.0 X 10 6 ft-lb 

27. A motor running at a rate of 1200 rev/min can supply a torque of 4.4 lb-ft. 
What power does it develop? 

28. A solid cylinder of mass 300 gm and radius 1.5 cm starts from rest and rolls 

down a plane 1470 cm long, inclined at 30° to the horizontal. How long will it take 
to descend, if there is no loss of energy due to friction? What will be its energy of rota¬ 
tion at the bottom? Ans. 3.0 sec; 7.2 joules 

29. A 16-lb bowling ball is rolling without slipping down an alley with a speed 
of 20 ft/sec. What is its kinetic energy (a) of translation and (b) of rotation? (c) What 
is its total kinetic energy? 


30. A wheel of an automobile traveling 30.0 mi/hr has an external radius of 
14 0 in. and weighs 80.0 lb. Assuming the radius of gyration to be 10.0 in., find (a) the 
1 iiicr: energy of translation, (b) the kinetic energy of rotation, and (c) the total 
W, ;!< en-igy of the wheel. Ans. 2420 ft-lb; 1260 ft-lb; 3680 ft-lb 

A : II) solid cylinder is at the top of an incline 5.00 ft high and 13.0 ft long. 
• „p.". d does the cylinder acquire in rolling down the incline? 

!h w, *l.d sphere is at the top of an incline 5.00 ft high and 13.0 ft long. 

he sph'-’-e acquire in rolling down the slope? 

Ans. 15.0 ft/sec 

ir.t- with a speed ol 100 m sec, strikes a projection on a 
t’.; 2.‘.'0 X 10" gm-cm 2 . The radius of the uniform disk is 
-icr :\ ol the builet is expended in producing rotation of the 

. i.- speed imparted to it. 


1 A 
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11 . Momentum 


In collisions between objects in motion the forces involved may be extremely 
large. When the bat strikes a baseball, both baUand bat are greatly distorted 
while they are in contact. If a heavy, fast-moving truck strikes a house, the 
force may be sufficient to move the building from its foundation. 

While the force may be very great during the impact, the large force acts 
for only a very short time. The force is not constant during the contact, 
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varying between wide limits. The way in which the force varies during the 
collision depends upon the elastic properties of each of the bodies involved 
as well as upon their speeds. Because of the complicated manner in which the 
forces vary it is usually convenient to study impact problems from the stand¬ 
point of momentum. 

Momentum. If a passenger car traveling at the rate of 20 mi/hr is 
brought to rest in 1 sec, a large force is required. To bring a loaded truck 
traveling at the same speed to rest in the same time would require a much 
greater force. If the speed of the passenger car is 40 mi/hr instead of 20 mi/hr, 
the force would also be increased. The force required depends jointly upon 
the speed and mass of the moving object. The product of the mass and velocity 
of a body is called its momentum. The defining equation for momentum is 


P = (1) 

where p is the momentum, m the mass, and v the velocity. Every object in 
motion has momentum. 

The units for momentum are composite units made up from those of mass 
and velocity. In the cgs system the unit becomes the gram-centimeter per 
second. In the British system as usual we compute the mass in slugs from 
H /$, and the unit of momentum is the slug-foot per second. The correspond¬ 
ing mks unit is the kilogram-meter per second. 


Example: What is the momentum of a 
of 1200 ft/'sec? 


100-lh shell as it leaves the gun with a speed 


ll' 100 lb 

= 3.1 slugs 
32 It/ sec* ® 




tit* 


/• - mv = f 3.1 slugs)(1200 ft sec) = 3700 slug-ft/sec 

t vector quantity, its direction being that of the velocity. To 

tincl the momentum of a system of two or 
more bodies, we must add their momenta 
vec tonally. Consider two 4-lb balls moving 
toward each other with equal speeds of 4 
It sec as shown in Iig. 1 . The mass of each 
is 4 32 slug. 1 he momentum of *4 is 
p A = >4 32 slug)(4 ft. sec) = 0.5 slug-ft/sec 
to the right, while that of B is similarly 0.5 
slug-lt sec to the left. 1 he vector sum of the 
two is zero, and hence the momentum of 
the system is zero. 

Conservation of Momentum. According to Newton’s first law of 
motion, the velocity of a body does not change unless it is acted upon by 


© 

T—r - ■■ a 

© 

4 FT/SEC 

* FT/SEC 

Fig. 1. i wo Walls 

ol rfjual mass 

having velocities ni 

in I in ir it" m- 

tude but opposite 

in ciirrc tion. 

I he momentum of 

tin* system is 

zero. 
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a net force. Since the mass of the body is constant, we find that the 
momentum does not change unless an external force acts upon the body. The 
statement that the momentum of a body, or system of bodies, does not change 
except when an external force is applied is known as the law of conservation of 
momentum. The use of the law enables us to explain simply the behavior of 
common objects. 

If an external force does act upon a system of bodies, the momentum of the 
system is changed but, in the process, some other set of bodies must gain 
(or lose) an amount of momentum equal to that lost (or gained) by the 
system. In every process where velocity is changed the momentum lost by 
one body or set of bodies is equal to that gained by another body or set of 
bodies. 

Momentum lost = momentum gained (2) 

Let us consider further the balls shown in Fig. 1. If they continue to move 
toward each other, they will collide and in the collision each will exert a 
force on the other. The momentum of the system of two balls is zero before 
the impact. By the law of conservation of momentum it must be zero after the 
impact. If the balls are clastic, they will rebound and the conservation law 
requires that the speeds of recoil shall be equal to each other (but not neces¬ 
sarily equal to the original speed) so that the momentum shall remain zero. 

The recoil of a gun is an example of conservation of momentum. The 
momentum of gun and bullet is zero before the explosion. The bullet gains a 
forward momentum, and hence the gun must acquire an equal backward 
momentum so that the sum will remain zero. 

Example: A 2.0- oz bullet is fired from a 10-lb gun with a speed of 2000 ft/sec. 
What is the speed of recoil of the gun? 

The momentum of the system of gun and bullet is z.ero before the gun is fired and 
therefore must be zero after the firing. Hence the momentum of the gun is equal in 
magnitude but opposite in direction to that of the bullet. 

n\\V\ = 

m-i 

V\ = — v i 

m 1 

but 

IV1 . w * 

= — and m 2 = — 

g g 

W| _ jVl 

m 2 Wt 

(Ko)Jh (2000 ft/scc) = 25 ft/sec 
10 lb 


Vi = 
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In the firing of the gun, forces are exerted, one on the gun and the other on 
the projectile. These forces, however, are internal , that is, they are within the 
system of the gun and bullet that we considered. If we consider the bullet 
alone, the force becomes an external force and causes a change in momentum 
of the bullet but, in accordance with Newton’s third law, a force equal in 
magnitude but opposite in direction acts on the gun giving it a momentum 
equal in magnitude to that of the bullet but opposite in direction. 

Impulse. The change in momentum caused by an external force depends 
upon the amount of the force and also upon the time the force acts. From 
Newton’s second law 

F = ma 

v 2 — Vi 

a = - 

t 

F = m < »» ~ »') 

t 

Ft = mv o — mv\ (3) 


Thus the product of the force and time is equal to the change in momentum. 
The product of force and time is called impulse. Equation (3) implies that no 
object can be stopped instantaneously and that the shorter the length of time 
required for stopping the greater must be the force. A bomb dropped from a 
height of several thousand feet has very great momentum. As it strikes the 
(1 d- rk of a ship, it must be stopped in a very short time or it will penetrate 

■ ' •• d- - t.. The ordinary steel deck of a ship is unable to supply the force 

■ ; y to top the bomb. Extremely large forces are involved in impacts 

d i.r.ibT moving body is slopped quickly. 

b in.put the force almost never is constant throughout the time of 
u> -ari.es between wide limits. Equation (3) can be used only to 
•' >y force during the time interval t. If it is necessary to know the 
• «> 1 n - d jring the collision, it may be determined if the rate of 

• ' ’■•men , is known, tor the force is equal to the rate of change of 

” • ' - r >t i dom possible to observe the rate of change of 

■ - rr '~ ca best be studied in terms of the deformation pro¬ 

duced n e • . .d.ug bodies. The relation between force and deformation 
will be stvciTd i/i r ’ater chapter. 

Example: A v.oG-:b rxr traveling with a speed of 30 mi hr strikes an obstruction 
and is brought to rest m 0.‘ : J sec. What is the average force on the car? 


From Eq. (3) 


hi = 


» * 'V 'O V I 1U 

m = V = ^17 r. = 94 slu S s 


mv 2 — r77i’i 

IF 3000 lb 
32 ft sec 2 
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1*2 — 0 

V\ = 30 mi/hr = 44 ft/sec 
^ m(v 2 - vi) _ 94 slugs (0 - 44 ft/sec) 

F ~ t ~ 0.10 sec 


-4U000 lb 


The negative sign of the result indicates that the force is in a direction opposite tc 
the initial velocity, a result which we should expect after careful consideration of the 
problem. 

Elastic and Inelastic Collisions. In any collision between two bodie? 
the relative velocity of recession is proportional to the relative velocity ol 

approach. In symbols 

Vt — V\ 

e -- 

Vi — v 2 


where v\ — vi is the relative velocity before impact and vi — i*i is the rela¬ 
tive velocity after the impact but with the sign changed. The ratio e is a 
constant for any two bodies, and it is called the coefficient of restitution. A 
collision is said to be perfectly elastic if e = 1. It is completely inelastic if 
* = 0, and in this case the two colliding bodies adhere and move as one body 
after the collision. For all other inelastic collisions the value of e is between 
zero and one. 

For the special case of perfectly elastic collision, kinetic energy is conserved 
in the collision. In all inelastic collisions the kinetic energy after the impact 
is less than that before. 


Example: A 2.0-lb ball traveling with a speed of 22 ft sec overtakes a 4.0-lb ball 
traveling in the same direction as the first with a speed of 10 ft/sec. If the coefficient 
of restitution is 0.80, find the velocities of the two balls after the collision. 

e(vi — t*z) = vt — Vi 

0.80(22 ft/sec - 10 ft/sec) = v t ’ - v/ 

Vi — v\ = 9.6 ft/sec 

m\V\ + m 2 v t = m\V\ + mtVt 


since m = W/g, 


W x , w, 

— v\ H—— v i - 
g g 




Multiplying by g and substituting numerical values, 

2.0 lb X 22 ft/sec + 4.0 lb X 10 ft/sec = (2.0 lb)*/ + ( 4 -<> lb )®* # 

2vj + vi = 42 ft/sec 


v 2 ' — v\ = 9.6 ft/sec 
Vi = 17.2 ft/sec 
V\ = 7.6 ft/sec 


and since 
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Angular Momentum. In motions of rotation angular momentum appears 

in much the same way as linear momentum appears in motions of translation. 

Just as linear momentum is the product of mass and velocity, the angular 

momentum of a body is defined as the product of its moment of inertia and its 
angular velocity. 


Angular momentum = /« 


(4) 


wm 




1 he units of which angular momentum is expressed can be determined 
by examination of Eq. (4). In the British system moment of inertia is ex¬ 
pressed in slug-feet 2 and angular velocity in radians per second. Thus angular 

momentum is expressed in (slug-ft 2 ) 
(radians/sec) or slug-ft 2 /scc. As usual 
the ‘‘radian” which represents a dimen¬ 
sionless ratio is dropped from the unit. 
In the cgs system / is in gm-cm 2 and o> 
in radians per second. Thus angular 
momentum is expressed in gm-cm 2 /sec. 
Similarly in the mks system angular 
momentum is expressed in kg-m 2 /sec. 

Conservation of Angular Momen¬ 
tum. 7 he angular momentum of a body 
remains unchanged unless the body is acted 
upon by an external torque. This is the law 
of conservation of angular momentum. The 
action of a flywheel, which helps to 
maintain constant speed of rotation in 
a motor, depends upon this principle. 
Since the moment of inertia of the fly¬ 
wheel is large, the torques acting on it 
do not produce rapid changes in its 
r '" ‘'’ ::nny thc timc the motor speeding up, the flywheel 

' vhen lhc motor siows down, the flywheel applies 

o maintain thc speed. 

velocitv me,- r ^ Y° tating bod >' is changed, the angular 

man tands n ‘Y ’• momentum ‘ Suppose a 

an stands on . >-nnl mat is Iree to rotate with little friction (Fir 2) If he is 

Ifhe lowTT WUh h u h ‘ indS ° UtSlrCtdU ' d ’ hc uil1 Iotatc ^ a constant rate, 
tin in™' 5 a ' mS ’ '' n0mCm ° f inCT,ia iS decreased a " d rate of ro,a- 

Another consequence of the principle of conservation of angular momen- 
that a rotating body maintains the same plane of rotation unless acted 



• ‘ antc'ilar ino- 


an aiding 
If die 
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upon by a torque. A top does not fall over when it is spinning rapidly for 
there is not sufficient torque to cause that change in angular velocity. The 
rotation of the wheels helps maintain the balance of a bicycle or motorcycle. 
The barrel of a gun is rifled to cause the bullet to spin so that it will not 
“tumble.” 

If an unbalanced external torque is applied to a rotating body the angular 
momentum will be changed. From Eq. (11), Chap. 10, 

L = la 

0)2 — 0 )\ 
a - - 

Lt = Iu) 2 — Iu)\ 



The product of torque and time is called angular impulse. Angular impulse 
is equal to change in angular momentum. 

Vector Properties in Angular Motion. Angular velocity, angular 
acceleration, angular momentum, and torque are all vector quantities. All 


rotary motion is referred to an axis. 
The vector representing the vector 
quantity is taken parallel to the axis of 
rotation. The sense along this line is 
given by a “right-hand rule.” If, in 
imagination, one grasps the axis with the 



F 10 . 3. Angular velocity is represented by a 
vector parallel to the axis. 


H 



right hand, the fingers pointing in the direction the particles move around 
the axis, the thumb points in the direction of the vector. In Fig. 3 the angular 
velocity of the rotating disk is represented in magnitude and direction by the 
vector AB parallel to the axis. If a torque is applied to the disk in such a 
manner that the axis of the torque is the same as the axis of rotation of the 
disk, the direction of the torque will be parallel to AB and the resultant 
angular acceleration will also be parallel to AB. Hence such a torque will 
produce only a change in the magnitude of the angular velocity. 

If, however, a torque is applied to the disk by a vertical force on the end 
of the axle as Fin Fig. 4, the axis of the torque is a horizontal line such as CD 
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and the torque is represented by the vector ED. The angular acceleration 
produced is in the direction CD. When the disk is viewed from above, its 
motion is described by the vectors drawn in Fig. 5, AB representing the 
original angular velocity of the disk and BC representing the angular accelera¬ 
tion produced by the torque. Since the angular acceleration is at right angles 
to the angular velocity, no change in angular speed is produced but only a 
change in direction. 1 hat is, the axis of rotation changes its direction, rotating 
in a counterclockwise sense. Note that the direction of motion of the end 


-TL. 


CL 


A f O b 

lie. 5. Vector representation of 
angular velocity and angular 
acceleration. 



C'' 


I' 10 . 6. Three axes describing pre¬ 
cession: axis of spin AB, axis of torque 
CD, and axis of precession GH. 


I t# ( 


'\ y 

s] 



<>( the axle is at right angles to the original direction of the axle and also at 
right angles to the direction of the force applied. The direction of motion of 
tlv end of the axle is in the direction of the torque applied. Such shift in the 
axi , of spm of a rotating body is called precession. The vertical axis GH about 
,h ' turr,in " of lhf: s P» n axis takes place is called the axis of precession. In 
r, ‘ shown th ' ,hn * a *es involved in the motion. Each axis is per- 
10 lh ' • vo - Th <* line AB is the axis of spin along which is 

,l!! ' ' ' 1 ’'•'•tig the angular velocity o> of the rotating body; 

! -D is the axis of torque along which 
i drawn the vector representing L , and 
>11 is the axis of precession along which 
ts drawn a vector representing the an- 
gu.a: velocity of precession S 2 . 

I he rate of precession, that is, the 
precession depends upon the angular mo- 
u.n Q upon the torque applied. From Eq. (5), 

A: ~ 1\ coi — a*) = /Aa; 

In Fig. 7, UA - -.rs the original angular veloctiy, OB represents the 

angular velocry a time A/ later, and AB represents the change Aco in 

angular velocity. 11 tr ngle A 0 is small. 


amju 
*+ 

*.ncmun‘ 




jn. 
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AB Aw 
& 4 > = ■=■ = — 
OA co 

A to = to A 4> 


but the angular speed ft about the axis of precession is 



or 

Then 


A<f> = 9. At 

L At = /Ato = /to ft A/ 


L = /toft 



( 6 ) 

(7) 


The rate of precession is directly proportional to the torque applied and 
inversely proportional to the angular momentum of the rotating body. 

Example: A disk with its axle has a weight of 4.0 lb and a moment of inertia of 
0 0040 slug-ft 5 It is supported at one end of the axle (Fig. 8), the suppor ting . . 
im from the Inter of gravity. When the disk is making .800 rpm, what is the rate of 

precession? 

The weight, considered as concentrated at the center of gravity, produces a torque 

L = Ws = (4.0 lb) (0.25 ft) 
w = 1800 rpm = 30 rps = 2 tt X 30 radians/sec 

/. (4.0 lb)(0.25 ft)_ 

« = ^ = (cT0040lhI^fr^ X 30 radlans/sec) 

ft = 1.3 radians/scc 

Gyroscopes. A gyroscope is a rotating body that 
is so mounted as to be free to turn about any of three 
mutually perpendicular 
axes. .Such a mounting is 
shown in Fig. 9. If the 
wheel spins with high an¬ 
gular speed about axis 1, 
the base may be turned in 
any manner without trans¬ 
mitting a torque, except 
for frictional torque, to the 

rotating wheel, which will .. . 

therefore maintain its axis of rotation unchanged as the support is lilted in 




Fig. 8. A rotating disk 
supported at one end of its 
axle precesscs. 


Fig. 9. A gyroscope 
has three axes of free¬ 
dom. 
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any manner so long as the wheel rotates rapidly. Since the angular 
momentum depends upon the moment of inertia and upon the angular 
velocity, a heavy wheel rotating at high speed would have a large angular 
momentum and correspondingly great stability. If a torque is applied to the 
axis of spin, there will be precession of the axis as previously described. 

I he two principal characteristics of the behavior of gyroscopes are (1) 
stability of the axis and ( 2 ) precession. Both of these characteristics are 
employed in the many applications of gyroscopes. In those applications 
which require stability great care must be taken in mounting the gyroscope 
wheel so that as little torque as possible is transmitted to the axis. In this class 
of application are the gyropilot, gyrohorizon indicator, directional gyro, and 
to some extent the .gyrocompass. The latter, however, is so constructed that 
when it is in any position except that with its axis parallel to the axis of the 
earth there will be a torque which will cause a precession into that position. 

F.vcry rotating body shows gyroscopic action, the greater the angular 
momentum the more marked will be the effect. Some of these effects are 
useful, others harmful. As a car turns a corner, the gyroscopic action of the 
wheels produces a torque tending to overturn the car. The flywheel increases 

thc forcc 011 the front " heels when turning to the right, but decreases it when 
turning to the left. 

The gyrostabilizer may be used to reduce the roll of a boat by exerting a 
torque opposite to the roll. The gyroscope wheel, spun at high speed by a 
motor, is mounted with its axis vertical in such a manner that the axis may 

>* " Itcd forward or backward but not sideways. When the boat rolls, say 

the right, a control gyro closes contacts of a motor which tilts the axis 
niward. There results a torque opposing the roll to the right. Similarly if 
'he mil is to the left, the motor tilts the axis backward supplving a torque 

,n ° r , p( 7 nR lho rol! If is hcre assumed that the spin of the gyroscope is 

■ ountertaorkwise as viewed from above. 
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SUMMARY 


■ -" 1 ' of thc mass and velocity of a body. It is a vector 


Common uni's 
second. 

The law of const r r 
system of bodies do- 

upon it. 


f> = mv 

1 11111 m are slu g'Joot per second and gram-centimeter per 

1 "oenturn states that the momentum of a body or 
Lange unless an unbalanced external force acts 
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Impulse is the product of a force and the time it acts. Impulse is equal to the 
change in momentum. 

Ft =mv 2 — mv i 

Units of impulse include the pound-second and the dyne-second. 

The coefficient of restitution is the ratio of the relative velocity of recession 
to the relative velocity of approach in a collision. Its value is unity for a 
perfectly elastic collision and less than one for an inelastic collision. 

Angular momentum is the product of moment of inertia and angular velocity, 

Angular momentum = /w 

The law of conservation of angular momentum states that the angular momen¬ 
tum of a rotating body remains unchanged unless it is acted upon by an 

external, unbalanced torque. 

Angular momentum is a vector quantity as are also angular velocity, angular 
acceleration, and torque. The direction of the vectors representing these 
quantities is parallel to the axis in the sense given by the “right-hand rule.'' 
Precession is the change in direction of the axis of spin of a rotating body 

under the action of a torque. 

A gyroscope exhibits the properties of stability of axis and precession. 
These properties result in many useful applications. 


QUESTIONS 

1. Why does a gun appear to have a greater “kick” when fired with the butt held 

loosely against the shoulder than when held tightly? 

2. Why does a heavy rifle not kick as strongly as a light rifle using the same 

cartridges? 

3. Explain how the term conservation applies to energy. 1 o momentum. 

4 . Compare the change in momenta produced by two equal forces acting for 
equal times on two unequal masses, one of which is at rest, the other initially in motion. 

5. When one billiard ball strikes a second in such a manner that their centers of 
gravity are not in the line of motion of the first ball, their paths after collision do not 
lie on the same line. Draw a vector diagram to represent the momenta before and 
after such a collision if the angle between the paths is 100 . 

6. Mercury is often shipped in small iron cylinders. Why is it easier to carry a 
full cylinder weighing 100 lb on the shoulder than to carry a cylinder three-fourths 

full? 

7. Prove that if the coefficient of restitution is less than one, the kinetic energy 

after a collision is less than that before the collision. 

8. Prove that if the coefficient of restitution is one, kinetic energy is conserved in 

a collision. 

9. How may the s|>eed of a rifle bullet be measured with simple apparatus? 
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10. How may a high diver turning somersaults in the air arrange on the way down 
to strike the water head first? What physical principle does he make use of? 

11. A stone is dropped in the center of a deep vertical mine shaft. Will the stone 
continue in the center of the shaft or will it strike the side? If it strikes the side, will it 
be the north, south, cast, or west side? Consider the linear speed of rotation of the 
earth and assume ideal conditions. 

12. A projectile is fired due south in the Northern Hemisphere. When it strikes 
the ground will it be east or will it be west of the north-south line along which it 
started? Consider the speed of rotation of the earth. If the projectile is fired north, on 

which side of the line will it strike? On which side of an east-west line will it strike if 
fired cast? if fired west? 

13. A boy rolling a hoop finds he can control it by touching it lightly with a stick 
on the side toward which he wants it to turn. Explain. 

14. Why is a rifle barrel “rifled”? 

15. An airplane propeller rotates counterclockwise as viewed from the pilot's 
seat. What effect does its gyroscopic action have when the plane is turning toward the 
right? when the plane is diving? 

16. What is the gyroscopic action of the front wheels of a car traveling at high 
speed when one turns toward the right? 

17. Why does the axis of a spinning gyrocompass always point north? 


PROBLEMS 

1. What is the momentum of a 160-lb shell if its speed is 2000 ft/sec? 

2. What is the momentum of a 5.0-ton truck when traveling at the rate of 60 

" ' * l ' 1 ' _ Ans. 28,000 slug-ft/sec 

A i.o-kg rifle fires a 10-g,n bullet with a speed of 700 tn/sec. What is the speed 

of recoil of ihe rifle? r 

4 U ‘ ,hr u " 0,1 s l" rd wf a when it projects a 0.60-oz bullet with 

a speed or 2400 it Sfc? , m f . 

Ans. 10 ft/sec 

' ' -lb • :‘it car moving with a speed of 15 mi/hr runs into a stationary car 

' •' d b'v move ofl together after the collision, what is their speed? 

‘ ‘ rol,! '‘“ |: ‘ **ly at 6.0 mi, hr collides with and is coupled to a 

i!; ul u- ihc speed with which the two cars roll away. 

Ans. 3.5 mi/hr 

lb moving at the rate of 60 mi/hr. (a) What 
- ' ie;aio.ing force would be required to stop this 

•'* i' travel in coming to rest? 

a die bat with a speed of 160 ft/sec. It remains in 
' ' '■ *' JVl ' s "'ith the direction of its motion reversed 

• ’ ' hat impulse does the bat impart to the ball? 

• c force exerted by the bat on the ball? 

Ans. 4.3 lb-sec; 220 lb 

n , n . , , . P cr sccond ir >to a target. Each bullet weighs 

0.50 oz and has a speed of , » sec. find ,hc force necessary to hold the gun in 
position and that required to hold die target in position. 


i t 


con lac [ v. if;! : 
and at a sp-.ro -.1 

(b) What is the . alue <j\ 

9. A machine gun furs 
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10. Two 5.0-lb balls A and B approach each other with speeds of 20 ft/sec and 

30 ft/scc, respectively. Assuming a perfectly elastic collision, what will be their speeds 
after collision? Ans. 30 ft/sec; —20 ft/sec 

11. A 5.0-lb ball and a 10.0-lb ball approach each other with equal speeds of 
20 ft/scc. What are their speeds after collision if the collision is perfectly elastic? 

12. A 5.00-lb ball and a 10.0-lb ball have speeds of 10.0 ft/sec and 14.0 ft/sec, 

respectively, as they approach each other. Find their speeds after collision if the 
coefficient of restitution is 0.800. Ans. —18.8 ft/sec; 0.40 ft/sec 

13. Two elastic balls of mass 30.0 gm and 90.0 gm are supported by strings 100 cm 
long. The smaller ball is pulled aside until its center of gravity has been raised 5.00 cm 
and then released. Find the velocity of each ball after the impact, assuming it to be 
perfectly elastic. If the balls are undisturbed after the first impact, there will be a series 
of impacts. Find the velocity of each ball after the second impact. 

14. Two balls of mass 30.0 gm and 90.0 gm are supported by strings 100 cm long. 

The larger ball is pulled aside until its center of gravity has been raised 5.00 cm and 
then released. Assuming the collision to be perfectly elastic, find the velocity of each 
ball after the collision. Ans. 148 cm/scc; 49.4 cm/scc 

15. A 50-gm ball A traveling east with a speed of 40 cm/sec collides with a 60-gm 
ball B traveling north with a speed of 80 cm/sec. Assuming the collision to be per¬ 
fectly clastic, find the speed and direction of each ball after the collision. 

16. A 120-gm ball A traveling east with a speed of 80 cm/sec collides with a 160-gm 
ball B traveling with a speed of 100 cm/sec in a direction 30°N of W. Assuming the 
collision to be perfectly elastic, find the velocity of each ball after the collision. 

Ans. 120 cin/sec, 27°N of W; 57 cm/sec, 7.1°N of E 

17. A 40-gm bullet is fired into a 10-kg block that is suspended by long cords so 
that it can swing as a ballistic pendulum. If the block is displaced so that its center of 
gravity rises 10 cm, what was the speed of the bullet? 

18. A 514-oz baseball is thrown so that it is captured by the 11.7-lb block of a 

ballistic pendulum. The block is displaced so that its center of gravity is raised 2.7 in. 
With what speed was the ball pitched? Ans. 95 mi/hr 

19 . A 4.41 X 10"Mb rifle bullet is fired into a 4.00-lb ballistic pendulum. The 
pendulum is 12.0 ft long and it rises 0.118 ft as a result of the impact, (a) What is the 
speed of the bullet just before the impact? ( b ) What is the percentage loss in its 
kinetic energy? 

20. The rotor of an electric motor has a moment of inertia of 25 slug-ft 2 . If it is 

rotating at a rate of 1200 rev/min, what is its angular momentum? 

Ans. 3100 slug-ft 2 /sec 

21 . The rotor of an electric motor weighs 160 lb and has a radius of gyration of 9.0 
in. What is its angular momentum when it is rotating at the rate of 1800 rev/min? 

22. What torque is required to change the speed of the rotor of an electric motor 
from 600 rev/min to 1200 rev/min in 2.0 sec if the rotor has a moment of jnertia of 

25 slug-ft 2 . A,ls • 790 1,>ft 

23. What torque is required to change the speed of the rotor of a motor from 1800 
to 600 rev/min in 3.0 sec if the rotor weighs 160 lb and has a radius of gyration of 
9.0 in.? 
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24. A gyroscope wheel weighs 7.0 lb and has a radius of gyration of 4.0 in. It spins 
with its axis horizontal at a rate of 3000 rev/min, clockwise as viewed from the pivot. 
The gyroscope is supported by a pivot near one end of the axle 6.0 in. from the center 
of gravity (Fig. 8). What is the angular velocity of precession? When viewed from 
above is the precession clockwise or is it counterclockwise? Ans. 0.46 radian/sec 

25. A top that weighs 12 oz has a radius of gyration of 0.80 in. The center of gravity 
is 2.0 in. from die point. The top spins at a rate of 2400 rev/min with its axis making 
an angle of 30° with the vertical. Find the angular velocity of precession. If the rota¬ 
tion of the top is clockwise as one looks downward along the axis, is the precession 
clockwise or is it counterclockwise? 
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Uniform Circular Motion 


Uniform motion along a straight line seems “natural”; no cause for such 
action is expected. However, if there is a change in the direction of the mo¬ 
tion, some disturbing factor is at once assumed. Just as a force is required to 
change the speed of an object, so a force must act to cause a change in the 
direction of the motion. Whenever the net force on a body acts in a direction 
other than the original direction of motion, it changes the direction of the 
motion. Such acceleration is very common, for it is present whenever a car 

'45 
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turns a corner, a plane changes its direction, a wheel turns, or in many other 
common motions. The simplest type of motion in which the direction changes 
is uniform circular motion, in which there is no change in speed but only 
a change in direction. 

Central Acceleration. When an object is moving in a circular path 
with constant speed, its velocity is continually changing. The acceleration 
produces a change in direction but no change in speed. Therefore the acceler¬ 
ation must always be at right angles 
to the motion, since any component 
in the direction of the motion would 
produce a change in speed. The 
acceleration is always directed to¬ 
ward the center of the circle in 
which the body moves. It is constant 
in magnitude but continually chang¬ 
ing direction. In Fig. 1 a body is 
moving with uniform speed in a cir- 
, cular path. Its velocities at the points 

ciilai motion. 1 " 

A and B are represented, respectively, 
by bit vectors t’i and v-i. In the vector triangle, At> represents the change in 
velocity in time A/ as the body moves from A to B. The acceleration a is 



a = 


At> 

At 


1 l " Vr ' Ui - r triangle is similar to the distance triangle OAB, and hence 

At- _ AB 

t'i r 

' l "• • ’■*' 11C s ;s equal to the chord AB and .»* = v(At). 

. ai • *.n< same. Then 


Hence 






where v is the lin 
tion states that the 
given speed is greater ! 


! p. 


h the radius of the circ 
'-don increases as the speed 
1 ' •; shorter radius. 


ilar path. This equa- 
is increased and for a 
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The acceleration may also be expressed in terms of the angular speed. 
From Eq. (7), Chap. 10, 

v = wr 


where v is the linear 
Eq. (1) gives 


speed and to the angular speed. 



Substitution for v in 



In Eq. (2) w must be expressed in radians per second. The units of a then 
depend upon the units in which r is measured. 

Example: A train whose speed is 60 mi/hr rounds a curve whose radius of curva¬ 
ture is 484 ft. What is its acceleration? 


Vi 

a = — 
r 


v = 60 mi/hr = 88 ft/sec 
r = 484 ft 

(88 ft/sec)* 


a = 


484 ft 


= 16 ft/sec* 


Example: What is the acceleration of a point on the rim of a flywheel 3.0 ft in 
diameter, turning at the rate of 1200 rotations/min? 


a = u7 


to = 1200 rpm = 20 rps = 20 X 2 ir radians/sec 
3.0 ft 


r = 


= 1.5 ft 


a = (20 X 27r radians/sec) 2 (1.5 ft) = 24,000 ft/sec 2 

Centripetal Force. According to Newton’s laws of motion any object 
that experiences an acceleration is acted upon by an unbalanced force, a 
force which is proportional to the acceleration and in the direction of the 
acceleration. The net force that produces the central acceleration is called 
centripetal force and is directed toward the center of the circular path. Every 
body that moves in a circular path docs so under the action of a centripetal 
force. A body moving with uniform circular motion is not in equilibrium. 

From Newton’s second law the magnitude of the centripetal force is given 

by 

Fr = ma = 77 i— ( 3 ) 

r 


where m is the mass of the moving object, v is its linear speed, and r is the 
radius of the circular path. 

Example: A 3200-lb car traveling with a speed of 60 mi/hr rounds a uniform curve 
whose radius is 484 ft. Find the necessary centripetal force. 
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F e = 


v* 
m — 
r 


m = — = 


2 = 100 slugs 


— - 3200 lb 
g 32 ft/sec 

v = 60 mi/hr = 88 ft/scc 

r = 484 ft 

= (100 slugs) ft = 1600 lb 

An inspection of Eq. (3) discloses that the centripetal force necessary to 
pull a body into a circular path is directly proportional to the square of the 
speed at which the body moves and inversely proportional to the radius 
of the circular path. Suppose, for example, that a 40-gm object is held in a 




If friction “breaks" the car skids off. 


Fig. 2. 


circular path by a string 120 cm long. If the object moves at a constant 

speed <ji 80 cm see, 


F c = 


me- 


(40 gm)(80 cm /sec) 2 

120 cm = 2100 d >' ncs 


‘ ' '' 2' I F c increases to 8400 dynes. If, instead, the radius is 

: : ! Cu 60 cm > F, increases to 4200 dynes. If at any instant 

•; :1!I ; :int < the centripetal force, the object will retain 
■ : ’an; (he string breaks, traveling at constant speed 

' ' 1( • 1 ! ie paths taken by the sparks from an 

11 , ,T ' !l • 4 tnis tact. I his action is illustrated in 


the \ I 

alone a 

4 § * * 

emery wh 


Fig. 2. 

No Work Some by Centripetal Force. Work has been defined as the 
pio net Of fo : and the tli-piacrmcnt in the direction of the force. Since 
centripetal force acts at right angles to the direction of motion, there is no 
displacement in the chrection of ,he centripetal force, and it accomplishes no 
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work. Aside from the work done against friction, which has been neglected, 
no energy is expended on or by an object while it is moving at constant speed 
in a circular path. This conclusion is consistent with the observation that, if 
its speed is constant, the kinetic energy of the body also is constant. 

Action and Reaction. Newton’s third law expresses the observation that 
for every force there is a force of reaction equal in magnitude and opposite 
in direction. When an object not free to move is acted upon by an external 
force, it is pushed or pulled out of its natural shape. As a consequence it exerts 
an elastic reaction in an attempt to resume its normal shape. On the other 
hand, the action of a force upon a free object results in an acceleration. The 
object exerts an inertial reacting force upon the agent of the accelerating 
force. 

The elastic reacting force of a stretched body is equal in magnitude to the 
stretching force but opposite in direction. So also the inertial reacting force 
of an accelerated body is equal in magnitude to the accelerating force but 
opposite in direction. It should be remembered, however, that a force of 

reaction is exerted by the reacting object, not on it. 

Centrifugal Reaction. A string that constrains an object to a circular 
path exerts on the object the centripetal force that changes its velocity. In 
reaction against this change of motion, the object pulls outward on the string 
with a force called the centrifugal reaction. This force, which is exerted by the 
object in its tendency to continue along a straight path, is just equal in 

magnitude to the inward (centripetal) force. 

As the speed of a flywheel increases, the force needed to hold the parts of 
the wheel in circular motion increases with the square of the speed, as indi¬ 
cated by Fq. (3). Finally the cohesive forces between the molecules arc no 
longer sufficient and the wheel disintegrates, the parts flying off along tangent 
lines like mud from an automobile tire. The inward directed force is greatest 
near the center of the wheel, for each ring must supply the force required to 

accelerate all rings farther from the axis. 

When a container full of liquid is being whirled at a uniform rate, the pail 
exerts an inward force on the liquid sufficient to keep it in circular motion 
(Fig. 3). The bottom of the pail presses on the layer of liquid next to it; that 
layer in turn exerts a force on the next; and so on. In each layer the pressure 
(force per unit area) must be the same all over the layer or the liquid will not 
remain in the layer. If the liquid is of uniform density (mass per unit volume), 
each element of volume of mass m in a given layer will experience an inward 
force {m)(v l /r) just great enough to maintain it in that layer and there will be 
no motion of the liquid from one layer to another. If, however, the layer is 
made up of a mixture of particles of different densities, the force required to 
maintain a given element of volume in the layer will depend upon the 
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density of the liquid in that element. Since the inward force is the same on 
all the elements in a single layer, there will be a motion between the layers. 
For those parts which are less dense than the average the central force is 
greater than that necessary to hold them in the layer; hence they are forced 
inward. For the parts more dense than the average the force is insufficient 



Fio. 3. Centripetal force on a liquid. The principle of the centrifuge. 


to hold them in the circular path and they will move to a layer farther out. 
As rotation continues, the parts of the mixture will be separated, with the 
least dense nearest the axis and the most dense farthest from the axis. This 
behavior is utilized in the centrifuge, a device for separating liquids of 
different densities. The cream separator is the most common example of the 



centrifuge but it is very commonly used 
to separate mixtures of liquids or mix¬ 
tures of solids in liquids. Very high 
speed centrifuges may be used to separate 
gases of different densities. 

Airplane pilots sometimes pull out of 
a vertical dive at such high speed that 
the centripetal acceleration becomes 
several times as large as the gravitational 
acceleration. Under these circumstances, 
the flow of blood to the pilot’s brain is 
decreased I his sometimes causes the 


Fio. A. 






L 


cripetal force through 


tne 


■i erjv: 


pilot to Jose consciousness during 
period of maximum acceleration. 

Centrifugal Governor. The speed 
of an engine can be controlled by cen- 
Hg. 4). This device consists of a pair of 


masses _ attached ;c arms hinged on a vertical spindle which rotates at 
a speer proportional to ihar of the engine. As the speed of rotation increases, 
the centripetal force necessary to maintain the circular motion of the balls is 
increased and they move farther from the axis. This motion is used to actuate 
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a valve V , decreasing the supply of steam or fuel. As the speed of the engine 
decreases, the balls descend, opening the throttle. Thus the engine speed 
may be kept reasonably constant under varying loads. 

Why Curves Are Banked. A runner, in going around a sharp curve, 
leans inward to obtain the centripetal force that causes him to turn (Fig. 5a). 
The roadway exerts an upward force sufficient to sustain his weight, while 
at the same time it must supply a horizontal (centripetal) force. If the road¬ 
bed is flat, this horizontal force is frictional, so that it cannot be large enough 



Fio. 5. The advantage of banking curves. 

to cause a sharp turn when the surface of the roadway is smooth. If the road¬ 
bed is tilted from the horizontal just enough to be perpendicular to the lean¬ 
ing runner, no frictional force is required. 

As is shown in Fig. 5b, the force exerted by the roadway on the leaning 
runner is along A'C'. This force is equivalent to two forces: (1) the upward 
force B'C ', which supports the weight of the runner; (2) the (inward) 
centripetal force A'B' necessary to cause the runner to turn. If the roadway 
is tilted as shown, the resultant force A'C' is perpendicular to the roadway, 
and there is no tendency to slip. 

It should be noticed that triangle A'B'C' (the diagram of forces) is similar 
to triangle ABC , since the corresponding angles in these two triangles arc 
equal. 
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By virtue of this fact, we can write AB/BC = A'B'/B'C'. But 

= F e = 0 m){v*/r) 9 


and B'C' = W = mg, so that A'B'/B’C' — v 2 /gr, proving that 


AB 

BC 


v 2 

— = tan 0 

gr 


where AB/BC is the ratio of the elevation of the outer edge of the roadway 
to its horizontal width and 6 is the angle between the road surface and the 

thorizontal. Because the ratio AB/BC depends upon the speed at which the 
curve is to be traversed, a roadway can be banked ideally for only one speed. 
At any other speed the force of friction will have to be depended upon to 
prevent slipping. The banking of highway curves, by eliminating this lateral 
force of friction on the tires, greatly reduces wear in addition to contributing 
to safety. 


Example: A curve on a highway forms an arc whose radius is 150 ft. If the road¬ 
bed is 30 ft wide and its outer edge 4.0 ft higher than the inside edge, for what speed 
is it ideally banked? 


so that 



Example: An unbanked curve has a radius of 242 ft. What is the maximum speed 
at which a car can make the turn if the coefficient of friction is 0.81? 

W hen a curve is not banked, the centripetal force must be supplied by friction 
between the wheels and the roadway. Since the normal force is the weight. 


Also 


Coefficient of friction = jp 


W v 2 

r c = m — =- 

ornwr) / 

jj/ — — coemcient of friction 

o 


g = 32 ft/sec 2 ; 


r = 242 ft 
= 0.81 


(32 ft/sec 2 ) 242 ft 
v 2 = (32 ft/sec 2 )(242 ft) (0.81) 
f = 79 ft/sec = 54 mi/hr 
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Curvilinear Motion. Frequently the net force acting upon a body is 
neither parallel to the direction of its motion nor at right angles to that 
direction. In this case neither the speed nor the direction remains constant. 
Such motion may be readily studied by considering two components of the 
acceleration, one parallel to the original direction of motion, the other per¬ 
pendicular to that direction. 

One of the most common of such motions is planetary motion, in which 
the force on the moving body is inversely proportional to the square of the 
radius and always directed toward a fixed point. The body travels in an 
ellipse, the fixed point being at one focus. The speed is greatest when the 
moving body is near the focus, less when it is farther away. This motion is 
called planetary motion because the planets move in this manner in their 
journeys around the sun. The gravitational forces acting are inversely pro¬ 
portional to the square of the radius. 

Since electrified particles show a similar law of attraction, we should 
expect them to behave in the same manner as those moving under the action 
of gravitational forces. 

SUMMARY 

In uniform circular motion (a) the speed v is constant; ( b) the direction of the 
motion is continually and uniformly changing; (c) the acceleration a c is 
constant in magnitude and is directed toward the center of the circular path. 
The magnitude of the central acceleration is given by 



r 


where v is the linear speed and r is the radius, or by 

a e = w 2 r 

where w is the angular speed. 

The centripetal force , the inward force that causes the central acceleration, 
is given by 



r 


The centrifugal reaction is the outward force exerted by the moving object 
on the agent of its centripetal force. The magnitude of the centrifugal reaction 
is equal to that of the centripetal force. 

The proper banking of a curve to eliminate the necessity for a sidewise 
frictional force is given by the relation 


AB 

lie 


v 2 

— = tan 6 
g r 
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Often in curvilinear motion the accelerating force is neither parallel nor 
perpendicular to the direction of motion. The acceleration produces change 
in both speed and direction. 

QUESTIONS 

1. Mention practical devices that make use of central forces. 

2. Show that the units of v i /r are those of acceleration. 

3. Why is the acceleration of a body moving in uniform circular motion always 
toward the center? 

4. Explain the statement that “an aviator experiences 3 g’s in pulling out of a 
certain dive.” 

5. If a heavy bolt on the end of a string is revolved rapidly enough, the string will 
break. What force causes the string to break? Is the centripetal force ever greater than 
the centrifugal reaction? 

6 . How could you determine the mass of the earth? How could you find out how 
much the sun weighs? 

7. Discuss the possibility of a passenger falling from an open plane during a loop. 

8 . Discuss the difference between an inside and an outside loop with an airplane. 

9. A motorcycle is ridden on a circular track for which the angle of banking is 
gradually increased across the track until it ends in a vertical wall. Can the motorcycle 
ride against the vertical wall? Discuss the forces involved. 

10. Can a motorcycle ride against the vertical wall of a circular track with the 
plane of the motorcycle horizontal? Discuss forces and torques involved. 

11. Analyze clearly the reasons why an automobile overturns when going too fast 
around a curve. Which wheels leave the ground first? 


PROBLEMS 

1. An aviator loops the loop in a circle 400 ft in diameter. If he is traveling 120 
mi/hr, how many g's does he experience? 

2. What is '.he least speed at which an airplane can execute a loop of 400-ft 
radius so that there will be no tendency for the pilot to fall out at the highest point? 

Arts. 110 ft/sec 

3. At the equator the centripetal acceleration is about 3.0 cm/sec 2 . How fast 
wcu;d the earth have to turn to make the apparent weight of a body zero? 

u. Assuming the earth to be a sphere 13,000 km in diameter, how much is the 
a; ?h ration due to gravity changed by the rotation of the earth (a) at the equator? 

at A G lattitudc ’ [c) at tne pole? Is this change an increase or a decrease in the 
v: lue of g? Ans. 3.4 cm/sec 2 ; 2.6 cm/sec 2 ; 0 

5. . v 5.0-lb bali is swung in a vertical circle at the end of a cord 3.0 ft long. What 
s :h.c i - aximum speed at which it can swing if the cord can sustain a tension of 60 lb? 

e . Compute the minimum speed that a pail of water must have in order to swing 
without splashing in a vertical circle of radius 3.8 ft. Ans. 11 ft/sec 

/. A car traveling at a speed of 30 mi/hr rounds a circular curve whose radius is 
200 ft. What is the centripetal force acting on a 160-lb man riding in the car? 
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8 . A 3200-lb automobile is moving with a constant speed of 40 mi hr on a curve 

of 100-ft radius, (a) What is its acceleration? {b) What is the centripetal force on the 
automobile? ( c ) What supplies this force? Ans. 34 ft/sec*; 3400 lb 

9. A ball weighing 2.5 lb is whirled in a circular path at a speed of 12 ft/sec. If 
the radius of the circle is 5.6 ft, what is the centripetal force? 

10. A 2.0-lb ball is sw'ung in a vertical circle at the end of a wire 3.0 ft long. Find 
the maximum and minimum tensions in the wire if the ball makes 45 rev/ min. 

Ans. 6.2 lb; 2.2 lb 

11. A body whose mass is 60.0 gm is turned in a vertical circle at the end of a cord 
30.0 cm long at the uniform rate of 2.00 rev/sec. Find the tension in the cord when 
the body is (a) at the bottom of the circle, ( b ) at the top of the circle, and (c) when the 


string is horizontal. 

12. A 5.0-lb ball is swung at the end of a cord in a vertical circle of radius 2.0 ft at 

the rate of 2.0 rev/sec. What is the tension in the cord when the ball is (a) at the level 
of the center, ( b) at the bottom, and (c) at the top? Ans. 49 lb; 54 lb, 44 lb 

13. A boy is sitting 4.0 ft from the center of a rotating platform. The coefficient of 
friction between the boy and the platform is 0.20. What is the greatest angular speed 


the platform may have without causing the boy to slide off? 

14. A 100-lb boy is standing on a merry-go-round platform 10 ft from the center. 

The platform is turning at the rate of 4.0 rev/min. Find the boy’s linear speed, his 
radial acceleration, the frictional force needed to prevent him from slipping off the 
platform, and the coefficient of static friction if he is on the verge of slipping at this 
speed. Ans. 4.2 ft/scc; 1.8 ft/sec 2 ; 5.6 lb; 0.056 

15. A 3200-lb automobile is moving with a speed of 10 ft/scc on a level circular 
track having a radius of 100 ft. What coefficient of friction is necessary to prevent the 


car from skidding? 

16. If the coefficient of friction between road and tire is 0.50, find the maximum 
speed with which a car can turn a corner on a horizontal road if the curve has a radius 

of 100 ft. Ans • 27 mi/hr 

17. An amusement device has a mast with crossarms extending 20 ft from the 
center at the top. A car is suspended from the end of the crossarm by a rope 30 ft long. 
Find the angular speed in radians per second and in revolutions per minute that will 
cause the rope to make an angle of 30° with the vertical. 

18. The governor of an engine has arms that are 30 cm long and stand at an angle 

of 30° with the vertical when the governor is in constant rotation. Find the angular 
speed, in rotations per minute, of the shaft of the governor. Ans. 59 rot/ min 

19. A 40.0-gm body swings in a horizontal circle supported by a flexible string 
20.0 cm long. Find the tension in the string and the angle it makes with the horizontal 
when the body is making 120 rev/min. 

20. An 8.0-lb body swings in a horizontal circle at the end of a string 2.0 ft long 
at a rate of 72 rev/min. Find the tension in the string and die angle that the string 

makes with the horizontal. Ans - 28 17 

21. A car whose wheels are spaced 48 in. laterally and whose center of gravity is 
18 in. above the ground rounds a curve at a speed of 50 mi/hr. Assuming no slipping, 
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find the radius of the sharpest curve that can be rounded at this speed without 
overturning. 

22. A car whose wheels are 54 in. apart laterally and whose center of gravity is 

18 in. above the road rounds a curve of 200-ft radius. Assuming no slipping of the 
wheels on the road, find the greatest speed at which the car can round the curve 
without tipping over. Ans. 67 mi/hr 

23. Find the angle of banking for a curve to be traversed at 30 mi/hr, if the 
radius is 40 ft. 

24. On some roads the curves are banked so that there is no side thrust on the 
passengers in a car which takes the curve at 45 mi/hr. Find the angle of banking for a 
circular curve making a 90° turn in a distance of 314 ft along the road. Ans . 34° 

25. On a railroad the roadbed is designed for a speed of 60 mi/hr. If the bed of a 
curve is banked 12°25', find the radius of the curve. 
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Vibratory Motion 


Three types of motion have been treated in the earlier chapters. The simplest 
is that of an object in equilibrium, a motion consisting of constant speed and 
unchanging direction. The second type of motion, which is produced by the 
action of a constant force parallel to the direction of motion, is that in which 
the direction is constant and the speed increases uniformly. Projectile motion 
was discussed as a combination of these two simple types of motion. The third 
type of motion discussed is uniform circular motion, that produced by a 
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(centripetal) force of constant magnitude directed inward along the radius 
of the circular path of the moving object. 

It is clear that the forces we commonly observe are not always zero, con¬ 
stant in magnitude and direction, or constant in magnitude and of rotating 
direction; so that, consequently, the motions commonly observed are not 
always uniform rectilinear, uniformly accelerated, uniform circular, or even 
combinations of the three. In general, the forces acting on a body vary in 
both magnitude and direction, resulting in complicated types of nonuni- 
formly accelerated motion, which cannot be investigated in an elementary 
physics course. One common and important type of nonuniformly accelerated 

motion that can be analyzed is periodic motion. 

Periodic Motion. A type of motion that is particularly 
important in mechanics is the to-and-fro or vibrating 
motion of objects stretched or bent from their normal 
positions and then released. Such an object moves back 
and forth along a fixed path, repeating over and over a 
fixed series of motions and returning to each position and 
velocity after a definite period of time. Such motion is 
called periodic motion or harmonic motion. This type of 
motion is produced by varying forces, and hence the body 
experiences varying accelerations. While many periodic 
motions are quite complicated, they can usually be studied 
as combinations of relatively simple types of vibration. It 
is fortunate that the simple vibrations, though produced 
by varying forces, can be analyzed rather easily and com¬ 
pletely by elementary methods. 

Simple Harmonic Motion. When an elastic spring is 
stretched by a force, the amount of the force required is 
proportional to the stretch. Suppose that an object of mass 
m < F'g. 1) hanging in equilibrium at the end of a spiral spring, is pulled 
ciow ’, a distance * below the equilibrium position. The spring exerts a restor- 
Io1 C ° ° n t '" lc °bJ ect tending to pull it back toward its original position. 

! a.o joi t i» proportional to the displacement x but opposite in direction. 
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Fig. 1. An ob¬ 
ject supported 
by ?t sprincj vi¬ 
brates 'villi 51211- 
ple harmonic 
motion 


F = —K 


( 1 ) 


lU ie.object is released, the restoring force produces an acceleration that 

‘ s • 1 1 'ionul to F. Hence the acceleration a is also proportional to x but 

opposite in direction. 

a = —kx (2) 

tin obji ct nio\ es toward its equilibrium position, its speed increases but the 
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force and consequently the acceleration decreases until it becomes zero when 
the object reaches the initial position. Because of its inertia the object con¬ 
tinues past the equilibrium position but at once a retarding force comes into 
being which increases until the object reaches c where it stops and begins its 
return trip. At all times during this motion the net force and hence the 
acceleration is proportional to the displacement and directed toward the 
equilibrium position. The type of vibratory motion in which the acceleration is 
proportional to the displacement and always directed toward the equilibrium position 
is called simple harmonic motion (SHM). This is always motion along a straight 
line, the acceleration and the velocity constantly 
changing as the vibrating body moves through its 
series of positions. The direct proportionality of 
acceleration and displacement distinguishes simple 
harmonic motion from all other types of vibratory 
motion. 

Very few vibrating bodies execute motion that is 
strictly simple harmonic but many vibrate with a 
motion that is so nearly simple harmonic that it can 
be treated as such without appreciable error. Suppose 
that a steel ball is mounted on a flat spring that is 
clamped in a vise as in Fig. 2. Pull the ball sideways, 
bending the spring, and you will observe a restoring 
force that tends to move the ball back toward its 
initial position. This force increases as the ball is 
pulled farther away from its original position. The 

motion of the ball is only approximately SHM since Fig. 2. A ball and 
it moves along the arc of a circle instead of along a spring in approximate 
straight line and the direction of the force is tangent slm P lc Harmonic mo- 
to the circle rather than toward the initial position. 

However, if the displacement is small, the departure from SHM is so slight 
that no great error is introduced by assuming that the motion is simple 
harmonic. The motion of a pendulum is also approximately SHM. 

Period, Frequency, and Amplitude. The period T of a vibratory motion 
•s the time required for a complete to-and-fro motion or oscillation. In a 
complete oscillation the vibrating body moves from the equilibrium position 
to one end of the path, back to the equilibrium position, to the other end of 
the path, and back to the equilibrium position ready to repeat the cycle. 
Sometimes a halj-period is used, the time of just one half this complete vibra¬ 
tion. In all our discussion we shall use the whole period. 

The frequency f of the vibratory motion is the number of complete oscilla¬ 
tions per second. The frequency is the reciprocal of the period:/ = 1/7. 
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The amplitude of a vibratory motion is the maximum displacement from the 
equilibrium position. 

The Circle of Reference. When a body moves with uniform speed in a 
circle, the projection of this motion on a diameter is simple harmonic motion. 
In Fig. 3 the body at A is moving with uniform speed v c in a circular path. 
The projection B moves back and forth along the diameter. The acceleration 
of the particle at A is a e directed toward the center of the circle. The com¬ 
ponent a of the central acceleration of particle A parallel to the chosen 
diameter is the acceleration of B. The triangles ABC and AED are similar. 



t'lo. 3. Circle of reference for 
analyzing simple harmonic mo¬ 
tion. 


Therefore 

a _ — x 
a c r 

where a e is the central acceleration, r is the 
radius, and x is the displacement of the particle 
B. The minus sign is used since x is measured to 
the right while a is directed to the left. 




Since a e and r are constant in magnitude, 



that is, the acceleration of B is directly proportional to the displacement and 
directed toward the equilibrium position. Since this is the definition of SHM, 
it follows that the projection of uniform circular motion upon a diameter is 
SHM. 

1 his example of simple harmonic motion is very useful in studying that 
type of motion since it can be used to determine relationships between 
velocity, acceleration, period, frequency, and amplitude. The circle used 
here is commonly called the reference circle. 

In terms of the reference circle the period of the SHM is the same as the 
time of one revolution in the reference circle. The amplitude in SHM is the 
same as the radius of the reference circle, and the frequency is the number of 
involutions per second in the reference circle. For every SHM a reference 
circle can be set up from these relationships. 

Period in SHM. From Eq. (4) the period can be expressed in terms of 
the acceleration and displacement. From Eq. (1), Chap. 12, the central 
acceleration in uniform circular motion is 
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The speed of the particle in the reference circle is 


then 


From Eq. (4) 


Solving for 7" 2 , 



2-m 

T 


(2xr/r) 2 




4x- 

T- 


r — 





The period can he expressed in terms of the force constant of the spring (or 
other agency) that supplies the restoring force. From Eq. (1) 

F = -Ax 


and from Newton’s second law 


Combining these equations, 


Substituting in Eq. (6), 




If the mass m is expressed in grams and the force constant A in dynes pci 
centimeter, Eq. (7) gives the period in seconds. In the British system the mass 
is computed in slugs from W/g, and the force constant is expressed in pounds 

per foot. The resulting period is in seconds. 

Equation (7) expresses the fact that the period in SHM depends upon only 
two factors, the mass of the vibrating body and the force constant of the 
spring (or other agent). It should be noted that the period is independent of the 
amplitude. 

Reference to Eq. (7) will show that if the object is replaced by another 
whose mass is four times as great the period will be doubled. If, instead, the 
spring is replaced by another four times as stiff, the period is halved. 
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Example: A 5.0-lb ball is fastened to the end of a flat spring (Fig. 2). A force of 
2.0 lb is sufficient to pull the ball 6.0 in. to one side. Find the force constant and the 
period of vibration. 



m = 


W 

S 



- fiSTS - 4 0 Ib / ft 

5.0 lb „ , 

= 32ft?£? = 016 SlUg 

(0.16 slug 

\ 4.0 lb/ft “ L2seC 


Acceleration and Speed in SHM. At the position of greatest displace¬ 
ment, that is, at the end points of the motion, the vibrating object comes 
momentarily to a stop. It should be noticed that at the instant when its speed 
is zero, the object is acted upon by the maximum restoring force, so that the 
acceleration is greatest when the speed is zero. The restoring force (and 
therefore the acceleration) decreases as the object moves toward the equi¬ 
librium position. At the equilibrium position the acceleration is zero and the 
speed is greatest. The direction of the acceleration reverses as the object 
passes through the equilibrium position, increasing as the displacement 
increases, and reaching a maximum at the other extreme of displacement. 

Example: A 2.0-lb body vibrates in SHM with an amplitude of 3.0 in. and a 
period of 5.0 sec. Find the acceleration and the speed ( a ) at the mid-point, ( b ) at the 
end of the path, and (c) at a point 2.0 in. from the mid-point. 

Since the amplitude is 3.0 in., the radius of the reference circle is 3.0 in. The speed 
v, of the particle in the reference circle is 

2 m (2tt)(3.0 in.) „ „ . , 

--T - 5.0 sec = 38 ,n -'' sec 


At the mid-point of the path, the velocity in the reference circle is the same as that 

of the vibrating body, 


i'i = v e = 3.8 in./sec = 0.32 ft/sec 


At .he rmd-noint, the acceleration in the reference circle is perpendicular to the 
diameter, and hence the component parallel to the path of the vibrating body is zero. 

Therefore 




. vi ihe end point, the velocity in the reference circle is perpendicular to the path 
vibiation and hence has no component in that direction. 
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At the end point, the acceleration in the reference circle is the same as the accelera 
lion in the vibration 


ai 


= a = — = ( 3 - 8 ^•; SeC J - = 4.8 in./sec 2 = 0.40 ft/sec 2 
r 3.0 in. 


At the point 2.0 in. from the mid-point, we may find the acceleration by use of 
Eq. (3) 


a 

a t 

x 

a< 

r 


a = 


—x 
r 

2.0 in. 

4.8 in./sec 2 
3.0 in. 

— a e x —(4.8 in./sec 2 )(2.0 in.) 
"T" = 3.0 in. 


= —3.2 in./sec 2 = —0.27 ft/sec 2 


From Fig. 3, the velocity in the path of vibration is the component v of the velocity 
v c in the reference circle. From the geometry of fig. 3, 


v 

CA 

BA 


v = 


„ BA 
v e cos L BAC = v t £Tj 

r = 3.0 in. 

■y/'rTZT^ = y/ (3.0 in.) 2 - (2.0 in.) 2 = 2.2 in. 
(3.8 in./scc) ^4^ = 2.8 in./scc = 0.23 ft/scc 


The Simple Pendulum. One of the most common of approximate 
simple harmonic motions is the motion of a pen¬ 
dulum. A pendulum consisting of a small relatively 
heavy bob at the end of a very light string is 
called a simple pendulum. If such a pendulum is 
displaced as shown in Fig. 4, the weight mg of the 
bob supplies a restoring force ma. From similar 
triangles 

ma _ — x 
mg l 

a = — x 


If the angle 6 is small, the acceleration and displace¬ 
ment arc essentially proportional and in opposite 

directions. 

From Eq. (6), we can obtain an expression for the p IO> 4 , a simple pen- 
period of the pendulum. 



duluin. 
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Z5 = i 

a g 



The period depends only upon the length of the pendulum and the acceler¬ 
ation due to gravity. 

Simple Angular Harmonic Motion. If a heavy cylinder is supported 
at the end of a wire (torsion pendulum) and twisted through an angle 0 
(Fig. 5), the wire supplies a restoring torque proportional to the angle of twist. 

L = -K 0 d (9) 

where the negative sign is introduced because L and 0 are always opposite 
in sign. The constant Ao is called the moment of torsion of the wire and depends 



I'lG. 5. A torsion pendulum. 
Simple angular harmonic motion. 


upon the length, diameter, and material of the wire. This constant is of 
considerable importance in the design of instruments in which the sensitivity 
depends upon the twist of a wire or fiber. 

W hen the pendulum is released, the restoring torque produces an angular 
accflcration proportional to the angular displacement. The motion produced 
is simple angular harmonic motion. The period depends upon the moment of 
torsion of the support and upon the moment of inertia of the oscillating 
system, its value is given by the equation 


r = 2 * (10) 

>\ hoi o A 0 is the moment of torsion of the supporting fiber and / is the moment 
ol inertia of the system about an axis along the supporting fiber. 
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Resonance. Suppose that the natural frequency of vibration of the sys¬ 
tem represented in Fig. 2 is 10 vib/sec. Now ’magine that, beginning with 
the system at rest, we apply to it a to-and-fro force, say, 25 times per second. 
In a short time this force will set the system to vibrating regularly 25 times 
a second, but with very small amplitude, for the ball and spring are trying 
to vibrate at their natural rate of 10 vib/sec. During part of the time, there¬ 
fore, the system is, so to speak, “fighting back" against the driving force, whose 
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Fio. 6. Dangerous resonance. Excessive vibration caused the collapse of the bridge. 


frequency is 25/sec. We call the motion of the system in this case a forced 
vibration. 

Now suppose that the alternation of the driving force is gradually slowed 
down from 25/sec to 10/sec, the natural frequency of the system, so that the 
alternations of the driving force come just as the system is ready to receive 
them. When this happens, the amplitude of vibration becomes very large, 
building up until the energy supplied by the driving force is just enough to 
overcome friction. Under these conditions the system is said to be in resonance 
with the driving force. 

A small driving force of proper frequency can build up a very large ampli¬ 
tude of motion in a system capable of vibration. We have all heard car rattles 
that appear only at certain speeds, or vibrations set up in dishes, table lamps, 
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cupboards, and the like by musical sounds of particular frequency. A motor 
running in the basement will often set certain pieces of furniture into vibration. 

This problem of resonant vibrations may become particularly important 
with heavy machinery. The problem is to find the part that is vibrating in 
resonance with the machinery and to change its natural frequency by chang¬ 
ing its mass or its binding force (force constant). 

A most common example of resonance is furnished by radio circuits. 
When one tunes his radio receiver, he is in effect altering what corresponds 
to the spring constant in a mechanical system. By thus changing the natural 
frequency, one can bring the circuit into resonance with the desired electrical 
frequency transmitted by the sending station. The forced vibrations from all 
other frequencies have such small amplitudes that they do not produce any 
noticeable effect. 

SUMMARY 

Periodic motion is that motion in which a body moves back and forth over 
a fixed path, repeating over and over a fixed series of motions and returning 
to each position and velocity after a definite interval of time. 

Simple harmonic motion is that type of vibratory motion in which the accelera¬ 
tion is proportional to the displacement and is always directed toward the 
position of equilibrium. 

a = —kx 

Simple harmonic motion is always motion along a straight line. Many 
vibrations that are not strictly simple harmonic are very close approximations 
and may be treated as such without serious error. 

I. he motion of the projection on a diameter of a point that moves at con¬ 
stant speed on the '‘circle of reference*’ describes simple harmonic motion. 

The period of a vibratory motion is the time required for one complete 
oscillation, 



Th <tfrequency is the number of complete oscillations per second. 



1 he amplitude of the motion is the maximum displacement from the 

equilibrium position. 

A simple pendulum is one which consists of a concentrated bob supported by 
a very light string. Its period is given by 
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t - 2 '4 

A torsion pendulum vibrates with simple angular harmonic motion. Its period of 
oscillation is given by _ 

T = 2 ^i 

The moment of torsion Ko is the ratio of the torque to the angle of twist pro¬ 
duced by that torque. It depends upon the length, diameter, and material 
of the rod. 

Resonance occurs when a periodic driving force is impressed upon a system 
whose natural frequency of vibration is the same as that of the driving force. 
When this happens, the amplitude of vibration builds up until the energy 
supplied by the driving force is just sufficient to overcome friction in the 
system. 

QUESTIONS 

1. Why are approximate simple harmonic motions common in nature? Give 
some examples. Why are true simple harmonic motions extremely rare? 

2. Describe clearly how the motion of the piston in the cylinder of a steam loco¬ 
motive differs from simple harmonic motion. 

3. How could one connect a piston to a rotor so that the motion of the piston 

would be simple harmonic? 

4. Within a solid sphere of uniform density the gravitational force on an object 
varies directly with the first power of the distance from the center. Assuming that the 
earth were such a sphere and a hole could be drilled completely through it along a 
diameter, what would happen to an object dropped into the hole? 

5. Under what conditions does the addition of two simple harmonic motions 

produce a resultant that is simple harmonic? 

6. What is the purpose of the pendulum of a clock or the balance wheel of a 

watch? 

7. When a pendulum clock gains time, what adjustment should be made? 

8. A 1-in. iron ball and a 1-in. wooden ball are supported by threads of equal 
length. When the two are set swinging, how will the periods compare? Is there any 

difference in their behavior? If so, what? 

9. A simple pendulum has a period of 2.00 sec at sea level and 45° latitude. What 
will be the effect qualitatively on the period if the pendulum is at sea level (a) at the 
equator? (b) at latitude 60°? What will l>e the effect of taking it to elevation 5000 ft at 
latitude 45°? 

10. A small ball is supported by a string that passes through a hole in the support. 
The ball is started swinging, and the string is slowly pulled up through the hole. 
Describe and explain the motion of the ball. 

11. Why do marching men break step when crossing a light bridge? 
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12. Describe several common phenomena in which resonance is an important 
factor. 

PROBLEMS 

1. What is the force constant of a spring that is stretched 11.0 in. by a force of 
5.00 lb? What is the period of vibration of a 10.0-lb body if it is suspended by this 
spring? 

2. A 1000-gm cage is suspended by a spiral spring. When a 200-gm bird sits in 
the cage, the cage is pulled 0.50 cm below its position when empty. Find the period 
of vibration of the cage (a) when empty and ( b ) when the bird is inside. 

Arts. 0.32 sec; 0.35 sec 

3. A 50.0-gm body hung on a spring causes it to elongate 2.00 cm. When a certain 
object is hung on the spring and set vibrating its period is 0.568 sec. What is the mass 
of the object attached to the spring? 

4. A spring elongates 2.00 cm for a load of 15.0 gm. If a body of mass 294 gm is 

attached to the spring and it is set into vibration with an amplitude of 10.0 cm, what 
will be (a) the force constant, ( b ) the period, and (c) the maximum speed of the 
vibrating body? Ans. 7350 dynes/cm; 1.26 sec; 50.0 cm/sec 

5. A 200-gm body elongates a spring 4.9 cm. (a) What will be the period of vibra¬ 
tion of the spring when a 400-gm object is attached to it? (6) What will be the maxi¬ 
mum speed of the vibrating object if the amplitude is 3.0 cm? 

6. The drive wheels of a locomotive whose piston has a stroke of 2.00 ft make 185 
rev/min. Assuming that the piston moves with SHM, find the speed of the piston 
relative to the cylinder head at the instant when the piston is at the center of its stroke. 

Arts. 19.4 ft/sec 

7. A 2.0-lb body is executing simple harmonic motion of amplitude 1.0 ft and 
period 0.80 sec. (a) What is its speed as it passes through the equilibrium position? 
(b) What is its kinetic energy at that instant? 

8. A 10-lb block of iron is caused to vibrate with SHM by means of a spring. If 

the amplitude ot vibration is 12 in. and the time of a complete vibration is 0.60 sec, 
find the maximum kinetic energy of the block. Ans. 17 ft-lb 

9. A 100-lb body vibrates with SHM of amplitude 12 in. and a period of 0.784 

sec. (a) \\ hat is its maximum speed? ( b ) its maximum kinetic energy? (c) its minimum 
kinetic energy? 

10. A tooth in the blade of a reaper describes approximate SHM of 1.5 in. ampli¬ 

tude and has a period of 0.20 sec. Find its speed when at a point 0.50 in. from the 
center of its path._ AfJS u in>/lcc 

11. A load of a00 gm causes a spring to stretch 12.0 cm An additional load of 
100 gm is added, and the spring is set into vibration with an amplitude of 3.25 cm. 
Calculate (a) the lrequency, (£) the speed when the displacement is 1.63 cm, and 
(r) the maximum kinetic energy of the system. 

12. A body moves with SHM of an amplitude 24 cm and a period of 1.2 sec. (a) 
find the speed of the objet t when it is at its mid-position, and when 24 cm away. 
(/>) What is the magnitude of the acceleration in each case? 

Ans. 130 cm/sec; 0; 0; 660 cm/scc 2 
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13. A body suspended from a coiled spring oscillates vertically with SHM through 
a distance of 2.0 ft. The time for one complete vibration is 3.0 sec. Find (a) the maxi¬ 
mum speed of the body, ( b) the speed of the body 0.38 sec after it has passed the 
lowest point in its path, and (c) the maximum acceleration of the body. 

14. A 2.0-lb body vibrates in SHM with a period of 4.0 sec and an amplitude of 
10.0 in. Find the maximum speed and the maximum acceleration. Find the speed 
and acceleration when the body is one-sixth period from the equilibrium position. 
Find the net force on the vibrating body at the latter position. 

Arts. 1.3 ft/sec; 2.0 ft/sec 2 ; 0.65 ft/sec; 1.7 ft/sec 2 ; 0.11 lb 

15. A body vibrates in SHM with an amplitude of 6.0 in. and a frequency of 
240 vib/min. Find the speed and acceleration when the body is 3.0 in. from the 
equilibrium position. 

16. A body having simple harmonic motion of amplitude 5.0 cm has a speed of 

50 cm/sec when its displacement is 3.0 cm. What is its period? Arts. 0.50 sec 

17. A body moving in SHM with an amplitude of 10.0 cm has an acceleration of 
20.0 cm/scc 2 when the body is 8.00 cm from the equilibrium position. What is the 
period? 

18. Find the restoring force on a 3.0-lb body in SHM at the instant its displacement 
is 0.50 in. The frequency of vibration is 180 vib/min and the amplitude is 1.5 in. 

Arts. 1.4 lb 

19. A tuning fork makes 256 complete vibrations per second with an amplitude of 
0.50 mm. What is the acceleration of one of its prongs when it is displaced 0.40 mm 
from its equilibrium position? 

20. A body of mass 60.0 gm is moving with a uniform angular speed in a vertical 
circle of radius 10.0 cm at the rate of 20.0 rev/sec. (a) What is the magnitude and 
direction of the centripetal force 0.00625 sec after the body passes a horizontal diame¬ 
ter going in the upward direction? (/>) What is the velocity of a companion particle, 
executing SHM on a horizontal diameter of the circle? 

Ans. 9.51 X 10 6 dynes; 890 cm/scc 

21. Find the period of a simple pendulum 3.00 ft long. What is the length of a 
pendulum with just half this period? (Use g = 32.2 ft/sec 2 .) 

22. At a certain place a simple pendulum 100 cm long makes 250 complete vibra¬ 
tions in 8.38 min. What is the length of a simple seconds pendulum at that place? 

Ans. 99.0 cm 

23. A simple pendulum is used to determine the value o{ g. When the length of the 
pendulum is 98.45 cm, the period is measured to be 1.990 sec. Find the value of g. 

24. Calculate the length of a simple pendulum which has a period of 1.000 sec at 

a place where g = 981 cm/sec 2 . Ans. 24.8 cm 

25. A simple pendulum is 45.00 in. long. At a place where g = 32.17 ft/scc 2 , what 
will be the frequency of the jxmdulum? 

26. A simple pendulum was accurately adjusted to have a period of 2.00 sec. The 

supporting fiber broke and was shortened 2.00 in. Find the change in period, assum¬ 
ing g = 32.2 ft/sec 2 . Ans. 0.05 sec 

27. A solid disk of 30-cm radius and mass 9.0 kg is susjx-nded as a torsion jx-ndulum 
In order to twist the disk completely around once, two forces, each of 22.5 X 10° 
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dynes, must be applied tangentially to the disk at opposite ends of a diameter. What 
is the moment of torsion and the period of oscillation? 

28. A solid cylinder, whose weight is 16.0 lb and radius is 9.0 in., is supported 

along the axis by a wire 2.0 ft long. The cylinder is twisted through an angle of 120° 
by a torque of 4.0 lb-ft. Find the moment of torsion of the wire and the period of the 
pendulum when released. Ans. 1.9 lb-ft/radian; 1.7 sec 

29. A torsion pendulum consists of a verdcal wire supporting a disk. A torque of 
10.0 lb-ft twists the disk 7.5°. The frequency of the pendulum is 90 vib/min. What is 
the moment of inertia of the disk? 

30. An irregularly shaped bar is supported by a wire which can be twisted 15.8° 
by a torque of 5.25 X 10 6 cm-dyncs. The system as a torsion pendulum vibrates with 
a period of 0.333 sec. What is the moment of inertia of the bar? 

Ans. 5.34 X 10 4 gm-cm 2 

31. An irregular body supported by a wire vibrates as a torsion pendulum with a 
period of 1.50 sec. When a ring whose moment of inerda is 5.25 X 10 3 gm-cm* is 
added to the irregular body, the period becomes 1.80 sec. Find the moment of inerda 
of the irregular body. 

32. A 200-gm sphere of radius 12.0 cm is supported by a wire as a torsion pendu¬ 

lum. The frequency of the pendulum is 0.250 vib/sec. Find the moment of torsion of 
the wire and the energy of the system when it is displaced 12.5° from its equilibrium 
P° s ‘ l ‘ on - Ans. 2.85 X 10 4 cm-dynes/radian; 677 ergs 

33. A watch has a balance wheel which moves with an angular acceleradon of 
41 radians/sec 2 when it is displaced 15° from its equilibrium posidon. What is its 
frequency? 

34. A torsion pendulum begins moving with an angular acceleradon of 15 radi¬ 
ans/sec 2 when its displacement is 90°. What is the frequency of the pendulum? 

Ans. 0.49 vib/sec 
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Elastic Properties of Solids 


When a structure or a machine is to he built, suitable materials must be 
chosen for the parts. An engineer bases his design on the laws of mechanics 
and a knowledge of the properties of the materials available. Some of the 
properties thus considered arc weight, strength, hardness, elasticity, thermal 
expansion, and maximum safe operating temperature. 

Much of the progress in the design of structures has resulted from the 
discovery, adaptation, or development of new structural materials. As stone, 
brick, steel, and reinforced concrete replaced the original structural materials, 
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mud and wood, buildings became stronger and taller. Early tools were made 
of wood, bone, or stone, but the discovery of metals made possible the con¬ 
struction of more intricate and useful devices. The machine age depends 
largely upon the technology of metals. 

Elasticity. Among the most important properties of materials are their 
elastic characteristics. If, after a body is deformed by some force, it returns 
to its original shape or size as the distorting force is removed, the material is 
said to be elastic. Every substance is elastic to some degree. 

Consider a long steel wire fastened to the ceiling, in such a manner that its 

upper end is held rigidly in place. To keep the wire taut 
suppose a stone of sufficient weight is fastened to the 
lower end of the wire. The force per unit area of cross 
section of the wire is defined as the tensile stress in the wire. 
The pound per square inch is a unit in which this stress 
is commonly measured. This force per unit area, is some¬ 
times called unit stress. 

Let L (Fig. 1) represent the length of the wire when 
just enough force has been applied to take the kinks out of 
it. Increasing the stretching force by an amount F will 
stretch or elongate the wire an amount A L. The ratio of 
the change in length A L to the total length L is called the 
tensile strain. Notice that the change in length must be 
measured in the same unit as the total length if the value 
of this ratio AZ./L is to be independent of the units 
used. 

Hooke’s Law. Robert Hooke recognized (1676) and stated the law that 
is used to define the clastic properties of a body. In studying the effects of 
tensile forces, he observed that the increase in length of a body is proportional 
to the applied force over a rather wide range of forces. This observation may 
be made more general by stating that the stress is proportional to the strain. In 
this form the statement is known as Hooke's law. 

I! the stress is increased above a certain value, the body will not return to 
its original size (or shape) after the stress is removed. It is then said to have 
acquired a permanent set. 1 he smallest stress that produces a permanent set is 
called the elastic limit. For stresses that exceed the elastic limit Hooke’s law 
is not applicable. 

The stretching of a given rod, cable, or spring is sometimes represented by 
an equation of the form ? 

F = kx (1) 

which states that the elongation ,v, beyond its no-load length, of the body in 



Fio. 1. Stress and 
strain in the 
stretching of a 
wire. 
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tension is directly proportional to the stretching force F. The constant k, or 
the ratio of the force to the elongation, is called the force constant and is ex¬ 
pressed in pounds per foot, or dynes per centimeter. It is equal numerically 
to the force required to produce unit elongation. 

Although it is often of immediate interest to know the force constant for a 
particular object, it is also generally convenient to define elastic coefficients 
characteristic of a material. We shall discuss three of these coefficients. 

Young’s Modulus. A modulus of elasticity is defined as the ratio of a 
stress to the corresponding strain. This ratio is a constant, characteristic of 
the material. The ratio of the tensile stress to the tensile strain is called 
Young's modulus. 

tensile stress FI A FL 


Y = 


tensile strain AL/L A AL 


( 2 ) 


Example: A steel bar, 20 ft long and of rectangular cross section 2.0 by 1.0 in., 
supports a load of 2.0 tons. How much is the bar stretched? 


r = 


Solving for AL, 


A L = 


FL 

AAL 


FL 

YA 



F = 2.0 tons = (2.0 tons)(2000 lb/ton) = 4000 lb 
L = 20 ft 

A = (2.0 in. X 1.0 in.) = 2.0 in. 2 
r = 29,000,000 lb/in. 2 

(4000 lb)(20 ft) 


A L = 


(29,000,000 lb/in. 2 )(2.0 in. 2 ) 


= 0.0014 ft = 0.017 in. 




U ! 

K l 
«■* 



Values of 7 for several common materials are given in 
Tabic I. Note that the physical dimensions of 7 are those of 
force per unit area. Figure 2 illustrates apparatus for deter¬ 
mining Young’s modulus by applying successively greater 
loads to a wire and measuring its elongation. 

Although stretching a rubber band does increase the 

restoring force, the stress and strain do not vary in a direct 

proportion; hence Young’s modulus for rubber is not a 

constant. Moreover, a stretched rubber band does not 

return immediately to its original length when the deform- 

*ng force is removed. This failure of an object to regain its original size and 

shape as soon as the deforming force is removed is called elastic lav or 
hysteresis (a lagging behind). 


I'lG. 2. Appa¬ 
ratus for deter¬ 
mining Young’s 
modulus. 
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Ordinarily stretching a wire cools it. Rubber gets warmer when stretched 
and cools when relaxed. This can be verified easily by stretching a rubber 
band and quickly holding it against the lips or tongue, which are very sensi¬ 
tive to changes in temperature. One would expect then that heating a rubber 
band would increase the stress. A simple experiment shows this to be true. 
Suspend a load by a long rubber band and apply heat to the band* with a 
Bunsen flame played quickly across the band so as not to fire the rubber. 
The band will contract, lifting the load. A wire under similar circumstances 


TABLE I. ELASTIC CONSTANTS 


Material 

Young’s 

modulus, 

lb/in. 2 

Tension 

Compression 

Stress at 
elastic 
limit, 
lb/in. 2 

Breaking 

stress, 

lb/in. 2 

Breaking 

stress, 

lb/in. 2 

Hardness 

Brinell 

number, 

kg/mm z 

Aluminum, rolled 

10,000,000 

25,000 

29,000 

■PjPl 

40 

Aluminum alloy, 20% nickel 

9,400,000 

23,000 

60,000 


100 

Glass, silica 

10,000,000 


10,000 



Iron, wrought 

27,500,000 

23,500 

47,000 



Lead, rolled 

2,200,000 


3,000 

mm 


Phosphor bronze 


60,000 

80,000 


50-200 

Plastics, cast phenolic 

1,000,000 

9,000 

23,000 

38 

Plastics, polystyrene 

. 400,000 


7,000 

13,000 

25 

Rubber, vulcanized 

2,000,000 

500 

2,500 



Steel, annealed 

29,000,000 

1 

40,000 

75,000 


150 


will expand, lowering the load. I he modulus of elasticity of a metal decreases 

as the temperature increases. 

Volume Elasticity. Bodies can be compressed as well as stretched. In 
this type of deformation also, clastic forces tend to restore the body to its 
original size. 

Suppose that a rubber ball is placed in a liquid confined in a vessel and 
that a force is applied to the confined liquid, causing the ball to contract. 
1 he volume stress is the added force per unit area Ff A and the volume strain is 
the fractional change — Al i that is produced in the volume of the speci¬ 
men. The ratio (volume stress) (volume strain) is called the coefficient of 
volume elasticity , or bulk modulus. »- 


stress _ F/A 
strain ~ AVJV 


( 3 ) 
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This type of deformation, which involves only volume changes, applies to 
liquids as well as to solids. The bulk moduli of liquids and solids are large 
numbers of the same order of magnitude, expressing the familiar fact that 
large forces are needed to produce even minute changes in their volumes. 
Gases are more easily compressed and have correspondingly smaller bulk 
moduli. The compressibility of a material is represented by the reciprocal of its 
bulk modulus. 

Elasticity of Shear. A third type of elasticity concerns changes in shape. 
This is called elasticity of shear. As an illustration of shearing strain, consider 
a cube of material (Fig. 3) fixed at 
its lower face and acted upon by a 
tangential force F at its upper face. 

This force causes the consecutive 
horizontal layers of the cube to be 
slightly displaced or sheared relative 
to one another. Each line, such as 
BD or CE , in the cube is rotated 
through an angle <t> by this shear. 

The shearing strain is defined as the 
angle 0, expressed in radians. For 
small values of the angle, 0 = BB'/BD, approximately. The shearing stress 
is the ratio of the force F to the area A of the face BCGII. The ratio, shearing 
stress divided by shearing strain, is the shear modulus or coefficient of rigidity , n. 



Fig. 3. Shearing of a cubical 
through an angle <p by a force F. 


block 


n = 


F/A 


F/A 


0 BB'/BD 


(4) 


The volume of the body is not altered by shearing strain. 


TABLE II. BULK MODULI AND SHEAR MODULI 


Material 

B, lb/in. 2 

. n, lb/in. 2 

Aluminum.. 

10 X 10* 

3.6 X 10 6 

Copper (hard). 

17 

6.1 

Cast iron... 

14 

7.4 

(Jlass.1 

65 

3.5 

Rocks ... 

1.5-4 


Steel . . . i 

23 

11.6 

Water . 

0.30 

0 

Mercury . 

36 

0 
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Ultimate Strength. The way in which samples of different materials 
arc deformed by various loads is illustrated by Fig. 4. For each load the tensile 
strain is calculated as the ratio of the elongation to the original length. This 
is plotted against the tensile stress, and a curve is drawn through the points 
so obtained. 

In the region below the elastic limit (EL) the sample obeys Hooke’s law 
and returns to its original length when the stress is removed. The sample will 
support stresses in excess of the elastic limit, but when unloaded it is found 
to have acquired a permanent set. 

If the applied stress is increased slowly, the sample will finally break. The 
maximum stress applied in rupturing the sample is called the ultimate strength. 
Although the ultimate strength of the sample lies far up on its strain-stress 
curve, it is seldom safe to expect it to carry such loads in structures. Axles and 
other parts of machines which arc subject to repeated stresses are never 

loaded bevond the elastic limit. 

Whenever a machine part is sub¬ 
jected to repeated stresses over a long 
period of time, the internal structure 
of the material is changed. Each time 
the stress is applied, the molecules 
and crystals realign. Each time the 
stress is removed, this alignment re¬ 
tains some permanent set. As this 
process continues, certain regions are 
weakened, particularly around areas 
where microscopic cracks appear on 
the surface. This loss of strength in a 
machine pari because of repeated stresses is known as fatigue. Since failure due 
in fatigue occurs much sooner if Haws are present originally than in a perfect 
part, it is imp<.i mt to de tect such flaws, even though they are very slight, 
'•dote tie par 1 is installed. Great care is exercised in testing parts of airplane 
>truelures .0 d< ie< 1 original flaws. In many plants, x rays are used to detect 
hidden flaws. 

1 heirn.d Stresses. When a structure such as a bridge is put together, 
in ’, take into account changes in shape due to changes in tem- 
h each provision is not made, tremendous forces develop that may 
it - of the structure. Anyone who has ever seen a concrete pavc- 
u Tattered by these forces on a hot day realizes the violence of such a 
pnenomenon. 

i he suitability of a material for a certain application may depend on 
properties other than the mechanical ones just discussed. Among those are 



In.:. 4. Elastic behavior of certain metals. 
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flammability, moisture absorption, electrical conductivity, and thermal con¬ 
ductivity. For most structural purposes, however, materials arc selected 
chiefly on the basis of their cost and their elastic properties. 

Some Further Properties of Matter. Materials possess several charac¬ 
teristics that are closely related to the'elastic properties. Among these are 
ductility, malleability, compressibility, and hardness. 

The ductility of a material is the property that represents its adaptability 
for being drawn into wire. Malleability is the property of a material by virtue 
of which it may be hammered or rolled into a desired shape. In the processes 
of drawing or rolling, stresses are applied that are much abov e the elastic 
limit so that a “flow” of the material occurs. For many materials the clastic 
limit is greatly reduced by raising the temperature; hence processes requiring 
flow arc commonly carried on at high temperature. 

The hardness of a substance was once determined from its ability to 
scratch other materials. The property of hardness of engineering materials 
is now commonly measured by the Brinell number or Rockwell number , based 
on two somewhat different test procedures. 

The Brinell number is the ratio of load, in kilograms, on a sphere used to 
indent the material, to the spherical area, in square millimeters, ol the in¬ 
dentation. The standard indentor is a hardened steel ball ol 10 mm diameter 
and the usual load is 3000 kg, although 500 kg loads are used in testing some 
softer nonferrous materials. 

In the Rockwell test, hardness is measured by the depth of penetration of 
a spherical-tipped conical indentor under certain specified conditions. I he 
Rockwell number is read directly from a scale, lower numbers coi responding 

to soft materials, which suffer deeper penetration. 

Hardness is not a fundamental property of materials but a composite one 
dependent on the elastic moduli, elastic limit, the hardening produced by 
“working” a metal, etc. Empirical relations are used to determine other 
properties from the easily measured hardness, but all such schemes are ol 
doubtful or limited validity. 

The useful life of a structure or a machine part depends quite as much on 
its surface properties as on its bulk properties. A glass fiber 0.003 mm in 
diameter may have a tensile strength 30 times that of a fiber 1 mm in diame¬ 
ter, owing to the greater freedom from surface flaws in the smaller fiber. I he 
surface layers of metal tools, glass plates, and rubber tires may be treated so 
as to introduce compressive stresses in the surface, thereby greatly increasing 
the durability of the part. 

Importance of Correct Testing Procedures. One difficulty encountered 
when attempting to measure the elastic properties of a material is that of 
providing a uniform or typical sample. If examined under sufficient inagnifi- 
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cation, no material is found to be uniform (homogeneous). Rock, brick, and 
concrete have structure that can readily be seen. Elastic constants for such 
materials should not be taken for samples that are not large compared to the 
size of the unit structure. Resistance to crushing varies from 800 to 3800 
lb/in. 2 for concrete, while that of grSnite varies from 9700 to 34,000 lb/in. 2 

Equally as important as correct sampling is the choice of a testing pro¬ 
cedure which permits measurement of a given property of the sample under 
the same conditions as those under which the material will be used. It may 
be convenient to measure the ultimate strength of a steel by subjecting a small 
polished cylinder to steadily increasing tension until rupture occurs. But 
such a test tells little about the possible failure of a machine part made of the 
same steel when that part has an unpolished surface and when it is subjected 
to rapidly recurring loads or to twisting and bending. A valid test must 
duplicate the conditions of actual use. 

Many industries have developed laboratories and testing equipment with 
which to examine the properties of the materials they purchase and to control 
the quality of their products. Recommended procedures for making numer¬ 
ous tests have been developed cooperatively by industry and such organiza¬ 
tions as the American Society for Testing Materials and the National Bureau 
of Standards. 

SUMMARY 

Elasticity is that property of a body which enables it to resist deformation 
and to recover after removal of the deforming force. 

Tensile stress is the ratio of the force to the cross-sectional area. 

Tensile strain is the ratio of the increase in length to the original length. 

The smallest stress that produces a permanent deformation is known as the 
elastic limit. 

Hooke's law expresses the fact that, within the limits of elasticity, stress is 
proportional to strain or the elongation x is proportional to the force F 

F = kx 


A modulus of elasticity is found by dividing the stress by the corresponding 

strain. 

l^oung's modulus is the ratio of tensile stress to tensile strain, 

F/A 


T = 


M'L 


The coefficient oj volume elasticity or bulk modulus is the ratio of volume stress 
to volume strain, 

F/A 


B = - 


A V/ V 
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The shear modulus or coefficient of rigidity is the ratio of shearing stress to 
shearing strain, 


n 



Compressibility is the reciprocal of the bulk modulus. 

Brinell hardness number is the ratio of the force applied on a hardened steel 
ball to the spherical area of indentation produced in a sample 


QUESTIONS 

1. What is the purpose of the steel in a horizontal reinforced concrete beam? in a 
vertical column? Docs concrete need reinforcement more under compressive or under 
tensile stresses? Why? 

2. A horizontal concrete beam is to be reinforced with steel rods. Should thev 

4 

be embedded near the upper or near the lower side of the beam? Why? 

3. Which is the more elastic, rubber or steel? air or water? 

4. What kind of elasticity is utilized in a suspension bridge? an automobile tire? 
an automobile drive shaft? a coil spring? a water lift pump? rubber heels? 

5. In what way do the numerical magnitudes of (a) strain, (/;) stress, and (r) 
modulus of elasticity depend upon the units of force and length? 

6. Two 40-ft wires of the same material have diameters whose ratio is n. How much 
more will the smaller wire be stretched under a given load? 

7. An elevator is suspended by a heavy steel cable. If this cable were replaced by 
two steel cables each having the same length as the original one but half its diameter, 
how would the amount of stretch in the pair of thin cables compare with that of the 
original cable? 

8. Can one use a slender wire in the laboratory to estimate the load capacity of a 
large cable on a bridge? Explain. 

9. A certain force is required to break a piece of cord. What force is required to 
break a cord made of the same material which is (a) twice as long and ( b ) twice as 
large in diameter and the same length? 

10. From Table I, which material would be preferable for the spiral spring of a 
spring balance? Why? 

PROBLEMS 

1. How much will a steel wire 20 ft long and 0.20 in. in diameter stretch when a 
load of 200 lb is hung on it? 

2. How much will an annealed steel rod 100 ft long and 0.0400 in. 2 in cross section 

be stretched by a force of 1000 lb? Atu. 1.03 in. 

3. Young’s modulus for steel is about 29 X 10* lb/in. 2 Express this value in dynes 
per square centimeter. 

4. A wire 1000 in. long and 0.010 in. 2 in cross section is stretched 4.0 in. by a force 

of 2000 lb. What are (a) the stretching stress, (b) the stretching strain, and (c) Young's 
modulus? Am. 2.0 X 10‘ lb/in.*; 0.00040; 5.0 X 10 7 lb./in. 2 
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5. A certain wire 0.70 mm in diameter and 2.0 m long was stretched 1.6 mm by 
a load of 2.0 kg. Find Young’s modulus for the material. 

6. A steel wire 100 cm long having a cross-sectional area of 0.025 cm 2 is stretched 
a distance of 0.30 cm. What is the stretching force? 

Ans. 340 lb or 1.5 X 10 8 dynes 

7. A hollow metal post is 10.0 ft long and the cross-sectional area of the metal is 
2.5 in. 2 When a load of 25.0 tons is applied to it, the length decreases 0.010 ft. Com¬ 
pute (a) the stress, ( b) the strain, and (c) Young’s modulus. 

8. A load of 9.0 tons is imposed on a vertical steel support 18 ft high having a 
cross-sectional area of 3.0 in. 2 How much is the column shortened by the load? 

Ans. 0.045 in. 

9. A load of 60 tons is carried by a steel column 
having a length of 24 ft and a cross-sectional area of 
10.8 in. 2 What decrease in length will this load 
produce? 

10. Compute the elongations of the aluminum 
wire of 40-mil (0.040 in.) diameter and the 60-mil 
copper wire in Fig. 5. Young’s modulus for copper is 
14 X 10 6 lb/in. 2 - Ans. 0.0026 ft; 0.00040 ft. 

11. A steel wire 3.0 ft long and a copper wire 2.0 
ft long, each 0.20 in. 2 in cross section, are fastened 
together end to end and arc then subjected to a tension 
of 200 lb. Calculate the elongation of each wire. 

12. A steel wire 8.0 ft long has a cross section of 
0.050 in. 2 When a stretching force of 1600 lb is ap¬ 
plied, the wire increases 0.106 in. in length. ( a ) What 
is the stress in the wire? (4) What is Young’s modulus 
for the wire? 

Ans. 32,000 lb/in. 2 ; 2.9 X 10 7 lb/in. 2 

13. Many high tension” cables have a solid steel core to support the aluminum 
wires that carry must of the current. Assume that the steel is 0.50 in. in diameter, that 
each ot the 120 aluminum wires has a diameter of 0.13 in., and that the strain is the 
same in the steel anti the aluminum. If the total tension is 1.0 ton, what is the tension 
sustained by rite steel? 

14. A seamless steel boiler drum is 48 in. in inside diameter and 54 in. in outside 

diameter. \N hen tested at twice its normal operating pressure, the outer circumference 
of the drum expanded 0.080 in. What was the tensile force in the drum per foot of 
axial length? Ans. 5.2 X 10 s lb 

15. A steel wire 0.128 in. in diameter hangs vertically from a support. A load of 
400 lb is applied to the lower end. (a) What elongation will take place per foot of 
length when the load is applied? (6) Will the wire return to its original length upon 
removal of the load? 

16. A steel wire ?•> mi long hangs vertically in a deep well. How much does it 
stretch under its own weight? The density of steel is 7.85 gm/cm 3 . (Suggestion: 
Compute the average elongation per unit length at the middle of the wire.) 

Ans. 0.408 ft 
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17. A circular rod 0.50 in. in diameter is made of an alloy which has a Young s 
modulus of 24 X 10 6 lb/in. 2 If the elastic and breaking limits coincide at a stretch 
of 1 part in 1000, what force is needed to break the rod in tension? 

18. An aluminum rod 300 cm long and 0.508 cm in diameter would normally 

contract 1.32 cm in cooling from 225°C to 25°C. What force would be required to 
prevent this contraction? Ans. 1380 lb 

19. Fibers of spun glass have been found capable of sustaining unusually large 
stresses. Calculate the breaking stress of a fiber 0.00035 in. in diameter, which broke 
under a load of 0.385 oz. 

20. To maintain 200 in. 3 of water at a reduction of 1 % in volume requires a force 
per unit area of 3400 lb/in. 2 What is the bulk modulus of the water? 

Ans. 3.4 X 10Mb/in. 2 

21. What increase in stress is required to produce a 1 % increase in the density of 
glycerin, whose compressibility is 22 X 10 -12 cm 2 /dyne? 

22. (a) Find the decrease in volume of 2.0 liters of water when subjected to 10 atm 
pressure. The compressibility of water is \/B = 50 X 10 -12 cm 2 /dync. A pressure 
of 1 atm is 1.013 X 10® dyncs/cm 2 . ( b ) From Table II, what would be the change in 
volume for mercury and iron under the same circumstances? 


Ans. 1.01 cm 3 ; 0.084 cm 3 ; 0.024 cm 3 

23. What is the change in volume of the water in a cylinder 3.0 ft long and 3.0 in. 
in diameter when there is a compressional force per unit area of 14.3 lb/ in. 2 exerted 
on a tight piston in the cylinder? 

24. If the density of sea water is 1.03 gm/cm 3 at the surface, what is its density at a 

depth where the pressure is 10® dynes/cm 2 ? Ans. 1.08 gin 'em 3 

25. A 12-in. cubical block of sponge has two parallel and opposite forces of 2.5 lb 
each applied to opposite faces. If the angle of shear is 0.020 radian, calculate the 
relative displacement and the shear modulus. 

26. A 4.0-ft square steel plate 1.0 in. thick is supported vertically with its lower 
edge fixed rigidly. Shear stress is applied, and the upper edge is observed to move 
parallel to the lower edge through 0.020 in. Find the shear strain. Ans. 0.00042 

27. A 2.0-in. cube of gelatin has its upjx*r surface displaced 34 in. by a tangential 
force of 1.0 oz. What is the shear modulus of gelatin? 

28. A shearing force of 3.0 tons is distributed uniformly over the cross section of a 


pin 1.5 in. in diameter. Find the shear stress. 


Ans. 1.7 tons/in .'* 
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15 • Liquids at Rest 


Materials are comnmnh classified as solids, liquids, and gases. The class into 
which a su''Stance ! ails depends upon the physical conditions surrounding it 
at the time of observation. Under varying conditions a single substance may 
be observed in any one of the three states. We are all familiar with water in 
its three states: ice, water, and vapor. Other substances such as iron and most 
other metals, which are not familiar in the liquid and gaseous states, never¬ 
theless exist in those states ii the temperature is sufficiently high. Those sub- 
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stances which are commonly observed as gases can all be liquefied and solidi¬ 
fied if the temperature is lowered far enough and the pressure is made great 
enough. 

Solids are bodies that maintain definite size and shape. A liquid has a 
definite volume, for it will fill a container to a certain level, forming a free 
surface, but it does not have a definite shape. Gases have neither definite 
shape nor definite volume, but completely fill any container no matter how 
small an amount of gas is put into it. The term “fluid” is applicable to both 
liquids and gases. 

Density. One of the properties characteristic of every material is its 
density. We are all familiar with the fact that a small piece of one material 
may be heavier than a much larger piece of another material. The mass per 
unit volume of a substance is called its density , 



Units of density are made up by dividing the chosen unit of mass by the unit 
of volume, as grams per cubic centimeter. 

It is sometimes helpful to use another quantity called weight-density or 
weight per unit volume 



Since W = mg , we have the simple relation between density and weight- 
density 

D = dg (3) 


TABLE 1. DENSITIES AND WEIGHT-DENSITIES OF SOLIDS AND 

LIQUIDS 


Substance 

Density, 

gm/cm 3 

Weight-density, 

lb/ft 3 

Alcohol (ethyl) at 20°C. 

0.79 

49.4 

Water at 4°C. 

1 .000 

62.4 

Water at 20°C. 

0.998 

62.3 

Gasoline. 

0.68 

42 

Mercury. 

13.6 

850 

Oak. 

0.8 

50 

Aluminum. 

2.7 

169 

Copper. 

8.89 

555 

Ice . 

0.92 

57 

Iron, wrought. 

7.85 

490 
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Weight-density is commonly used when we are concerned with effects 
depending upon force while density is used when mass is to be considered. 
Values of density for some substances are given in Table I. 

Specific Gravity. The specific gravity of a substance is the ffatio of its density 
to that of some standard substance. The standard usually chosen is water at 
the temperature of its maximum density, 39.2°F (4°C). Thus, if d is the 
density of the substance and d v the density of the water, the specific gravity 
(sp. gr.) of the substance is 



also 


Sp. gr. 


D_ 

Dtp 



Since each of the two densities has the same unit, their quotient has no units. 
Specific gravity is often more convenient to tabulate than density, the values 
of which in the British and metric systems of units are different. One may 
easily compute density from specific gravity by the use of Eq. (4). 

d = (sp. gr .)d w 

The units of density thus obtained will be those of the system in which the 
density of water is expressed. 

Since the density of water in metric units is 1 gm/cm 3 , the density is 
numerically equal to the specific gravity in that system. 

Pressure. When a liquid is confined in a container, the liquid exerts 
force on every part of the area of the walls and bottom of the container which 
the liquid touches. If the liquid is at rest, this force is everywhere perpendicu¬ 
lar to the containing surface. The force per unit area is called pressure. In 
symbols 



Pressure is a scalar quantity. 

1 he idea ol pressure is not restricted to liquids but may be used whenever 
a force is applied over an area. A very large pressure may result from the 
application of even a moderate force if it acts on a small area. Such objects 
as pins and nails are made with sharp points so that high pressures may pro¬ 
duce distortion of the surfaces they press against even when a relatively small 
force is applied. 

A unit of pressure may be made from any force unit divided by an area 
unit. Pressures are commonly expressed in pounds per square inch or dynes 
per square centimeter. Sometimes pressures are expressed in terms of certain 
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commonly observed pressures as, for example, an atmosphere , representing a 
pressure equal to that exerted by the air under normal conditions, or a 
centimeter 0 / mercury , representing a pressure equal to that exerted by a column 
of mercury 1 cm high. The concept of pressure is particularly useful in dis¬ 
cussing the properties of liquids and gases. 

Example: The end of a stake that is to be pushed into the ground has an area of 
0.50 in. 2 What is the pressure under the stake when a force of 200 lb is applied? 


F 200 lb 
F ~ A ~ 0.50 in. 2 


= 400 lb/in. 2 


Pressure Due to Gravity. The atoms 
and molecules of which a liquid is composed 
arc attracted to the earth in accordance with 
Newton’s law of universal gravitation. Hence, 
liquids collect at the bottoms of containers, 
and the upper layers exert forces on the ones 
underneath. 

The pressure at a point in a liquid means 
the force per unit area of a surface placed 
at the point in question. Imagine a hori¬ 
zontal surface A (Fig. 1), which is 10 in. 
below the surface of the liquid. Because of its 



7 - £- 


/o//v. 



' —4 —4—I -I- 

r-1 +-H -m 








Fig. 1. Pressure in a liquid. 


weight, the column of liquid directly above the surface exerts a force F on the 
surface. If the liquid is water, each cubic foot weighs 62.4 lb and each 
cubic inch weighs 

(62.4/1728) lb = 0.0361 lb 

If we take the area A as 2.0 in. 2 , the volume above the area is 

(10 in.)(2.0 in. 2 ) = 20 in. 3 
Hence the weight of water above the area is 

(0.036 lb/in. 3 )(20 in. 3 ) = 0.72 lb 

and this is the force exerted on the surface. The pressure is the force divided 
by the area, 

F 0.72 lb 


P A 2.0 in. 2 


= 0.36 lb/in. 2 


Hydrostatic Pressure. In order to find the pressure P due to the weight 
W of a column of liquid, it is sufficient to know the weight-density I) and the 
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depth h below the surface, for the force exerted on the area A is the weight of 
the column. 

W = hAD 


p _W _ hAD 
A A 
P = hD 


( 6 ) 


The pressure may also be expressed in terms of the density d of the liquid 
by substituting from Eq. (3) 

P = hdg (7) 


Example: Find the pressure at the bottom of a tank that is filled with gasoline to a 
depth of 8.0 ft. 


P = hD 
h = 8.0 ft 
D = 42 lb/ft 3 

P = (8.0 ft)(42 lb/ft 3 ) = 340 lb/ft* 


340 lb/ft 2 
144 in. 2 /ft 2 


2.4 lb/in. 2 


Example: If the bottom of the tank of the previous example is 6.0 by 8.0 ft, \ t • 
force is exerted on it? 



dA 

F = PA 
P = 340 lb/ft 2 

A = (6.0 ft)(8.0 ft) = 48 ft 2 _ 

F = (340 lb/ft 2 )(48 ft 2 ) = 16,000 lb 

Example: Find the pressure due to a column of mercury 74.0 cm high. 

P = hdg 
h = 74.0 cm 
d = 13.6 gm/cm 3 
g — 980 cm/sec 2 

P = (.4.0 cm)(13.6 gm/cm 3 )(980 cm/sec 2 ) = 986,000 dynes/cm 2 

Pressure in Liquids at Rest. The following general statements apply to 

the pressure in a liquid at rest: 

1. Pressure exists at every point within the liquid. 

2. As indicated by Eq. (6), the pressure is proportional to the depth below 

the surface. 

3. At any point in a liquid the magnitude of the force (due to pressure) 
exerted on a surface is the same no matter what the orientation of the surface 
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is. If this statement were not true, there would be a net force in one direction, 
and the liquid would be set in motion. 

4. The pressure is the same at all points at the same level within a single 
liquid. 

5. The force due to the pressure is everywhere perpendicular to the surfaces 
of the container. 

6. The force on the bottom of a container is the pressure at that level times 
the area of the bottom. The force may be greater than, equal to, or less than 
the weight of the liquid in the container. In Fig. 2 arc shown several con¬ 
tainers, each having the same base area and the same depth of liquid. The 
force on the base is the same in each of these cases even though the weights of 
liquid are widely different. (How is the differ¬ 
ence between weight of liquid in the container 
and the force on the base accounted for?) 

Example: In a U-tube (Fig. 3) the right-hand 
arm is filled with mercury while the other is filled 
with a liquid of unknown density, the levels being 
as shown in the diagram. Find the density of the 
unknown liquid. 


Fio. 2. The force on the base is not always equal to Fig. 3. Columns of unequal 
the weight of the liquid. lights produce equal pressures. 




At the level of the surface of separation the pressure is the same in the two liquids. 
At that level the pressure in the mercury is 



and the pressure in the unknown liquid is 


l\ = htdig 
Vi = I\ 
hj4ig = Mil 

_ M, _ 2.0 cm X 13.6 gm/cm- _ , 

~ h t ~ 14 cm b 

Buoyancy; Archimedes’ Principle. Everyday observation has shown 
us that when an object is lowered into water it apparently loses weight and 
indeed may even float on the water. Evidently a liquid exerts an upward, 
buoyant force upon a body placed in it. Archimedes (287-212 b.c.), a Greek 
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mathematician and inventor, recognized and stated the fact that a body 
wholly or partly submerged in a fluid experiences an upward force equal to the weight 
of the fluid displaced. 

Archimedes’ principle can readily be verified experimentally. One can 
deduce this principle from a consideration of Fig. 4. Consider a block of 
rectangular cross section A, immersed in a liquid of weight-density D. On 
the vertical faces, the liquid exerts horizontal forces, which are balanced on 
all sides. On the top face it exerts a downward force h\DA and on the bottom 

face an upward force h^DA. The net up¬ 
ward force on the block is 

h*DA - h\DA = hDA 

which is just the weight (volume hA times 
weight-density D ) of the liquid 
by the block. 

The control of submarines depends in 
part on Archimedes’ principle. In sub¬ 
merging the boat, sea water is admitted 
into ballast tanks and the buoyant force 
balanced. The boat is brought to the 
surface by expelling the water from these 
tanks with compressed air. 

Weight-density and Specific Gravity 
Measurements by Archimedes* Princi¬ 
ple. This principle suggests a method for 
comparing the weight-density of a substance with that of some standard 
fluid, such as water. The measurement of specific gravity involves the fol¬ 
lowing reasoning which is briefly stated in symbols: 


displaced 


-r—if 

(jO & n 3 

_ _-— III 



Fic. 4. The upward force on the 
bottom of the block is greater than 
the downward force on the top. 


Sp. gr. = 


weig ht-density of substance _ WJV 
weight-density of water W w !V 

_ weight of body in ai r 

apparent loss of weight in water 


W. 

W w 



Since the volume of a submerged body is equal to the volume of the displaced 
water, the ratio of the weight-densities is the same as the ratio of the weight 
II» oi the sample of the substance to the weight W w of an equal volume of 
water. Ihese weights can be determined by weighing the sample in air and 
in water. I he weight in water subtracted from the weight in air gives the 
apparent loss ol weight in water, which is the weight of the water displaced 
(from Archimedes' principle). Therefore, the specific gravity can be deter¬ 
mined by the measurements indicated in F.q. (8). 
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Example: A metal sphere weighs 35.2 oz in air and 30.8 oz when submerged in 
water. What is the specific gravity and the weight-density of the metal? 


From Eq. (8) 


weight of sample in air 


Sp- g r - apparent loss of weight in water 
Weight in air = 35.2 oz 

Loss of weight in water = 35.2 oz — 30.8 oz = 4.4 oz 

~ 35 ’ 2 OZ 8 0 
S P- S r - = 4.4 oz “ 8 0 

From Eq. (4a) 

D = (sp. gr.)/)«. 

D v = 62.4 lb ft* 

D = (8.0)(62.4 lb ft 3 ) = 500 II, ft 3 

Quick determinations of the specific gravity of a 
liquid can be made with a hydrometer. '1 his instru¬ 
ment (Fig. 5) is a glass bull) attached to a narrow stem 
and weighted so as to remain upright when floating in 
a liquid. It floats at such a depth as to displace exactly 
its own weight of the liquid (Archimedes' principle). 

The stem is calibrated to indicate the specific gravity 
of the solution, for the smaller this specific gravity the 
deeper the bulb sinks in the liquid. 

External Pressure; Pascal’s Law. I he pressure 
previously discussed is that caused by the weight of the 
liquid. If any external pressure is applied to the liquid, 
the pressure will be increased beyond that given by 
Eq. (6). The most common of such external pressures 
is that due to the atmosphere. 

Whenever an external pres sure is applied la any i unfilled 
Jluid at rest , the pressure is increased at every paint in the fluid 
by the amount oj the external pressure. This statement is called Pascal's law , after 
the French philosopher (1623-1662) who first clearly expressed it. The 
practical consequences of Pascal's law are apparent in automobile tires, 
hydraulic jacks, hydraulic brakes, pneumatic drills, and air brakes. 

Hydraulic Press. The fact that an external pressure applied to a liquid 
at rest increases the pressure at all points in the liquid by the amount of the 
external pressure has an important application in a machine called the 
hydraulic press. Small forces exerted on this machine cause very large forces 
exerted by the machine. In big. 6, the small force b\ is exerted on a small 
area /!,. This increases the pressure in the liquid under the piston by an 


Fig. 5. I lydromrtcr. 
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amount P. The force that this increase of pressure will cause on the large 
piston will be P% = PA 2 , since the pressure increase under both pistons is the 
same. Hence, 


PA 2 = Fi and PA\ = F\ 


or 


F 2 = ~ Fi 
A i 


Simply by changing the ratio of A 2 to A 1} the force F 2 may be made as large 
as is safe for the big piston to carry. Larger pistons require more transfer of 
liquid and are correspondingly slower in action. 



Fio. 6. Hydraulic press. 

Example: In a hydraulic press the small cylinder has a diameter of 1.0 in. while 
the large piston has a diameter of 8.0 in. If a force of 120 lb is applied to the small 
piston, what is the force on the large piston, neglecting friction? 

Since the pressure is increased the same amount at both pistons, 

Pi = Pi 

f 2 = f 1 

A i A i 

r Ai t( 4.0 in.) 2 

F '~T t F ' = 120 lb = 7700 Ib 

SUMMARY 

Density of a substance is mass per unit volume, 

d ~ V 

Weight-density is weight per unit volume, 




The specific gravity of a substance is the ratio of its density to that of water. 
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Pressure is force per unit area, 



At a depth h below the surface, the pressure due to a liquid of weight- 
density D is 

P = hD = hdg 

Archimedes' principle states that a body wholly or partly submerged in a fluid 
is buoyed up by a force equal to the weight of the fluid displaced. 

Pascal's law states that an external pressure applied to a confined fluid 
increases the pressure at every point in the fluid by an amount equal to the 
external pressure. 

QUESTIONS 

1. In stating that the pressure at a point in a liquid is proportional to the depth, 
what is assumed regarding the density? 

2. In some regions after a heavy rain, water backs up into basements of houses. 
When valves arc inserted to prevent the flow into the house, the force on the floor is 
sometimes sufficient to break the floor. One household advisor recommended that 
the valve be replaced by a pipe at the drain high enough to reach above the water 
level. Comment on the effect of this device on the force that is exerted on the floor. 

3. An open-tube manometer consists of a U-tube open to the air at one end and 
connected to a pressure chamber at the other. It can be filled with mercury, water, or 
an oil of specific gravity 0.60. Discuss the advantages and disadvantages of each. 
Under what circumstances would each be useful? 

4. An open manometer has one tube twice the diameter of the other. How would 
this affect the operation of the manometer? Does it make any difference which end is 
connected to the pressure chamber? 

5. A body is immersed in a liquid in such a manner that it is closely in contact 
with the bottom and there is no liquid beneath the body. Is there a buoyant force 
on the body? Explain. 

6 . If, when floating in water, you take a deep breath, will you float with more or 
less of your body out of water? Explain. 

7. Does a ship wrecked in mid-ocean sink to the bottom or does it remain sus¬ 
pended at some great depth? Justify your opinion. 

8 . A can full of water is suspended from a spring balance. Will the reading of the 
balance change (a) if a block of cork is placed in the water and (b) if a piece of lead is 
suspended in the water? Explain. 

9. Explain how to determine the specific gravity of a liquid by weighing a solid 
suspended in it. 

10. A free balloon can be arranged to float at a constant elevation in the air, but 
this is not possible for a submarine in water. Show why this is the case. 

11. To secure great sensitivity, is a narrow or wide hydrometer stem preferable? 

Why? 
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12. Discuss several important uses of the hydrometer. 

13. On a hydrometer that is to be used for liquids lighter than water is the unit 
mark beginning the scale placed near the top or bottom of the stem? Why? 

14. Two beakers pardy filled with water are connected by a siphon. One beaker 
rests on each pan of a balance, which is initially balanced. Explain the changes that 
are observed in the position of the balance when (a) a block of wood is laid on the 
left pan, (b) the block of wood is floated in the left beaker, (c) an iron ball on a string 
is lowered until it is just submerged in the left beaker, and (</) the iron ball is allowed 
to rest on the bottom of the beaker. 

PROBLEMS 

1. An irregular gold nugget is found, but no balance is available to determine its 
mass. Water is poured into a graduate, and when the nugget is dropped into the water 
the reading increases by 3.75 cm 3 . What is the mass of the nugget? Specific gravity 
of gold = 19.3. 

2. Uranium has a specific gravity of 18.7. (a) What is the weight of a cubic inch? 
(b) How large a volume could a man carry if he can lift a load of 200 lb? 

Ans. 0.675 lb; 296 in. 3 

3. The heaviest clement, osmium, has a specific gravity of 22.5. What is the 
weight of a cubic inch of osmium? What is the volume of 150 lb of the element? 

4. A box whose base is 2.0 ft square weighs 200 lb. What is the pressure beneath 

the box? Ans. 0.69 lb/in. s 

5. A vertical force of 4.0 oz pushes a phonograph needle against the record sur¬ 
face. If the point of the needle has an area of 0.0010 in. 2 , find the pressure in pounds 
per square inch. 

6. I o what pressure can a 1 50-lb man raise the air pressure in an automobile tire 

if he uses a simple pump without levers and the area of cross section of the piston is 3.0 
•n. 2 ? Arts. 50 lb/in. 2 

7. Electric meters have their moving coils mounted on pivots which are 
supported by jewelled bearings. The points are often rounded off in the shape of a 
hemisphere. If one of these had a radius of 5.0 X 10 -4 in. and supported a coil 
weighing 0.15 oz. what would be the pressure under the pivot? 

8 . If the casing of an oil well 500 ft deep is full of water, what is the pressure at 

the bottom due to the weight of water? Ans. 216 lb/in. 2 

9. An ocean depth of 35,400 ft has been measured off the island of Mindanao. 
What is the pressure at that depth? 1 he specific gravity of sea water is 1.03. 

10. I he barometric pressure is 30.0 in. of mercury. Express this in pounds per 

square foot and in pounds per square inch. Ans. 2120 lb/ft 2 ; 14.7 lb/in. 2 

11. If the specific gravity oi crude oil is 0.70, what is the minimum pressure needed 
at the bottom ot an oil well 1.0 mi deep to force the oil to the top? 

12. A \ -shaped open manometer contains kerosene of specific gravity 0.700. Find 

the displacement of the liquid columns produced by a difference of pressure of 
1.00 mm of mercury when the sides of the manometer make angles of 30° with the 
horizontal. /l/tr. 3 88 cm, along the tube 
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13. A U-tube is used to determine the specific gravity of an oil that will not mix 
with water. Water is poured into the vertical tube and then the oil. The free surface 
of water is at 21.2 cm on the scale, that of oil is at 30.2 cm, and the surface of separa¬ 
tion is at 12.5 cm. Find the specific gravity of the oil. 

14. A vertical U-tube is partly filled with mercury and a solution of unknown 
specific gravity is poured into one arm. The surface of separation of the liquids is at 
>.35 cm on the scale, the free surface of the mercury at 8.46 cm, and the free surface 
of the solution at 24.84 cm. Find the specific gravity of the solution. Ans. 1.55 

15. A cylindrical tank 4.0 ft in diameter is filled with water to a depth of 10.0 ft. 
( a) What is the pressure at the bottom? ( b ) Find the total thrust on the bottom of the 
tank. 

16. Find the force tending to crush an outside hatch of a submarine 2.00 ft- in 

area when the boat is 100 ft below the surface of the sea. Specific gravity of sea water 
is 1.03. Ans - 12,900 lb 

17. A pail 20 cm in diameter at the bottom, 30 cm in diameter at the top, 22 cm 
high, and having a mass of 1.5 kg stands full of water upon a table. The volume of the 
pail is 10.9 liters. Calculate the force due to the water on the bottom of the pail and 


the force of the pail and contents against the table. 

18. A swimming tank 50 ft long and 20 ft wide has a sloping floor so that the water 
is 4.0 ft deep at one end and 7.0 ft deep at the other. Find the total force due to the 
water on the bottom and that on each end. Ans. 340,000 lb; 10,000 lb; 31,000 lb 

19. A dam 20.0 ft high and 200 ft long backs up a lake 2 mi long. What is the total 
force of the water on the face of the dam? 


20. In constructing a concrete wall of a basement, a form is built 1 5 ft high and 
30 ft long. There is a space of 6.0 in. between the form and the earthen bank. After 
a heavy rain the 6.0-in. space fills with water to a depth of 8.0 ft. What is the total 
force on the form? Ans - 60,000 lb 


21. What is the volume of a 160-lb man who can float with just his nose out of 


water? 


22. A rectangular scow 150 ft long and 15.0 ft wide weighs 50,000 lb. Find the 

depth of fresh water required to float it. Ans - 0.356 ft 

23. A coal barge with vertical sides has a bottom 40 ft by 20 ft. W hen it is loaded 
with coal, it sinks 18 in. deeper than when empty. How much coal was taken on? 

24. A barge has vertical sides and a flat bottom of 320 ft i area. When partly filled, 
the barge is immersed in fresh water to a depth of 2.00 ft. Upon removal of the load 
the barge rises 16.0 in. (a) What is the approximate weight of the barge? (b) What 

vertical displacement will result if a 10-ton truck is loaded on the barge? 

Ans. 13,300 lb; 1.0 ft 


25. The weight of a submarine is 200 tons, and it lies submerged and full of water 
at the bottom of the sea. If the specific gravity of the material is 7.80, find the total 
pull that must be exerted by the lifting chains in order to raise the vessel from the 
bottom. The specific gravity of sea water is 1.03. 

26. A 2.0-lb iron ball is supported by a wire and immersed in oil of specific gravity 
0.80. What is the tension in the wire? The specific gravity of iron is 7.8 Ans. 1.8 lb 
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27. A 20.0-kg body of specific gravity 5.00 is at the bottom of a lake 10.0 m deep. 
Calculate the amount of work required to lift it to the surface, assuming 5 % of the 
force exerted is used to overcome friction. 

28. A stone of specific gravity 2.50 starts from rest and sinks in a fresh-water lake. 
Allowing for a 25% frictional force, calculate the distance the stone sinks in 3.00 sec. 

Ans. 1980 cm 

29. A buoy is 75% submerged when floating in fresh water. A force of 62.4 lb is 
just sufficient to submerge it completely, (a) What is the volume of the buoy? ( b) 
What is its approximate weight? 

30. What volume of lead of specific gravity 11.3 must be placed on top of a 

20.0-gm block of cork of specific gravity 0.240 to cause the cork to be barely sub¬ 
merged in water? Ans. 5.61 cm 3 

31. A block of wood 5.0 cm by 4.0 cm and 3.0 cm high floats in water immersed 
to a depth of 2.5 cm. What mass of aluminum (specific gravity 2.6) on top of the block 
would cause both to be completely immersed? 

32. A diver and his suit weigh 220 lb. It requires 30.0 lb of lead to sink him in 

fresh water. If the specific gravity of lead is 11.3, what is the volume of the diver and 
his suit? Ans. 3.96 ft 5 

33. How many cubic feet of poplar (25 lb/ft 3 ) must be used to construct a raft that 
will just support 10 persons whose average weight is 160 lb if 20 lb of iron (specific 
gravity 7.8) is used in the construction? 

34. A stone weighs 30.0 lb in air, and 21.0 lb in water. What is its (a) specific 

gravity, (b) weight-density, and (c) volume? Ans. 3.33; 208 lb/ft 3 ; 0.144 ft 3 

35. A block of lead weighs 3.30 lb. When suspended in water, it is found that the 
water and containing vessel gain 0.30 lb in weight. What is the specific gravity of the 
lead? 

36. A solid ol mass 120 gm is found to have an apparent mass of 90 gm when in 

water and '8 gm in a solution of zinc sulphate. What is the specific gravity of the solid 
and that of the solution? Ans. 4.0; 1.4 

37. A body that has a mass of 22.958 gm appears to have a mass of 19.756 gm in 
water of specific gravity 0.997, and 17.435 gm in a certain liquid. Calculate the 
density of the body and that of the liquid. 

38. A piece of copper, specific gravity 8.9, has a mass of 523 gm and appears to 

have a mass ol 44 7 gm in water. Is the body solid or hollow? If hollow, find the volume 
of the cavity. Ans. 17 cm 3 

39. A 23.40-gm hollow stopper is made of glass of specific gravity 2.50. Its apparent 
mass when immersed in water is 3.90 gm. What is the volume of the internal cavity? 

40. A wooden block weighs 9.00 lb in air. A lead sinker is hung from the end of the 
block and is lowered into water until the lead only is immersed. The apparent weight 
of the system is found to be 15.00 lb. When the system is completely immersed in 
water, the apparent weight is 3.00 lb. Calculate (a) the weight-density of the wood, 
(b) the specific gravity ol the wood, and (r) the apparent weight of the system if 
immersed in oil ol specific gravity 0.800. Specific gravity of lead is 11.3. 

Ans. 46.8 lb/ft 3 ; 0.750; 5.52 lb 
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41. A vessel contains water and a liquid of specific gravity 2.50. The two do not 
mix. A solid object boats with 70% of its volume in the water and the remainder in 
the denser liquid. Calculate the density of the solid. 

42. A gold ring set with a diamond has a mass of 4.000 gm and appears to have a 

mass of 3.720 gm in water. Find the mass of the diamond if the specific gravity of the 
gold is 19.3 and that of the diamond is 3.50. Ans. 0.310 gm 

43. An ornament made of gold and silver has a mass of 76.8 gm and has a specific 
gravity of 18.0. Assuming the volume of the alloy to be equal to the combined volumes 
of its component parts, calculate the amounts of gold and silver in the ornament. The 
specific gravity of gold is 19.3; that of silver is 10.5. 

44. The piston of a hydraulic lift for cars is 8.00 in. in diameter. The device is oper¬ 

ated by water from the city system. What water pressure is necessary to raise a car 
if the total load lifted is 3142 lb? Ans. 62.5 lb/in. 2 

45. A hydraulic lift operated by water under pressure of 100 lb/in. 2 has a plunger 
16.0 in. in diameter and weighs 2000 lb. What load can it carry? 

46. What size piston is used in a hydraulic lift, if the maximum load is 5000 lb and 
the water pressure is that due to a 100-ft head of water? 

Ans. 12.1 in. in diameter 

47. A 100-kg man stands on a square, water-filled bellows which measures 20.0 
by 20.0 cm. The bellows communicates with a vertical pipe which has a sectional 
area of 2.00 cm 2 . How high will the water rise in the pipe? 

48. A 100-kg man stands on a bellows having a circular shape of 10.0 cm radius. 
The bellows is connected to a vertical pipe and is filled with oil of specific gravity 
0.800. How high will the oil rise in the pipe in order to support the man? 

Ans. 3.98 m 

49. Two pistons of a hydraulic press have diameters of 1.00 ft and 1.00 in., respec¬ 
tively. (a) What is the force exerted by the larger piston when a 56.0-lb weight is 
placed on the smaller one? ( b) If the stroke of the smaller piston is 1.50 in., through 
what distance will the larger piston have moved after 10 strokes? 

50. The lever of a hydraulic press gives a mechanical advantage of 6.0. The sec¬ 
tional area of the smaller plunger is 1.0 in. 2 and that of the larger plunger is 15 in. 2 
What load will the larger plunger sustain when a 60-lb weight is applied to the lever? 

Ans. 5400 lb 

51. The lever of a certain hydraulic press gives a mechanical advantage of 5.0. 
The diameter of the smaller plunger is 2.0 in. and that of the larger is 10 in. What force 
i* exerted by the press when a 40-lb force is applied to the handle? 
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Fluids in Motion 


I he harnessing oi waterpower and the building of efficient steam turbines 
requires knowledge oi the behavior of fluids in motion. The designing of 
streamlined cars, trains, and airplanes is based on the study of problems 
involving fluids in motion particularly air in motion. An understanding of 
the fundamental principles ol flight and the operation of certain aircraft 
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instruments follows from a logical extension of the principles of mechanics 
to fluids in motion. 

We have seen that the properties of liquids at rest can he described by the 
simple concepts of pressure and weight-density, by Archimedes principle of 
buoyancy, and by Pascal’s law of the transmission of pressure. When liquids 
are in motion, new properties become apparent. In predicting what happens 
we cannot always rely on our previous experience or intuition. But careful 
consideration shows that the phenomena of fluids in motion can be described 
in terms of the familiar principles of mechanics. The term “fluid is appli¬ 
cable to both liquids and gases and is used in considering their common 
properties. 

Fluid Flow. Knowledge of the laws that govern fluid flow is important 
in providing for the distribution of water, gas, and oil in pipelines and the 
efficient transmission of energy in hydraulic machines. I he rate of flow of a 
liquid through a pipe or channel is 
usually measured as the volume that 
passes a certain cross section per unit 
time, as gallons per minute, liters per 
second, etc. If the average speed of the 
liquid at section S in Fig. 1 is v , the 
distance / through which the stream Fic j Rate of flow of liquid through 
moves in time t is vt. This may be re- a p i pc . 
garded as the length of an imaginary 

cylinder that has passed section S in time t. If A is the area of cross section, 
then the volume of the cylindrical section is Al = Avl, and the rate of flow 
of the liquid is given by 




In a fluid at rest the pressure is the same at all points at the same elevation. 
This is no longer true if the fluid is moving. When water flows in a uniform 
horizontal pipe, there is a fall in pressure along the pipe in the direction of 
flow. The reason for this fall in pressure is that force is required to maintain 
tnotion against friction. If the liquid is being accelerated, additional force is 


required. 

When the valve of Fig. 2 is closed, water rises to the same level in each 
vertical tube. When the valve is opened slightly to permit a small rate of 
flow, the water level falls in each tube, indicating a progressive decrease of 


pressure along the pipc. The pressure drop is proportional to the rate of 
flow. Frictional effects arc very important when water is distributed in 
city mains or when petroleum is transported long distances in pipe lines. 
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Pumping stations must be placed at intervals along such lines to maintain 
the flow. 

Stream Lines and Tubes of Flow. We shall first consider steady flow. 
A fluid flowing in a pipe (Fig. 3) will have a certain velocity v\ at a, a velocity 
y 2 at 6, and so on. If, as time goes on, the velocity of whatever fluid particle 
happens to be at a is still i»j, that at b is still t/ 2 , etc., then the flow is said to be 
steady and the line abc which represents the path followed by a particle is 
called a streamline. It represents the fixed path followed by an orderly proces- 



Fic. 2. 


Friction causes a fall in pressure along a tube in which a liquid flows. 


sion of particles. In streamline flow, all particles passing through a also pass 
through b and c. This is not the case in turbulent flow. When the flow is 
unsteady or turbulent, there are eddies and whirlpools in the motion and the 
paths of the particles are continually changing. 

It is convenient to imagine the whole region in which flow occurs to be 
divided into tubes. A tube of flow is a tube that follows in form the streamlines 
on its surface. It may be thought of as made up of a bundle of lines of flow. 
The fluid in a tube of flow remains in that tube. It is assumed that all particles 



1'IC. 3. Steady flow. Path a be is a stream- Fig. 4. Steady flow. Volume abc is a 


‘ inc< tube of flow. 

passing a given cross section in a tube of flow have the same velocity. In 
regions where the streamlines are crowded together the speed is increased 
(Fig. 4). 

The streamlining of a car or a plane is intended to permit a steady flow of 
air past its surfaces so as to reduce the resistance or drag which turbulent 
flow would produce. Figure 5 shows a disk, a sphere, and a streamlined object 
ot equal cross sections. They are placed in streams of fluid moving with the 
same speeds. The forces required to hold the objects stationary in the streams 
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are indicated by the vectors. Note the reduction in force obtained by stream¬ 
lining the object to reduce turbulence. A pursuit plane may have a drag 
equivalent to that of a rectangular plate only 20 in. square, moving broadside. 

Flow through a Constriction. When a liquid is flowing through a pipe 
of varying cross-sectional area (Fig. 6), there can be no accumulation between 



Fio. 5. Comparative drag. 



Fio. 6. Liquid flow in a tube. 


a and b , provided that the liquid is incompressible. Hence the mass of liquid 
passing through the cross section Ai with speed v x must equal the mass passing 
in the same time t through cross section A 2 with speed v 2 . 

A\V\dt = A 2 v 2 dl (2) 

where d is the density of the liquid. 

Two important consequences are immediately apparent from this equa¬ 
tion. Since A x v x = A 2 v 2 , it follows that the speed of flow in a pipe is greater 
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in those regions where there is a constriction in the cross-sectional area A. 
Furthermore, if as in Fig. 6 the speed is greater at b than at a , the liquid 
experiences an acceleration between a and b. This requires an accelerating 
force. This accelerating force can be present only if the pressure at a is greater 
than the pressure at b. We conclude that in the steady flow of a liquid, the 
pressure is least where the velocity is greatest. 

Bernoulli’s Theorem. The preceding description of the steady flow of a 
liquid can be put in more definite form by an application of the principle of 
conservation of energy to the liquid flowing between the two planes a and b 
of Fig. 6. In any time t, the volume V that flows through a is the same as that 
which flows through b. Since the pressure is different at the two ends, work is 
done on the liquid of an amount P\V — P 2 V (since work = Fs = ( PA)(vt) 
= PV). The work done is equal to the change in energy (both potential and 
kinetic). 

PiV ~ PiV = (mghi — mghi) + (}^mv 2 2 — ^mof) (3) 

Since 



Simplifying and rearranging terms to group initial terms on one side of the 
equation and final terms on the other gives 


Pi , L , * 1 * _ Pi , . , * 2 2 

T T «i T r- — - \- h? — 

dg 2 g dg 2g 



F,ach term in Eq. (4) has the dimensions of a length. In the pressure-depth 
relation the depth h is frequently called the “head.” In analogy then, each 
term of Ecj. (4) is called a head; P/dg, the pressure head; v 2 /2g, the velocity 
head; and h, the elevation head. 

Although Bernoulli’s theorem is rigorously correct only for incompressible, 
nonviscous liquids, it is often applied to ordinary liquids with sufficient 
accuracy for many engineering purposes. 

Example: W atcr flows at the rate of 300 ft 3 /min through an inclined pipe (Fig. 6). 
At a, where the diameter is 12 in., the pressure is 15 lb in. 2 What is the pressure at b, 
where the diameter is 6.0 in. and the center of the pipe is 2.0 ft lower than at a ? 


dit'i 

A, 


2 

Vo 


= 300 ft 3 ,-'min 
60 sec min 
7r(6.0 in.) 2 


= 5.0 ft 3 /sec 
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Vi = 

v 2 = 

Pi = 


5.0 ft 3 /sec 




= 6.4 ft/sec 


ft) 2 

4^i = 26 ft/sec 

(15 lb/in. 2 )(144 in. 2 /ft 2 ) 


= 2200 lb/ft 2 


For water, D = 62.4 lb/ft 3 ; therefore d = 1.94 slugs/ft 3 . From Eq. (4) 


Pi 

h 


+ h 


+ £l = 

+ 2g 


P* , h , •** 

dg 2 g 


Pi = Pi + dg(h\ — hi) + ^ (^l 2 — v i‘) 

1 94 slug ft^ 

= 2200 lb/ft 2 + (62.4 lb/ft 3 )(2.0 ft) + - J - 2 — ^ (6 ' 4 ft/sec ) 2 “ (26 ft / scc ) 2 l 

= 2200 lb/ft 2 + 120 lb/ft 2 - 620 lb/ft 2 
= 1700 lb/ft 2 = 12 lb/in. 2 


Pressure and Speed. When water flows through a pipe that has a con¬ 
striction (Fig. 7), the water necessarily speeds up as it enters the constriction, 
and as we have seen there is a decrease in pressure between a and b. Consider 
the case of a horizontal pipe. Applying Bernoulli s theorem, we get 



Combining Eq. (5) with Eq. (2) gives 




a b C 

Fig. 7. Flow through a constriction. 
Decrease in pressure accompanies in¬ 
crease in speed. 


Equation (6) may be used to determine the rate of flow oi the liquid, that is, 

the volume per second of liquid passing a. 

A tube similar to that of Fig. 7 having a constricted throat section between 
larger diameter inlet and outlet sections is called a I enturi tube. A meter that 
utilizes such a tube and is calibrated by the relation of Eq. (6) is called a 


Venturi flowmeter. 

The speed of flow of a fluid or that of a body moving relative to a fluid 
rnay also be measured by means of a pilot tube d ig. 8). Because of the inei lia 
of the fluid, its impact causes the pressure in tube P to be greater than the 
static pressure in tube S. The two tubes are connected to a gauge that records 
the differential pressure. A pitot tube is frequently used to measure the air 
speed of an airplane. The dial of the pressure gauge can be calibrated to read 

the speed of the tube relative to the air. 

The atomizer on a spray gun (Fig. 9) and the jets in a carburetor utilize 
Bernoulli’s principle. Air is forced through a tube that contains a constriction. 
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At this narrowed part a side tube enters from the liquid reservoir. At the con¬ 
striction the air speed is high and the pressure consequently is reduced below 
atmospheric. The difference in pressures forces the liquid up the connecting 



Fig. 8. Pitot-tubc air-speed indicator. The pressure tube P is open at the end, while the 
static tube S is closed at the end but has openings on the side. The pressure gauge has a 
sealed inner case C and is operated by the pressure-sensitive diaphragm D. 


tube from the top of which it is expelled by the air blast. The water injector on 
a locomotive boiler operates in a similar manner. 

Airfoils. Imagine that the walls of a Venturi tube are moved apart as 
suggested in Fig. 10. The result will be as shown at the right in Fig. 10. The 

nearby streamline follows the curved surface closely; 
at increasing distances above the surface the stream¬ 
lines are less curved, and at a distance equal to four 
times the chord length the curvature is negligible. 
The increase in speed of the air on the upper curved 
surface results in a decreased pressure at that surface. 







CHORD 


AIRFOIL 


Fig. 10. Airfoils. 


principle applied to a 
spray jet. 


Because the pressure below the section is greater than that above it, 
the section experiences a lift. Any such surface designed to obtain reacting 








FLUIDS IN MOTION 2O3 

force from the air through which it moves is called an airfoil. In this sense 
airplane wings, ailerons, rudders, and propellers are all airfoils. 

When an airfoil is inclined upward a few degrees with respect to the wind 
direction, air will be deflected from the lower surface and the reacting force 
will produce a pressure at the lower surface greater than atmospheric by an 
amount indicated by the arrows in Fig. 11. At the upper surface the pressure 
is less than atmospheric, according to Bernoulli s principle. Both effects, but 


ANGLE OF 
ATTACK 

'ft- 

WIND 

DIRECTION 

(c,) 

Fig. 11. 




—► RELATIVE 
WIND 

(b) (o 

Lift produced by air flow past an airfoil. 



chiefly the second, constitute the lifting force L. 1 he lift L and drag I) are the 
components of the force exerted by the air on the airfoil measured, respec¬ 
tively, perpendicular and parallel to the relativ e wind (1'ig. 11). \ ectors 
representing the weight of the wing, the drag due to air friction, the propcllci 
thrust, and the lift add to form a closed polygon (zero resultant) when the 

wing is moving with constant velocity. 

Discharge from an Orifice. When liquid escapes from a small sharp- 

edged orifice in a vessel (Fig. 12), the 
outgoing liquid gains kinetic energy at 

the expense of the remaining liquid. In “ - " - ^ 

the absence of friction, the kinetic energy, - ~ ~ " ft 

if changed back to potential energy, 
should be sufficient to raise the escaping 

liquid to the level of the surface in the -—-' if (b) 

VC8S ? ‘ . F 10 . 12. Discharge from an orifice. 

Liquid of mass m in leaving the orifice 
with speed 0 has kinetic energy y z mv\ The potential energy of this same- 
liquid when at the upper surface of the liquid is mgh. Equating these we get 

= mah or v l = 2 gh ("7) 


Yimv 1 = mgh 


v l = 2 gh 


This relation is known as Torricelli's theorem <1608-1647). 

Since the pressure P at a depth h below the liquid surface is Jgh, Eq. (7) 
also can be expressed as 
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*2 = 


2 P 
d 


( 8 ) 


This expression is also applicable to the escape of 
a gas at pressure P. 

These results are only approximate. During the 
flow, the streamlines from all parts of the vessel 
crowd together at the orifice, and the stream con¬ 
tracts somewhat in cross section outside the orifice 
owing to the inertia and centrifugal force of the 
liquid as it follows the curved streamlines. The 
effect of frictional resistance is to decrease the 
rate of discharge to about 0.6 of that given by Eqs. (7) and (8). Contraction 
can be eliminated by the use of an orifice whose walls curve to fit the stream¬ 
lines (Fig. 126). 


Fig. 13. Action in a Pclton 
wheel. 


FIXED MOVING FIXED MOVING 



(a) (b) 

Fio. 14. The steam turbine, (n) In a reaction turbine steam expands in alternate rings 
of fixed and moving blades that act as jets. The diagram shows two stages. Steam pressure 
falls in both fixed and moving blades. As the steam expands, the direction of its motion is 
changed, and the reaction rotates the moving blades. Steam velocity referred to the earth 
increases in the fixed blades but decreases in the moving blades. ( b) In the vector diagram, 
the horizontal arrows represent the velocity of the blades relative to earth. The flow lines 
are those which would be seen by an observer on the moving blades. The blades are shaped 
so that the velocity of the steam relative to the moving blades is parallel to the blade surfaces 
on entering and on leaving. 


Example: A tank containing water has an orifice of 1.0 in. 2 in one vertical side, 
9.0 ft below the free surface level in the tank. Find the velocity of discharge assuming 
that there is no wasted energy. Assuming the cross section of the stream contracts to 
0.64 of the area of the circular orifice, find the flow. 
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From Eq. (7) 

v = y/2gh = \/2X 32 ft/see 2 X 9.0 ft = 24 ft/sec 
Rate of flow = (area of cross section)(speed) 

= (0.64)(1.0 in. 2 )(24 ft sec) 

= (0.64) ft 2 ) (24 X 60 ft/min) = 6.4 ft*, min 

Turbines. In a turbine the direction of flow of water, steam, or burning 
gases is changed by blades or buckets on a wheel, and the force resulting from 



Fio. 15. A 50,000-kw turbine during construction. 


this change in momentum is used to rotate the wheel. I*or ellicient opeiation 
turbine blades should lie so formed that the impelling fluid flows smoothly 
over them. Also the fluid should be discharged from the turbine with as small 
a speed as possible. Figure 13 shows how this is accomplished in a Felton 
wheel. If the velocities of the jet and bucket are v and v\ respectively, and if 

v is half of v y then the velocity of the outgoing water relative to ground will be 

zero and the whole of the kinetic energy of the water in the jet is converted 
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into useful work. In practice, 70 to 90 per cent of this ideal work may be 
obtained. Figure 14 shows a steam turbine in which the direction of flow 
of high-speed steam is repeatedly changed by passage past alternate stator 
and rotor blades until much of its energy has been delivered to the rotor. 

SUMMARY 

The rate of flow of a liquid through a pipe is usually measured as the 
volume that passes a certain cross section per unit time, 

R — Av 


In the steady flow of a liquid the pressure is least where the velocity is 
greatest. 

The steady flow of a liquid can be described by Bernoulli's theorem in the 
statement that the sum of the pressure head, the elevation head, and the 
velocity head remains constant, 


p i , ; , *i 2 

7 g +h ' + T g 


T + h * + 

d g 



Bernoulli's principle is applied in a Venturi flowmeter to measure the rate 
of flow of a fluid. 

An airfoil is any surface designed to obtain a reacting force from the air 
through which it moves. 

The speed with which a liquid escapes from a vessel through an orifice is 

given by Torricelli's theorem , 

v = V2gh 

In a turbine the change in momentum of a fluid as it is deflected by blades 
causes the shaft to rotate. 


QUESTIONS 

1. Why does the flow of water from a faucet decrease when someone opens 

another valve in the same building? 

2. Discuss the statement, Fluids have a zero coefficient of static friction.” 

3. Give a detailed description of the process of fluid flow. What are the causes 
of flow? 

4. Describe four illustrations of Bernoulli’s principle. 

5. W hy will marbles not fall vertically in a cylinder of water? 

6 . How is air drawn into a gas burner? 

7. If a person is standing near a fast-moving railroad train, is there danger that 
he will fall toward it? 

8 . What makes a flag flutter? What makes a baseball curve? 
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9. How does the speed of flow of liquid from a small hole in a tank depend upon 
the depth of the hole below the liquid surface? 

10. A jet of water strikes a surface and the water may be assumed to run off with 
a negligible speed. Derive an expression for the force exerted by the jet. 

11. Why is a difference of pressure needed to force a liquid through a horizontal 
pipe of uniform diameter? 

12. How will an increase in altitude affect the difference in pressure on the upper 
and lower surfaces of an airplane wing? Justify your answer by reference to Eq. (4). 

13. A stretched elastic band is wrapped around a ping-pong ball. The ball is 
snapped forward by the elastic band, which also causes the top of the ball to spin in 
the forward direction. Will the ball “rise” or “drop”? 

14. Explain how you would pitch a ball for an “incurve”; for a “drop.” 

15. Water flows in a horizontal conduit of nonuniform cross section. Does a 
typical small mass of the liquid remain in equilibrium as it passes through the pipe? 

Explain. 

16. Explain by the aid of diagrams why a ball will remain spinning on the side 
of an air jet. 

17. Two tall cylinders are filled with liquid to the same height. One contains 
water, the other mercury. In which cylinder is the pressure greater at a given depth? 
If small holes arc opened in the wall halfway up the cylinders, from which will the 
liquid emerge at higher speed? Which jet will travel farther before striking the table 
top? 

18. Can the action of a parachute in retarding a fall be explained on Bernoulli s 

principle? 

19. Explain why water breaks into drops when falling freely, whereas it flows in a 
continuous stream down a vertical pipe. 


it/see. 


PROBLEMS 

1» Water flows from a pipe of 2.0 cm internal diameter at the rate of 8.0 liters min. 
What is the speed of the water in the pipe? 

2. Liquid flows in a pipe of inside diameter 1.5 in. at an average speed of 3.5 
icc. What is the rate of flow in gallons per minute? (1 gal = 231 in. 3 ) 

Ans. 19 gal/min 

3. Oil flows in a 10-in. pipe line at a s|>ecd of 3.5 mi/hr. How many gallons of 
oil does the pipe deliver in one day? 

4. What is the kinetic energy of each cubic foot of water in a stream that is moving 
w *th a speed of 64 ft/sec? 

5. How much work is done in forcing 50 ft' 1 of water through a * */-in. pipe ii the 
difference in pressure at the two ends of the pi|»e is 15 lb/in. 2 ? 

6. Liquid of sjjecific gravity 0.90 flows in a horizontal tube 6.0 cm in diameter. 

In a section where the tube is constricted to 4.2 cm in diameter the liquid pressure is 
less than that in the main tube by 16,000 dynes/cm 2 . Calculate the speed of the liquid 
in the tube. /l/tr. 110 cm/sec 

7. A Venturi meter having a 5.0-in. 2 throat is connected in a pipe of 12-in. 2 cross 
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section. The pressures are observed to be 22 lb/in. 2 in the pipe and 16 lb/in. 2 at the 
throat when water flows steadily through the meter. What is the rate of flow in cubic 
feet per second? 

8. A horizontal pipe of cross section 4.0 in. 2 has a constriction of cross section 

1.0 in. 2 Gasoline (weight-density 42 lb/ft 3 ) flows with a speed of 6.0 ft/sec in the 
large pipe where the pressure is 10.0 lb/in. 2 Find ( a ) the speed, and ( b ) the pressure 
in the constriction. Ans. 24 ft/sec; 7.5 lb/in. 2 

9. Oil of specific gravity 0.85 flows in a tube 3.0 cm in diameter at a pressure of 
1.6 X 10 G dynes/cm 2 . In a Venturi constriction the tube has a 2.0 cm diameter and 
the pressure is 1.0 X 10® dynes/cm 2 . Calculate the rate of flow of oil in the tube. 

10. Water flows steadily through a pipe at the rate of 64 ft 3 /min. A pressure gauge 
placed on a section of the pipe where the diameter is 4.0 in. reads 16 lb/in. 2 Determine 
the pressure in a section of the pipe where the diameter is constricted to 2.0 in. 

Ans. 0.9 lb/in. 2 

11. A Venturi flowmeter shows a pressure difference of 7.5 lb/in. 2 between the 
constriction, of inside diameter 0.25 in., and the normal section of 1.0-in. diameter. 
How many gallons docs it pass per second? 

12. Calculate the maximum speed with which water at atmospheric pressure can 

flow past an obstacle without breaking into turbulent flow. Use Bernoulli’s principle 
and neglect viscous drag. Ans. 14 m/sec 

13. What is the difference of pressure in the two tubes of an air-speed (Pitot) 
indicator of an airplane traveling 275 mi/hr? 

14. Water flowing at 1.0 ft/scc in a pipe passes into a constriction (Fig. 7) whose 

area is onc-tcnth the normal pipe area. What is the decrease in water pressure in the 
constriction? The weight-density of water is 62.4 lb/ft 3 . Ans. 0.67 lb/in. 2 

15. In a wind-tunnel experiment the pressure at the upper surface of an airfoil is 
found to be 12.95 lb/in. 2 while the pressure at the lower surface is 13.05 lb/in. 2 What 
is the lifting force of a wing of this design if it has a span of 24 ft and a width of 5.0 ft? 

16. An airplane weighing 800 lb has a wing area of 120 ft 2 . What difference in 
pressure on the two sides of the wing is required to sustain the plane in level flight? 

Ans. 0.046 lb/in. 2 

17. (a) With what speed does water flow from an opening that is 25 ft below the 
free surface? ( b ) Calculate the speed of discharge of water from this aperture if an 
added pressure of 20 lb/in. 2 is applied to the surface of the water. 

18. W ater in a storage tank stands 9.0 ft above the level of a valve in the side of 

the tank. ( a ) With what speed will water come out of the valve, if friction is negligible? 
(6) To what height will this water rise if the opening in the outlet tube is directed 
upw ard? Ans. 24 ft/scc; 9.0 ft 

19. Water is maintained at a height of 24 ft in a tank. Calculate the diameter of a 
circular streamlined hole needed at the base of the tank to discharge water at the rate 
of 1.0 gal/min. 

20. Water having an elevation head of 24 ft flows at the rate of 9.0 ft/sec in a 

sloping channel. Neglecting friction losses, what is the speed of the water at a place 
where the elevation head is 12 ft? Ans. 29 ft/sec 
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21. The level of water in a tank is maintained 4.0 ft above the center of a sharp- 
edged orifice in the side of the tank. The orifice is 1.0 in. in diameter, but the stream 
contracts to two-thirds this diameter as it leaves the hole. What is the rate of discharge 
from the hole? 

22. A stream of water escapes from a hole 6.0 ft above the base of a standpipe and 

strikes the ground at a horizontal distance of 48 ft. How far below the surface of the 
water is the hole? Ans. 96 ft 

23. A fire hose emits 32 lb of water per second in a horizontal jet which strikes a 
vertical wall at a speed of 75 ft/sec. If each particle of water rebounds with the same 
horizontal speed as it has when it strikes the wall, what is the total force exerted by 
the water on the wall? 

24. A Pelton wheel is driven by a jet of water 3.0 in. in diameter moving 120 

ft/sec. (a) How much energy is supplied per second? (A) .Assuming an efficiency ol 
75%, what horsepower can the wheel develop? Arts. 83,000 ft-lb; 110 hp 

25. Castle Geyser at Yellowstone shoots a spire of water 250 ft into the air. By 
how much must the pressure at its base exceed atmospheric pressure? 
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In a gas the distances between molecules are large compared to their size and 
the forces of attraction are small compared to those in solids and liquids. A 
gas therefore has neither shape nor volume of its own but assumes those of its 
container. 

Air. The most common gas is air, a mixture of several gases but princi¬ 
pally nitrogen and oxygen. Since the air is always present, we seldom notice 
the forces that air exerts unless these forces become so great that they produce 
inconvenience, discomfort, or destruction. 

It is a common expression to characterize something as “light as air, but 
air is hardly “light.” Air is attracted by the earth as is every other substance 
and the total weight of the air is tremendous, roughly 6 X 10 15 tons. This 
huge weight is always pressing on the surface of the earth. 

Air Pressure. Since air has weight, it exerts force on any object im¬ 
mersed in it. The force per unit area is the air pressure. 1 his pressure under 
standard conditions is about 14.7 lb/in. 2 As a result of this pressure very large 
forces are exerted on even moderately large areas. On an ordinary window, 
say 3.0 ft by 6.0 ft, the force is 

(14.7 lb/in. 2 )(36 in.)(72 in.) = 38,000 lb = 19 tons 

fortunately this large force is normally balanced by another force equal in 
magnitude but opposite in direction on the other side ol the window for no 
ordinary window would of itself be able to withstand so great a force. If a 
container such as an ordinary tin can is closed tightly and air pumped out, 
it soon collapses because of the greater force on the outside. 1 his action is 
used in certain types of conveyors. A spout is inserted into grain or other loose 
material, air is removed from the spout by means of a blower, and the outside 
air pushes the material up the spout. Freight cars or boats may be loaded or 
unloaded very quickly in this manner. 

Buoyancy. The buoyant effect of air or other gas is by no means negligi¬ 
ble. A balloon is supported as it floats in air by a buoyant force equal to the 
weight of air displaced. At the surface it may displace a weight of air greater 
than the combined weight of bag, gas contained in the bag, and load. If this 
is the case, the balloon will rise. As the balloon rises, the external pressure 
decreases, and the balloon expands; but at the same time the density of air 
becomes less so that the buoyancy per unit volume is decreased. The balloon 
will rise until the weight of air displaced in the new position is equal to the 
total weight of balloon and contents. 

The buoyant force of air on solids is less important because it is only a small 
fraction of the weight of the solid. However, in accurate weighing buoyancy 
cannot be neglected. 
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TABLE I. DENSITY AND SPECIFIC GRAVITY OF SOME GASES 

(0°C and 760 mm of mercury) 


Gas 

Density, 

gm/liter 

Weight-density, 

lb/ft 3 

Specific gravity 
(relative to air) 

Air. 

HI 



Carbon dioxide. 

BK5 9 


1.529 

Hydrogen. 

0.090 

0.0056 


Helium. 

0.178 

0.011 

0.138 

Nitrogen. 

1.251 

0.078 


Oxygen. 

1.429 

0.089 


Steam, 100°C. 

0.598 

0.037 

0.462 


Example: Brass weights arc used in weighing an aluminum cylinder whose 
approximate mass is 89 gm. What error is introduced if the buoyant effect of air 
{d = 0.0013 gm/cm 3 ) is neglected? 

= 8.9 gm/cm 3 
d M = 2.7 gm/cm 3 

'-7 

Vb = 8.9 gm/cm 3 = 10 cm3 

t/ 89 gm 

Vu = 2.7 gm/cm 3 = 33 cm 

The difference in volume V of air displaced on the two pans of the balance is 

V = Vm — Vu = 33 cm 3 — 10 cm 3 = 23 cm 3 
rn = Vd ~ 23 cm 3 X 0.0013 gm/cm 3 = 0.030 gm 

The error introduced is only a small fraction of the total mass, but in many experi¬ 
ments where accuracy is important an error of 0.030 gm in 89 grams is too great to 
allow. 


Example: A balloon is to operate at a level where the weight-density of air is 
0.060 lb. It'. How much load can it support if it has a volume of 800 ft 3 at that level 
and is filled with hydrogen, D = 0.0050 lb/ft 3 ? The weight of the bag is 30 lb. 

W = VD 

Weight of air displaced 


= 800 ft 3 X 0.060 lb/ft 3 = 48 lb 
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Weight of hydrogen 


W K = 800 ft 3 X 0.0050 lb/ ft 3 = 4 lb 


Weight of bag 


JV b = 30 lb 
The load supported 

L = W a — Wk - W b = 48 lb - 4 lb- 30 lb = 14 lb 

The Mercury Barometer. If a long vertical tube is inserted into a liq¬ 
uid and air pumped from it, the liquid will be pushed up into the tube by the 
air on the outside (Fig. 1). The liquid will rise until the pressure in the tube 


due to the remaining air and the column of liquid is the 
same as the pressure outside the tube at the same level in 
the liquid. At the level of the outside surface AR the pres¬ 
sure is the same as the air pressure. If we could remove all 
the air above the liquid, the height of the liquid column 
above the free surface would give a direct measure of 
atmospheric pressure. Such an instrument is called a barome¬ 
ter. The length of tube necessary for use as a barometer 

depends upon the density of the 
liquid used, for in the liquid P = hdg. 
The most satisfactory liquid for a 
barometer is mercury. Because of its 
high density (13.6 gm/cm 3 ) the col¬ 
umn supported by atmospheric pres¬ 
sure is only about 30 in. high, whereas 
water would require a tube over 30 ft 
in length. Mercury has the added 
advantage that it docs not vaporize 
readily at ordinary temperatures, 




TO 

PUMP 



Fio. 1. When air is 
pumped from the tube, 
atmospheric pressure 
forces liquid into it. 



Fio. 2. Princi¬ 
ple of the mer¬ 
cury barometer. 


and hence the pressure due to its vapor in the space above the liquid is 
very small. 

A simple mercury barometer can be made by filling a 3-ft glass tube with 
mercury, carefully stoppering the end so that no air is trapped in the tube and 
inverting the tube in a dish of mercury as shown in Fig. 2. When the stopper 
is removed, some mercury runs out of the tube and the upper surface sinks 
to a position lower than the top of the tube. The height of the mercury 
column above the surface in the well is called the barometric height and is 
usually about 30 in. near sea level. If, while filling the tube, one allows air to 
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get into the space above the mercury column, the barometer will read too 
low because of the pressure of the entrapped air. 

A common type of mercury barometer is shown in Fig. 3. It consists 
essentially of a closed glass tube inserted into a well in which the level of the 
free surface is adjustable to bring it to the end of the scale shown by the small 
pointer to the right of the tube. Graduations are marked on the scale only 
• near the top where an indicator is placed to assist in making the reading. 
This type of barometer is used in technical laboratories, weather observa¬ 
tories, and even on ships for accurate reading of 
barometric pressure. 

Atmospheric Pressure. Barometer readings 
are much lower at high altitudes than at sea level, 
since the weight of air above the measuring station 
is much less. The decrease as we go to higher alti¬ 
tudes is not uniform as it is in a liquid, since the 
density of air decreases with increase in altitude. 

At any one level barometric pressure varies from 
day to day. Standard atmospheric pressure supports 
a column of mercury 76.00 cm (29.92 in.) in height 
at latitude 45° and at sea level. Barometric pres¬ 
sure is usually expressed in terms of the height of 
a mercury column, but it can be converted into 
other pressure units by the use of the familiar 
relation P = hD (or P = hdg). 

Example: Express standard atmospheric pressure in 
pounds per square inch and in dynes per square 

centimeter. 

P = hD 
h = 29.92 in. 

D = 13.60 X 62.4 lb/ft 3 


P = 29.92 in. 


1728 in. 3 /ft 3 
13.60 X 62.4 


j728 


lb/in. 3 = 14.7 lb/in. 2 


Fio. 3. A mercury ba¬ 
rometer. 


P = hdg = 76.00 cm X 13.60 gm/cm 3 X 980 cm/sec 2 
= 1,013,000 dynes/'em 2 


Since the dyne per square centimeter is a very small unit, a larger unit of pressure, 
the bar, is used. A bar is 1,000,000 dynes cm 2 . A more common unit, the millibar , is 
used in weather records. The millibar is a thousandth of a bar or 1000 dynes/cm 2 . 
Standard atmospheric pressure is approximately 1013 millibars. 

Thfe Aneroid Barometer. The mercurv barometer is the most reliable 

4 

type of barometer, but it is not readily portable since its construction requires 
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that it be kept in a vertical position. Whenever the use of a barometer 
requires portability, another type called an aneroid barometer is used. The 
essential feature of an aneroid barometer (Fig. 4) is a metallic box or cell, 
corrugated to make it flexible and partly exhausted of air. This cell tends to 
collapse under the pressure of air, but a strong spring balances the force due 
to air pressure and prevents collapse. As the pressure of the air changes, the 



Fxo. 4. An aneroid barometer. 


free surface of the cell moves in or out slightly, and this small movement is 
magnified by a system of levers and transmitted to a needle that moves over 
a dial. 

Pressure in a Confined Gas, Boyle’s Law. Whenever a sample of gas 
is confined in a closed container, it exerts pressure. Consider a container such 
as that shown in Fig. 5, one wall of which is a movable piston. In its initial 
position a there is a pressure P\ when the volume is V If, however, the piston 
is pressed down until it is in the new position 
shown in b, the volume has been decreased to 
^2 while the pressure has been increased to 
P 2 . If this change takes place so slowly that 
there is no change in temperature, the vol¬ 
ume occupied by the gas is inversely propor¬ 
tional to the pressure 

V (1) 


^. M 



V, j 

P, 


n 


r-" 1 » • > 

Vi 

Pi 

(a) 

Os) 


Fig. 5. Relation between pres¬ 
sure and volume in a gas at con¬ 
stant temperature. 


or the product of pressure and volume is always the same, that is, 

PiVy = P,V 2 



This relationship is expressed in Boyle's law , named after the Irish physicist, 
Robert Boyle (1627-1691), who first stated it. It may be written as follows: 
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If the temperature of a confined gas does not change, the product of the 
pressure and volume is constant. In symbols, 

PV = k (3) 

Example: The volume of a gas under standard atmospheric pressure (76.0 cm 
of mercury) is 200 in. 3 What is the volume when the pressure is 80 cm of mercury if 
the temperature is unchanged? 

From Eq. (2) 

PxVi = P 2 V 2 

76 cm X 200 in. 3 = 80 cm X V 2 
Vo = t%o 200 in. 3 = 190 in. 3 

Boyle’s law holds true over wide ranges of temperature and pressure. 
There are, however, conditions under which it cannot be applied. If the 
temperature is near that at which the gas will liquefy, there will be large 
deviations from the simple law. The change in volume is greater than that 
predicted by the law. Also if the pressure becomes very great, the deviation 
from Boyle’s law is large, in this case the change in volume being less than 
that predicted by the law. 

Pressure Gauges. Several types of instruments may be used to measure 
the pressure of a gas. A few of these, such as the barometer, measure the 
whole pressure directly; others measure only the difference between the gas pres¬ 
sure and atmospheric pressure. This differential pressure is called gauge pressure. 

One of the simplest types of pressure-measuring de¬ 
vice is a simple U-tube manometer such as is shown in 
Fig. 6. The excess pressure of the gas above atmos¬ 
pheric is indicated by the difference h in level of the 
liquid in the two tubes. The liquid may be mercury, 
in which case the reading is directly in centimeters of 
mercury, or any other liquid which does not react with 
the gas and is not too volatile. The reading may be con¬ 
verted into centimeters of mercury by use of Eq. (7), 
Chap. 15, 

hfigdug = hidi 

where the subscripts Hg and / refer, respectively, to mercury and the liquid 
used. 

Other pressure gauges make use of the force exerted on the end of a piston 
by the gas, this force being balanced by a known weight. Still others make 
use of the deformation ol an elastic membrane by the pressure. 

Gauge pressures cannot be used in Boyle's law. Whenever the pressure 
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indicated is a gauge pressure, atmospheric pressure must be added before 
using it in the law. 

Example: An automobile tire whose volume is 1500 in. 3 is found to have a pressure 
of 20.0 lb/in. 2 when read on the tire gauge. How much air (at standard pressure) 
must be forced in to bring the pressure to 35.0 Ib/in. 2 ? 

The 1500 in. 3 of air in the tire at 20 lb/in. 2 is compressed into a smaller volume at 
35.0 lb/in. 2 

P1V1 = PiV, 

/>, = 20.0 lb/in. 2 + 14.7 lb/in. 2 = 34.7 Ib/in. 2 
P 2 = 35.0 Ib/in. 2 + 14.7 lb/in. 2 = 49.7 lb/in. 2 
(34.7 lb/in. 2 )(1500 in. 3 ) = (49.7 lb/in. 2 ) F 2 
V 2 = 1050 in. 3 

The volume of air added to the tire is 

1500 in. 3 - 1050 in. 3 = 450 in. 3 

when its gauge pressure is 35.0 lb/in. 2 

The volume at atmospheric pressure will be found from Boyle s law. 

14.7 lb/in. 2 X V = 49.7 lb, in. 2 X 450 in. 3 

V = r^ 450 in. 3 = 1500 in. 3 
14.7 

t 

Volume Elasticity of Gases. If the pressure on a confined gas is increased, 
the volume decreases in accordance with Boyle's law. When the pressure is 
released, the gas returns to its original volume. The gas has the properly of 
volume elasticity. 

If the temperature remains the same during compression and expansion, 
from Eq. (3), Chap. 14, the bulk modulus is 

_ stress _ AP F— (4) 

B ' ^i^ " AV/V AV 

If the pressure is increased by a small amount AP to P + AP, the volume is 
decreased by a small amount of AF to F — AV. from Boyle s law, 

PV = (/> + AF)(V - AV) 

= py -f- V AP - P AV - AP AV 

Since AP and AV are small, their product can be neglected and 

PV = PV + V AP - P AV 
V AP = P AV 
AP _ P 
AV V 
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Substituting in Eq. (4), 


B=V^ =V ? 
AV V 

B = P 



r ; ;:sv^ s 


v. v y;. : :v 

5 


( 5 ) 

Thus at constant temperature the bulk modulus of a gas is equal to its 

pressure. 

The Siphon. The siphon (Fig. 7) is a simple de¬ 
vice commonly used to transfer liquid from one con¬ 
tainer to another. It consists essentially of an inverted 
U-tube completely filled with liquid. An external 
pressure P due to the atmosphere tending to force the 
liquid in A up the tube and over into B is diminished 
in the tube by the pressure hdg of the column of liquid. 
The same external pressure P tending to force the 
liquid over to A is diminished by h\dg. There is a net 
pressure h\dg — hdg , causing the liquid to flow from 

A to B since the liquid level is higher in A than in 
Fig. 7. A siphon. £ The s jph on w ju not operate jf t h e height h is 

greater than the column the atmosphere can support (h = P/dg ). 

SUMMARY 

Molecules of a gas are relatively far apart and do not attract each other 
sufficiently to maintain a definite volume or shape. A gas takes the shape 
and volume of its container. 

Air has weight and hence exerts pressure. 

I he buoyant force of a gas is equal to the weight of the gas displaced. 

- he barometer is an instrument for the measurement of air pressure. There 
are both mercury and aneroid types of barometer. 

standard barometric pressure is 76.00 cm (29.92 in.) of mercury at sea 
level and 4 d° latitude. This is equivalent to about 14.7 lb/in. 2 Pressure 
decreases as the altitude increases and varies from time to time at a single 
place. Pressure is .also expressed in millibars. A millibar is 1000 dynes/cm 2 . 

Boyie s law states that !i the temperature of a confined gas is unchanged the 
product ot pressure and volume is constant. 

PV = k 

Gauge pressure is the excess pressure above atmospheric. Gauge pressure 
cannot be used in Boyle's law. 

QUESTIONS 

1. State some of the relative advantages and disadvantages of the mercury vs. 
the aneroid type of barometer. 
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2. Show clearly why the constant k in the Boyle’s-law equation PV = k is not a 
pure number, but has the dimensions of work. 

3. Why cannot the door of a closet be slammed shut? 

4. Why is there more danger in the failure of an air storage tank in which the 
pressure is 100 lb/in. 2 than in the failure of a water tank in which the pressure is 
100 lb/in. 2 ? 

5. Why is the work of digging a tunnel under a river done in a high-pressure 
chamber? What determines how high the pressure should be in the chamber? What 
danger is involved if the pressure becomes too low? too high? 

6. In a common type of drinking fountain a large bottle of water is inverted into 
a small reservoir. Why does the water not all run out? 

7. Could a balloon be constructed that would rise until it reached the moon? 

8. In certain instruments pressure must be transmitted for considerable distance 
and to various levels. What advantages are there in using a gas as a transmitting 
medium rather than a liquid? What disadvantages? 

9. Cite the physical principle involved in the operation of (a) a hydrometer, 
(b) hydraulic brakes, (c) an aspirator, (</) a mercury barometer, and (e) an airship. 

PROBLEMS 

1. The barometric pressure is 30 in. of mercury. Express this in pounds per square 
foot and in pounds per square inch. 

2. What is the net lifting ability of a balloon containing 400 m 3 of hydrogen, the 
mass of the balloon without gas being 250 kg, if the density of air is 1200 gin/m 3 ? 

Arts. 194 kg 

3. A lightcr-than-air airship weighs 5.0 tons and its load 2.0 tons. What must 
be the volume of the lifting bags if they are filled with helium? Neglect the buoyant 
effect on the structure and load. 

4. A block of material whose specific gravity is 2.50 is found to have a mass of 
32.240 gm when measured by an equal-arm balance with brass weights. Find the 
correction for buoyancy of the air and the true mass. Arts. 0.011 gm; 32.251 gm 

5. A cylindrical glass jar of 5.0 cm radius is covered with a closely fitting glass 
plate of mass 200 gm. What total force is required to lift the plate off if the inside 
of the vessel is exhausted to a pressure of 1.0 cm of mercury? 

6. A gas occupies 2.0 ft 3 under a pressure of 30 in. of mercury. What volume will 

it occupy under 25 in. of mercury pressure? Assume that the temperature is un¬ 
changed. Ans. 2.4 ft 3 

7. To what fraction of its original volume is the air compressed in a diving bell 
when it is lowered to a depth of 60 ft in salt water of specific gravity 1.026, the height 
of the barometer being 30 in.? What air pressure would keep the water out of the bell? 

8. A uniform air column is 50 cm long at atmospheric pressure. It is compressed 

to 40 cm length by an added pressure of 18 cm of mercury. What is the atmospheric 
pressure? Ans. 72 cm of mercury 

9. To what depth must a diving bell 5.0 ft high be immersed in order that the 
water may rise 3.0 ft within it? The barometric reading is 30 in. of mercury. 

10. The volume of an air bubble increases tenfold in rising from the bottom of a 
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lake to its surface. If the height of the barometer is 30.0 in., and if the temperature 
of the air bubble is constant, what is the depth of the lake? Ans . 306 ft 

11. An air bubble occupies a volume of 12 cm 3 when submerged 8.0 m below the 
surface of an oil vat. The oil has a specific gravity of 0.80, and the air above it is at 
normal atmospheric pressure. What is the buoyant force upon the bubble when it is 
just below the surface of the oil? 

12. A tube 120 cm long, closed at one end, is half filled with mercury and then 

inverted into a mercury trough in such a way that no air escapes from the tube. If the 
barometric pressure is 75 cm, what is the height of the mercury column inside the 
tube? Arts. 27 cm 

13. A uniform capillary' tube sealed at one end and placed in a horizontal position 
contains a column of air 24 cm long trapped between the closed end and a slug of 
mercury 36 cm in length. Barometric pressure is 72 cm of mercury. What is the length 
of the entrapped column of air if the tube is turned into a vertical position (a) with 
the closed end pointing downward? (b) with the closed end pointing upward? 

14. A barometer, which has not been completely freed of air, reads 76.0 cm when 

the correct barometric height is 77.0 cm. The free internal height of the top of the 
barometer tube above the surface of the mercury in the cistern is 85 cm. Find the true 
barometric height when the height of the mercury in the defective instrument is 
75.0 cm. Ans. 75.9 cm 

15. A barometer has a little air in the space at the top of the mercury column and 
hence reads only 28 in. when the barometric pressure is 29 in. When the barometer 
reads 2‘> in., the correct pressure is 30.2 in. What is the correct value of the atmospheric 
pressure when it reads 26 in.? 

16. An open I -tube manometer is used to measure the pressure of gas in a tank. 

I lie manometer contains oil of specific gravity 0.80. What is the gas pressure on a 
day w hen the mercury barometer reads 75.0 cm and the oil stands 20 cm higher in 
the open arm of the manometer than in the arm which communicates to the confined 
- Ans. 76.2 cm of mercury 

1". Iua J-tube a volume of 5.0 cm 3 of air is trapped when the level of the mercury 
on the open side is 60 cm higher than on the closed end. If the barometric height is 
i '••ha 1 will be the diflerencc* in levels to cause the air to have a volume of 
6.0 ( m ; :‘ 

18. J e- volume of a tire is 1501) in. 3 when the pressure is 30 lb/in. 2 above atmos¬ 

phere' ore-sure. / What volume will this air occupy at atmospheric pressure? 
Assume that atmospherie pressure is 1 5 lb in." (/>) How much air will come out of the 
tire when the valve is removed? Arts. 4500 in. 3 ; 3000 in. 3 

19. A bicvclf tire has a capacity of 200 in. 3 when fully inflated, to a pressure of 
3.0 atm. If the tire is initially quite flat, find the volume of air at atmospheric pressure 
required to fill it. 

20. An oxygen tank has a volume of 1.5 ft 3 , and its pressure gauge indicates 

200 lb/in.* After opening the valve for a time, the gauge reads 150 lb in. 2 How- many 
cubic feet will the escaped oxygen occupy at atmospheric pressure? Assume tem¬ 
perature constant. d/ir. 5.0 ft 3 
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21. Water is pumped into the bottom of an airtight tank holding 1000 gal, com¬ 
pressing the air above it until a pressure gauge reads 60.0 lb/in. 2 (a) How much water 
does the tank then contain? ( b ) If 200 gal of water arc drawn off, what will the gaugr 
pressure then be? Assume atmospheric pressure is 15.0 lb/in. 2 

22. A tank containing 24 ft 3 of oxygen at 150 lb/in. 2 absolute pressure is con 

nectcd through a small tube with a second tank containing 48 ft 3 of nitrogen ai 
120 lb/in. 2 absolute pressure. Assuming both tanks are at the same temperature, the 
volume of the connecting pipe is negligible, and no temperature change occurs, what 
is the pressure of the gases when mixed? Arts. 130 lb, in.- 

23. A bubble 1.0 cm 3 in size leaves an air hose 30 ft under water. How large will 
the bubble be when it reaches the surface, assuming its temperature to remain 
constant? 

24. A flask from which the air is to be exhausted contains 2400 cm 3 at a pressure 
of 76 cm of mercury. An air pump removes 160 cm 3 of air during its first upward 
stroke. What will be the pressure in the flask at the end of the fifth upward stroke? 

Arts. 55 cm of mercury 


25. The pressure in a vacuum system used for aluminizing telescope mirrors is read 
on a McLeod gauge as 5.0 X 10 -6 mm of mercury. Express this in (a) millibars and 
(b) atmospheres. 

26. A glass capillary tube closed at one end contains dry air and a slug oi mercury 

2.4 cm long which acts as a piston enclosing the air. When the tube is held vertically 
with closed end down, the length of air column is 36.0 cm. When the tube is inverted, 
the mercury descends until the length of air column is 38.6 cm. find the atmospheric 
pressure. Ans. 69.0 cm of mercury 


27. A Cartesian diver consists of an inverted test 


tube, containing water and air, 


floating in a jar of water whose top is covered by a rubber sheet made airtight. The 
test tube floats with 0.60 cm length extending above the water when the length of aii 
column in the tube is 3.6 cm. How much must the pressure on top of the liquid be 


increased (by pressing on the rubber sheet) in order to submerge the test tube, 


if the 


barometer reads 72 cm of mercury? 
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Molecular Theory of Matter 


In om disc u. ... ,,i . • properties of liquids and those of gases we assumed 

that the fluids are •,/mpi sed of small particles called molecules and that liquids 
and gases differ in the spacing and forces between the molecules. These 
assumptions are m Record with present ideas of the structure of matter. 

Most of the conclusions that we reach regarding the molecular nature of 
matter are the indirect observations, since the molecules are much 

n except a few experiments the effects of individual 


too small to sec and 
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molecules are too small to observe. From observation of the effects of large 
groups of molecules, we make up a picture or theory of the arrangement and 
behavior of the molecules. We then test by experiment the results predicted by 
the theory. Observation can be made only on large numbers of molecules at 
one time or on the average effects of individual molecules. Hence only 
average effects are subject to observation. 

Fundamental Assumptions. In building a theory of the molecular na¬ 
ture of matter, we start with a set of assumptions. The assumptions are con¬ 
sidered valid if the results predicted are verified by experiments 

We assume that all matter is composed of distinct particles called molecules. 
In the case of a pure substance, 
these molecules are alike in all 
respects. The chemical properties are 
determined by the character of the 
molecules; but the physical proper¬ 
ties depend also upon the forces 
the molecules exert on each other, 
and the relation of these forces to 
the distances between molecules. 

Also the motion of the molecules 
must be taken into account. 

We assume that the molecules 
obey Newton’s laws of motion. 

Except in very special circum¬ 
stances, we assume that collisions 
between molecules are elastic, that 
is, that both momentum and kinetic 
energy are unchanged. 

It is assumed further that the molecules are continually in motion. The 
average speed is dependent upon the temperature. 

From observation of the physical properties of solids, liquids, and gases, 
we can state some conclusions about the forces which molecules exert upon 
each other. In order to pull a solid apart, it is necessary to exert rather large 
forces of tension. Hence there must be forces of attraction between the 
molecules when they are at the distances existing in solids. Much smaller 
forces are required to separate parts of liquids, and in gases the molecules if 
left to themselves separate without external forces. I hese facts indicate that 
as the distance between molecules increases, the force of attraction decreases 
rapidly. On the other hand, we find that very large forces of compression are 
necessary to reduce the volume of a solid or a liquid. We must therefore con¬ 
clude that when the distance between the molecules is very small, there arc 
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forces of repulsion and that these forces increase very rapidly as the distance 
between the molecules decreases. The forces must vary in a manner some¬ 
thing like that shown in Fig. 1. As the molecules approach each other from 
distances which are large compared to their own dimensions, the forces 
exerted on one another are at first extremely small; then on closer approach 
a force of attraction develops which reaches a maximum value, decreases to 
zero, and finally becomes a repulsive force which increases very rapidly as 
the distance is further reduced. 

Pressure in a Gas. If our picture of the molecular nature of matter is 
correct it must lead to the laws which are observed in the behavior of gases. 

Consider the gas contained in a cubical box 
the length of each edge being / (Fig. 2). Suppose 
there are n molecules in each cubic centimeter 
of the gas. On the average the effect of the 
motion of the molecules is the same as if one- 
third of them are moving in each of the three 
directions up and down, right and left, and back 
and forth. 

Consider one of the molecules that is moving 
back and forth. When it strikes one of the sides of 
the box it rebounds with its speed v unchanged. If 
its momentum before the collision was mv, its momentum after the impact is 
— mu. 1 he change in momentum is therefore 2 mv. As it moves back and forth, 
it moves a distance 21 between collisions with this face. The time between 
impacts is 2 l/v, and hence there are v/2l collisions per second. The change in 
momentum per second is 2 mv X v/21 = mv 2 /l. Since the change in momen¬ 
tum per second is the force, in accordance with Newton's second law, this 
one molecule exerts a force F\ on this face (and the opposite one as well) 
given by 



Fig. 2. Pressure in a gas is 
related to molecular motion. 



But il n is the number of molecules per unit volume there are nl 3 molecules 
in the box and on the average one third take part in the back-and-forth 

motion. Therefore the total force on this face is 



1 mv- 

3 T 


2 

3 


#*> o 

r nmv- 


Pressure is force per unit area. The area of the side of the box is / 2 

p = F _ 1 ,-> nmv* 

r- 3 r- 

P = }'3 nmv 2 
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We have obtained the force on one side of the container by multiplying 
the number of molecules by the force exerted by one molecule. In any gas 
the speeds of individual molecules are widely different. We must therefore 
consider the average force per molecule. The average force per molecule is the 
average value of mv'/l. Since m and / are constant, this average is m/l times the 
average v 2 . The square root of the average value of v- is called the root mean 
square (rms) value of v. It is this value of v that is used in the pressure equations. 

The average kinetic energy of the molecule is 1 £ mv 2 . Then 

P = Hn(V 2 mv'-) (4) 


In a volume V of the gas, the number of molecules is JV = nV. Multiplying 
both sides of Eq. (4) by V, we have 

P V = % MMmv*) ( 5 ) 

Since at a given temperature the average kinetic energy is constant and 
the number of molecules remains the same, Eq. (5) represents Boyle s law. 

Example: Compute the rms speed of the molecules of oxygen at 76.0 cm of mercury 
pressure and 0°C, when the density of oxygen is 0.00143 gm/cm 3 . 


From Eq. (3) 


Since 


P = Mnmv 1 


P=\ dv* 


v* = 


3 P 


nm = d, P = ^ dv z or u ~ d 

P = hdg = 76.0_cm X 13.6 gm/cm 3 X 980 cm/scc 
= 1,013,000 dynes/cm 2 


1 3P _ 3 X 1,013 ,000 dynes/cm 
v * = ~d ~ 0.00143 gm/cm 3 


1 3X1,013,000 
V yj 0.00143 


cm/sec = 45,700 cm/sec 


This speed corresponds to that of a rifle bullet. 


Cohesion and Adhesion. T he force with which like molecules attract 
each other is called cohesion. Within a solid the forces of cohesion aie large 
since the molecules arc close together. If the solid is broken, it is diflicult to 
force the molecules close enough together for these forces to become large 
again. When an iron bar is broken, th<? pieces may be fitted togethei, but 
they will not cohere. However, by heating the iron until it softens and pound¬ 
ing it with a hammer, the molecules may be again brought close enough to 
cohere and the bar is welded. Local heating until the metal flows also serves 
to bring the molecules close enough for cohesion. I wo ordinary plates of 
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glass or two blocks of steel, when brought together, show little evidence of 
cohesion because they touch at only a few points. It is possible, however, to 
grind these surfaces flat enough so that when they are brought into contact 
the cohesive forces become very large. The highest grade gauge blocks will 
thus cohere and can be pulled apart only with considerable difficulty. 

At the surface between two different substances, or in a mixture, unlike 
molecules attract each other. The attraction of unlike molecules is called 
adhesion. Glue adheres to wood; solder adheres to brass. Adhesive forces may 
be greater than cohesive forces, in fact, the relative magnitude of the cohesive 
and adhesive forces determines the nature of the surface between two sub¬ 
stances in contact. 

Surface Phenomena. Within the body of a liquid each molecule is 
surrounded by many others similar to itself. Forces of cohesion are exerted 
on this molecule from every direction. On the average these forces are the 

same in every direction, and there is an 
equilibrium condition (Fig. 3). For a 
molecule at the surface, however, the 
conditions are quite different. It is acted 
upon by the cohesive forces of the mole¬ 
cules of liquid at the side and below but 
above by the adhesive forces of the gas 
molecules. Since the molecules of air are 
relatively far apart, the number that are 
close enough to exert appreciable adhesive force on the surface molecule is 
comparatively small. There is, therefore, a resultant force R due to cohesive 
forces on the surface molecule directed into the liquid as shown in Fig. 3. 

The resultant force R does not accelerate the surface molecule into the 
liquid but rather sets up an internal force within the liquid, increasing the 
pressure. Such a pressure increase is quite small for a flat surface, but is rather 
;arge within a very small droplet. The resultant force on the surface molecules 
causes a liquid to assume a shape such that the surface has the smallest possi¬ 
ble extent. It a small amount of liquid is released from a medicine dropper, 
the drop assumes a spherical shape, since this is the form which has the least 
area lor a given volume. Rain drops are spherical; water droplets on an oily 
surface or small droplets of mercury on a glass plate also take a spherical 
shape. If the drop becomes large, its weight causes it to lose its spherical shape; 
out as long as it does not wet the sarface on which it lies, it does not spread 
out but torms a drop whose edges are rounded. 

Surface Tension. In Fig. 4, AB represents an imaginary line in the 
surface of a liquid. The molecules along the line are acted upon by forces 
across the line in exactly the same manner as the particles of a stretched 



Fig. 3. Forces acting on a molecule 
of a liquid. 
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TABLE I. SURFACE TENSION FOR PURE LIQUIDS IN CONTACT WITH 

AIR 


Liquid 

Temperature, 

°C 

T, 

dyncs/cm 


20 

27.6 


50 

24.7 

P.arKnn tpfrarhloriflp . . .. 

20 

26.8 


20 

22.3 


50 

19.8 


20 

22.6 


50 

20.1 


20 

465. 


10 

74.2 


20 

72.8 


50 

67.9 


400 

445. 


400 

520. 





drumhead experience a tension. The force per unit length 
is called the surface tension T. 



across such a line 



It is customary to express the force in dynes and the length in centimeters so 
that T is given in dynes per centimeter. Values of surface tension for several 

liquids in contact with air arc given in Table I. 

Surface tension is the cause of several phe¬ 
nomena that would not be expected of liquids 
at rest. A steel needle has a density so high that 
the buoyant force of water upon it is not sufficient 




■ »a a m v» •••• — ” — » — - 

imaginary line in a surface. support a needle. 


to support its weight. However, if it be oiled slightly so that the water will 
not wet it and it is laid very carefully upon the surface so that the film is not 
broken, it will float (Fig. 5). Note that the surface is depressed under the 
needle so that the film is able to exert an upward force. 
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Surface tension can be measured simply by immersing a wire frame in the 
liquid and measuring with a sensitive spring balance the force necessary to 
pull it out of the liquid. As the frame is lifted above the surface (Fig. 6), the 
force required varies because the force that the film exerts is always parallel 
to the film. Only when the frame has been lifted so that the film is vertical, 
is the force exerted by the film vertical. One must therefore use the maximum 



(a) (b) 

Fio. 6. Measuring surface tension. 


force as the frame is pulled out to meas¬ 
ure the surface tension. We note that 
there is a film on each side of the frame. 
Thus in this experiment the length L 
of the film is twice the length / of the 
frame. 



Example: What force in addition to its weight is required to pull a wire frame 
5.0 cm long from the surface of water, temperature 20°C? 


T = 72.8 dynes/cm 
F = 2/T 

= 2 X 5.0 cm X 72.8 dynes/cm = 730 dynes 

Contact between Liquids and Solids. When the surface of a liquid is 
in contact with a solid, the surface is usually curved. The molecules in this 
portion of the surface are subject to the force of cohesion of the molecules of 
the liquid and the forces of adhesion of the solid and gas. The forces exerted 



(a) (b) 

Fig. 7. Angle of contact. 


by the gas are usually so small that they need not be considered. In Fig. la 
is shown a case in which the adhesive force is greater than the cohesive force. 
The adhesive force A is perpendicular to the wall of the container, the 
cohesive force C is directed into the liquid, and the surface sets itself perpen¬ 
dicular to the resultant R. If a line is drawn tangent to the surface (perpen¬ 
dicular to R), it makes an angle 0 with the wall. This angle is called the angle 
of contact. If the cohesive force is greater than the adhesive force, the resultant 
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surface will curve downward as shown in Fig. lb. The angle of contact 6 is 
greater than 90°. Certain angles of contact are given in Table II. 


TABLE II. ANGLES OF CONTACT BETWEEN PURE LIQUIDS 

AND CLEAN SOLIDS 


Solid 

Liquid 

6, degrees 

Glass .. 

Water 

0 

Glass . 

Ethvl alcohol 

0 

Glass ... 

/ 

Mercury 

128 

Paraffin. 

Water 

107 


The liquid shown in Fig. la clings to the wall of the container, that is, it 
wets the container while the liquid in fig. lb does not wet the container. Any 
liquid wets its container if the adhesive forces are greater than the cohesive 
forces but does not wet it if the cohesive forces arc the greater. 

The principal problem in cleaning is to obtain a liquid that will wet the 
surface to be cleaned. Water will not normally wet greases, but the addition 
of a wetting agent makes water effective against greasy surfaces. Soap is most 
commonly used as the wetting agent, but other 
preparations are equally effective. \ he wetting 
agent reduces the relatively high surface tension 
of water. In soldering also a wetting agent, the 
flux, is used. 

Capillarity. It is a common observation that 

water rises in fine glass tubes. If a string lies over 

the edge of a pan of water, the water will rise in 

the string over the top and down the outside. 

_ . f Fig. 8. Rise of liquid in a 

I hesc effects are caused by surface tension. 

' ... 1 capillary tube. 

In the tube shown in Fig. 8, the liquid wets the 
tube making an angle of contact 0. I he liquid rises in the tube until the force 
due to surface tension is equal to the weight of the liquid lifted up. 

F = W 

The upward force F is the product of the length of the film, that is, the 
circumference 27 rr of the tube and the upward component 1 cos 9 of the 
surface tension. 

F = 2irr'l cos 0 (8) 

The weight of liquid lifted is the product of the volume ttVx and the weight 
per unit volume dg. 
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W = Trr z hdg (9) 

2nrT cos 6 = irr^hdg 

2 T cos 0 

We note that if the angle of contact is greater than 90°, the cosine is negative 
and the liquid goes down in the tube. That is, if the liquid does not wet the 
tube, it descends. 

Example: The tube of a mercury barometer is 3.0 mm in diameter. What error 
is introduced into the reading because of surface tension? 

For mercury 

T = 465 dynes/cm 
6 = 128° cos 0 = -0.616 
d — 13.6 gm/cm s 

2 T cos 0 

h = -:- 

rdg 

, 2(465 dynes/cm) (-0.616) A _ 0 0 *_ 

h = 7 — . - 7 — , w ^ 0 ^ - 7 —« = —0.286 cm = — 2.86 mm 

0.15 cm X 13.6 gm/cm 3 X 980 cm/sec 2 

The negative sign indicates that the reading is lower than the correct reading. 

At the surface of separation between two liquids, there is also a tension 
similar to surface tension. It is called interfacial tension. 

Diffusion. If a bottle of ammonia is opened in one corner of a closed 
room, the odor is soon apparent in all parts of the room even though there 
are no air currents. The ammonia molecules reach the observer because of 
their own motion. The molecules in the air of the room are relatively far 
apart. As the ammonia molecules move, they pass between the molecules of 
the air with occasional collisions. Some of the molecules reach every part of 
the enclosure in a short time. The process of one substance mixing with 
another because of molecular motion is called diffusion. If the gas is confined 
in a small container and the pressure is reduced, diffusion takes place more 
rapidly, for the gas molecules are farther apart and collisions are less frequent. 

Diffusion occurs in liquids as well as in gases. This may be shown by 
dropping a few copper sulphate crystals into a jar of water. As the crystals 
dissolve, the blue color appears first at the bottom and slowly spreads up¬ 
ward. After a period of some weeks, all the liquid will be colored. Since the 
copper sulphate solution is denser than water, the spreading cannot be 
caused by convection currents as it would be if the crystals were suspended 
near the top. If this were done, the mixing would be quite rapid. 

Diffusion of gases or liquids through solids is also common. A light gas such 
as hydrogen passes quite readily through porous earthenware. Such a porous 
jar arranged as at A in Fig. 9 with a tube extending into a flask of water is 
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filled with air. When a container of hydrogen is lowered over the porous jar, 
the hydrogen diffuses into the jar faster than air diffuses out. Hence the 
pressure is increased inside the system, and water is forced 
out. 

Osmosis. Some substances, such as parchment or vegetable 
materials, have the property of allowing some molecules to 
diffuse through but not others. Suppose a piece of parchment 
is fastened over a thistle tube and some sugar sirup placed 
inside (Fig. 10). When this is immersed in water, the water 
molecules diffuse in through the parchment, but the larger 
sugar molecules cannot diffuse out. This process is called 
osmosis. The liquid rises in the tube until the pressure, due to 
the liquid, is sufficient to stop the diffusion or the membrane 
breaks. The pressure set up by this one-way diffusion is called 
osmotic pressure. 

Osmosis is an important process in animal and vegetable 
life since it determines the flow of liquids through membranes. 

When fruit or vegetables are placed in fresh water, the skin 
becomes stretched and may even burst because water passes in through the 
skin. If, however, the fruit or vegetable is placed in a sugar or salt solution, 

liquid may pass out through the skin with resultant 
shriveling. 

Brownian Movement. Individual molecules are too 
small to be visible, but it is possible to observe the effects 
of collisions of molecules with small particles, which can 
be seen with the aid of a microscope. If some gamboge, 
a gum, is dissolved in alcohol and a small amount poured 
into a dish of water, a very fine suspension is formed. 
When this is viewed by means of a microscope, the 
particles arc seen to be in very erratic motion. This 
motion is called Brownian motion after the man who first 
observed it (1827). The motion is due to collisions of 
molecules with the particles. Each impact imparts a 
motion to the particle, and since it is struck first from one 
direction and then another, the motion is quite erratic. 
Brownian motion constitutes one of the most direct pieces of evidence for 
the belief in the motion of molecules. 

SUMMARY 

The molecular theory of matter is based upon a set of assumptions. Pre¬ 
dictions made upon the basis of these assumptions are tested experimentally 
to determine whether the theory is tenable. 






Fig. 9. Dif- 
fusion of gas 
through a 
porous cup. 
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The fundamental assumptions are that all matter is made up of molecules, 
which are in constant motion. Newton’s laws of motion are assumed to Ifold. 
In collisions between molecules, the laws of conservation of momentum and 
conservation of energy hold. The molecules exert forces upon each other, 
which depend upon the distance between them. 

The pressure of a gas is given by the expression 

P = * (\nmv- 

Cohesion is the attraction between like molecules, while adhesion is the 
attraction between unlike molecules. 

At the surface of a liquid there is a surface tension. It is expressed as the force 
per unit length of the surface film 



Surface tension is usually expressed in dynes per centimeter. 

Liquids rise or are depressed in fine tubes. The height to which they rise 
is given by the expression 

, IT cosd 

Diffusion takes place because the molecules of a gas or liquid move between 
the molecules of the substance into which it is diffusing. 

Osmosis is one-way diffusion through a semipermeable membrane. 

Brownian movements are motions of small particles that are bombarded by 
molecules. 

QUESTIONS 

1. What reasons have you for believing in the existence of molecules? 

2. What is the evidence that the molecules of a gas are in motion? 

3. Discuss the reasons for believing that the molecules of a liquid are in motion. 

4. How is the motion of the molecules in a gas different from that of the molecules 
in a liquid? in a solid? 

5. Show that the kinetic energy per mole (gram-molecular weight) is the same 
for all gases at the same temperature. 

6. When bits of camphor gum are dropped on water, they move about erratically. 
Explain. 

7. Explain why the meniscus for certain liquids in a capillar)’ tube is convex 
upward whereas for others it may be concave. 

8. Molten lead is poured through a sieve at the top of a shot tower and is caught 
in water at the bottom. Why are the shot spherical? 

9. Show that the surface tension of a film, defined as the force per unit length, also 
may be interpreted as the potential energy per unit area of the film. 
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10. Show that surface tension causes a pressure inside a liquid droplet given by 
P = 2 T/r. 

11. Show that the pressure due to surface tension in a bubble is given by P = 4 T r. 

12. Should the reading of a barometer be corrected for capillary depression? 
Explain. 

13. If two soap bubbles of radii 10 cm and 20 cm, respectively, could be joined by 
a tube without bursting, what would happen? Why? 

14. When water rises in a capillary tube, how does the pressure inside the liquid 
at the top of the column compare with the pressure outside the liquid? Is there any 
visual evidence of a difference? 

15. What effect has the looseness of the soil on the loss of water by evaporation from 
a garden \plot in summer? 

16. What is the importance of capillary action in the success of an irrigation 
system? 

17. What physical principles are applied when candle wax is removed from 
clothing by covering the spot with blotting paper and then passing a hot iron over the 
paper? 

18. Water will not run from the upper end of a capillary tube the lower end of 
which dips below the surface of water, but sap runs from the end of a maple branch 
that has been cut off. Explain. 

19. Why may alcohol escape from an automobile radiator that will hold water? 

20. A glass rod is sometimes placed against the mouth of a bottle when pouring 
liquid from it into another vessel. Explain the usefulness of the rod. 

21. Suggest a design for a dripproof cream pitcher or sirup dispenser. 

22. Is diffusion important in determining the composition of the air at various 
levels? 

23. Show how osmosis and capillarity can play important parts in feeding a plant. 

24. In Brownian movement small particles are set into random motion by bom¬ 
bardment by gas molecules. Are large bodies ever set into motion by bombardment 
by gas molecules? If so, give examples. 

PROBLEMS 

1. There are 6.02 X 10” molecules in a mass of any gas equal numerically to its 
molecular weight. How many molecules are there in a cubic centimeter of nitrogen 
under standard conditions? 

2. Copper has atomic weight 63.6 and specific gravity of 8.9. What is the average 

volume per atom? /I ns. 1.2 X 10"” cm 3 

3. Compute the rms speed of oxygen molecules at 0 °C and 76.0 cm of mercury 
when the density is 1.429 gin/litcr. 

4. Compute the rms speed of helium molecules under standard conditions. The 

density of helium is 0.178 gm/liter. Am. 1.30 X 10 5 cm/sec 

5. If the mean distance between collisions of carbon dioxide molecules under 
standard conditions is 6.29 X 10 ~ 4 cm, what is the time between collisions? 

6 . Under normal conditions the average distance a hydrogen molecule travels 
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between collisions is 1.83 X 10“ 6 cm. Compute ( a ) the time between collisions and 
(6) the frequency of collisions. Ans. 1.00 X 10“ 10 sec; 1.00 X 10 10 /sec 

7. A 1.00-liter flask contains 2.68 X 10 22 molecules of oxygen each of mass 
5.31 X 10 -23 gm and having an rms speed of 4.61 X 10 4 cm/sec. Compute the pres¬ 
sure in the flask, and reduce it to atmospheres. 

8. A needle is 2.5 in. long. Assuming that the needle is not wetted, how heavy can 

it be and still float on water? Ans. 920 dynes 

9. A wire frame 4.0 cm long (Fig. 6) is dipped into a soap solution, T = 30 
dynes/cm, and lifted 2.0 cm above the surface of the liquid. How much extra work 
is done because of the film? 

10. How high will water rise in a capillary tube of 0.50 mm radius? Ans. 3.0 cm 

11. To what height will a liquid of specific gravity of 0.80 and surface tension 
30 dynes/cm rise in a tube of 0.60 mm internal diameter? (The contact angle is 0°.) 

12. The tube of a mercury barometer has an internal diameter of 5.0 mm. How 

much error docs surface tension introduce in the readings? Ans. —1.7 mm 

13. Some distilled water in a capillary tube becomes mixed with an impurity that 
does not appreciably affect its density or surface tension but does change the angle of 
contact from 0 to 20°. If the tube has a diameter of 0.30 mm, what change in height 
will the water experience? 

14. Find the internal diameter of a glass tube in which water rises to a height of 

4.5 cm. Ans. 0.066 cm 

15. A liquid of specific gravity 0.85, for which the angle of contact is zero, rises to 
a height of 12.0 mm in a capillary tube of 2.0 mm diameter. Find the surface tension 
of the liquid. 

16. A certain oil whose angle of contact against glass is 24° and density 0.90 

gm/cm 3 rises 3.2 cm in a glass capillary tube 1.0 mm in diameter. What is the surface 
tension of the oil? Ans. 77 dynes/cm 

17. Two vertical glass plates 1.0 mm apart are dipped into water. How high will 
the water rise between the plates? 

18. Two flat plates of glass are held in a vertical position 0.80 mm apart with their 

lower edges in alcohol, specific gravity 0.79 and surface tension 22.3 dynes/cm. How 
high will the alcohol rise between the plates? Ans. 0.72 cm 

19. Carbon tetrachloride, specific gravity 1.60, T = 26.8 dynes/cm, is poured into 
an open U-tube. One arm of the tube has a diameter of 0.80 mm, the other 0.80 cm. 
What is the difference in level of the liquid in the two tubes when the tubes are 
vertical? The angle of contact for CC1 4 and glass is 0°. 

20. A U-tube is made with the internal diameter of one arm 1.0 cm and that of the 

other arm 2.0 mm, and mercury is poured into the tube. If the angle of contact of 
mercury with glass, after exposure to air, is 60°, what will be the difference in level of 
the surfaces in the two tubes? Ans. 2.8 mm 
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Temperature Measurement; Thermal Expansion 


n many industrial operations it is necessary to heat the material that enters 
into a process. In such cases a major factor in the success of the procedure 
1S knowledge of when to stop. In many modern industrial processes the 
attainment of a uniform product having desirable properties requires precise 
Measurement and control of temperature during the operation. For example, 
ln rneta llurgical industries the characteristics of the metal being treated 
arc vita Hy affected by its temperature history. 

2 35 
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The comfort and efficiency of human beings is influenced by the tem¬ 
perature of their surroundings. Ideal air conditioning requires measurement 
and control of temperature. 

The most common type of temperature-measuring device utilizes the 
expansive properties of certain materials. 

Temperature Sensation. We can tell something about the temperature 
of an object by feeling it. If it is very hot, we can sense this even without 
touching it. But under some conditions our temperature sense is a very un¬ 
reliable guide. For example, if the hand has been in hot water, tepid water 
will feel cold; whereas, if the hand has been in cold water, the same tepid 
water will feel warm. If we go outdoors on a cold day and pick up a piece of 
wood, it will feel cold. Under the same conditions a piece of steel will feel 
even colder. 

Both of these examples suggest that our sensations of hot or cold depend 
on the transfer of heat to or away from the hand. The steel feels colder than 
the wood because it is a better conductor of heat and takes heat from the 
hand much more rapidly than does the wood. 

Temperature Level. The sense we possess for judging whether a thing 
is hot or cold cannot be used to measure temperature, but it does suggest to 
us what temperature is. The temperature of an object is that property which deter¬ 
mines the direction of flow of heat between it and its surroundings. If heat flows away 
from an object, we say that its temperature is above that of the surroundings. 
If the reverse is true, then its temperature is lower. To answer the question 
of how much higher or lower requires a standard of measure and some kind of 
instrument calibrated to read temperature difference in terms of that stand¬ 
ard. Such an instrument is called a thermometer. 

Thermometers. There are many possible kinds of thermometers, since 
almost all the properties of material objects (except mass) change as the 
temperature changes. The amount of any such change may be used to 
measure temperature. To be useful, the amount of the change must cor¬ 
respond in some known manner to the temperature change that induces it. 
The simplest case is the one in which equal changes in the property corre¬ 
spond to equal changes in the temperature. This is approximately true for 
the length of a column of mercury in a glass capillary connected to a small 
glass bulb. 

When a mercury thermometer is heated, the mercury expands more than 
the glass bulb and rises in the capillary tube. The position of the mercury in 
the capillary when the bulb is in melting ice is taken as a reference point. 
Such a reference temperature, chosen because it is easily reproducible, is 
called a fixed point. 

If the bulb is placed in contact with something else and the mercury goes 
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above the fixed point set by the melting ice, then that material is at a higher 
temperature than the melting ice. If the mercury goes below the fixed point, 
then the temperature is lower. The answer to how much higher or how much 
lower can be obtained only by selecting another fixed point so that the inter¬ 
val between the two can be divided into a convenient number of units in terms 
of which temperature changes can be compared, or, as we say, measured. 

The other fixed point chosen is the boiling point of water. This is the 
temperature of the water vapor above pure water which is boiling under a 


212 


373 BOILING POINT 
OF WA TER 


pressure of one standard atmosphere. Since the temperature at which water 
boils depends upon the pressure, it is necessary to define this fixed point in 
terms of a standard pressure. 

Many other easily reproducible temperatures may be used-as fixed points. 
For example, the boiling point of oxygen, a very low temperature, and the 
melting point of platinum, a very high 
temperature, are sometimes used. The 
temperatures of such fixed points are 

based on the primary temperature /00 . 2/2 373 . boiling PO/NT 

interval between the freezing point of OF WATER 

water and the (standard) boiling point 
of water. 

Common Thermometer Scales. 

Two thermometer scales are in com¬ 
mon use: one, the centigrade scale, which 
divides the standard interval into 100 

equal parts called degrees centigrade; and 0 32 273 freezing point 

the other, the Fahrenheit scale, which I I I OF WATER 

divides the standard interval into 180 I I I 

equal parts called degrees Fahrenheit ^ £ £ 

(Fig. 1). The centigrade degree repre- centigrade"™"™"kelv/n 
sents a larger temperature interval than .. , . 

r . ... ^ l ie. 1. rixcd points on various tem- 

a rahrcnhcit degree. One Fahrenheit perature scales. 

degree is equal to five-ninths of a cen¬ 
tigrade degree. A reading on the centigrade scale indicates directly the 
interval between the associated temperature and the lower fixed point, 
since the latter is marked zero. The Fahrenheit scale is more cumbersome, 
not only because the standard interval is divided into 180 parts instead 
of 100, but also because the base temperature, that of melting ice, is marked 
32°. The Fahrenheit scale is used in many English-speaking countries, while 
nearly all others use the centigrade scale. Having the two temperature scales 
is something of a nuisance, but it is comparatively easy to convert tempera¬ 
tures from one scale to the other. 


273 U- FREEZING PO/NT 
H OF WATER 


FAHRENHEIT 

CENTIGRADE KEL V/N 

Fig. 1. Fixed points on various tem¬ 
perature scales. 
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For any two temperature scales that use the freezing point and boiling 
point of water as fixed points, the temperature may be converted from one 
to the other by means of a simple proportion. For centigrade and Fahrenheit 
scales this relation is 

C - 0° 100° - 0° 

F — 32° “ 212° - 32° 

This equation reduces to 

C _ 100 _ 5 
F — 32° ~ 180 “ 9 

This may be solved for either C or F to give 

C = %{F - 32°) 

F = %C + 32° 

Several numerical examples will serve to illustrate the process. 

Example: A centigrade thermometer indicates a temperature of 36.6°C. What 
would a Fahrenheit thermometer read at that temperature? 

The number of degrees centigrade above 0°C is 36.6. This temperature will be 
(%) 36.6 or 65.9 Fahrenheit degrees above the freezing point of water. The Fahren¬ 
heit reading will be 32.0°F added to this, or 97.9°F. 

Example: A Fahrenheit thermometer indicates a temperature of 14°F. What is the 
corresponding reading on the centigrade scale? 

The temperature of 14°F is 32° — 14° = 18°F below the freezing point of water. 
A temperature interval of 18°F is equivalent to %(18°) = 10°C. Hence the reading 
on the centigrade scale is 10 deg below the freezing point of water, or 

0° - 10° = — 10°C 



Example: A comfortable room temperature is 72°F. What is this temperature 
expressed in degrees centigrade? 


C = $$(72° - 32°) = ^(40°) = 22°C 


Temperature Intervals. From the manner in which the standard inter¬ 
val is subdivided in the two scales (Fig. 1), it is evident that 100 C° = 180 F°. 
Dividing each side of this equation by 180 F° and 100 C° in turn, we obtain 


5 C° 
9 F° 




These conversion factors, which are equal to unity, as are all conversion 
factors, may be used for the convenient transfer of temperatures from one 
type of scale to another. 
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When expressing a temperature , we write after the number one of the com¬ 
mon symbols °C, °F, etc.; here when expressing a difference of temperature we 
have used the symbols C° and F° for the words centigrade degrees and Fahren¬ 
heit degrees. 

Example: Over a period of 50 years, the extremes of temperature in New York 
differ by 116 Fahrenheit degrees. Express this range in centigrade degrees. 

116 F° = HO 16) C° = 64.4 C° 

Expansion Thermometers. The property most commonly used in 
thermometers is expansion. The expansion may be that of a liquid, a solid, 
or a gas. Mercury-in-glass thermometers may be used over a range from the 
freezing point of mercury ( —38.9°C) to the softening temperature of glass 
(about 500°C). For temperatures below the freezing point of mercury, other 
liquids, such as alcohol, or pentane, may be used. The expansion of a solid 
or of a gas may be used over a much greater range of temperatures. 

Resistance Thermometers. Electrical methods of measuring tempera¬ 
ture arc applicable over a wide range and are capable of high precision. 



Fig. 2. Resistance thermometer coil. 


The variation of electrical resistance with temperature is often used in 
temperature measurements. A resistance thermometer (Fig. 2) consists of a 
small coil of wire, usually platinum, encased in a suitable protecting tube. 
By measuring the resistance of the coil at several known temperatures one 
can plot a resistance-temperature curve and thus calibrate the coil as a 
thermometer. The most accurate method of temperature measurement, 
resistance thermometry, can measure temperatures with an uncertainty of 
only 0.01 °C and can detect a difference in temperature of 0.0001 °C. 

Thermoelectric Thermometers. In another electrical method, tempera¬ 
tures arc measured by the variation of electric current in a thermocouple 
d ig- 3). If wires of two different metals are joined at their ends and one of 
these junctions is maintained at a different temperature from the other, 


2 4 ° 
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electricity will flow around the circuit. This current depends on the difference 
in temperatures at the two junctions. One iunction may be held at 0°C in 
an ice bath, and the electrical measuring instrument calibrated to indicate 
directly the temperature of the other junction. Thermocouples have high 
sensitivity and a wide range. With them, temperatures can be measured at 
any convenient distance from the test body. Thermocouples are sufficiently 




Fig. 3. Thermocouples. 


rugged and inexpensive to find numerous uses in industry. Several tiny 
thermocouples may be connected in scries to form a thermopile (Fig. 4) capable 
of measuring the radiation from a star. 

Optical Pyrometer. At very high temperatures special thermometers, 
called pyrometers , are used. In an optical pyrometer (Fig. 5) the brightness 
due to the hot object (inside of a furnace, for example) is matched against 

the brightness due to the filament of a 
standard lamp. The temperature is de¬ 
termined from the electric current 
needed to heat the lamp filament to 
match the brightness due to the hot 
object. 

The color of an object also changes 
with temperature. As the temperature 
rises, the object first becomes a dull red, 
at a higher temperature a bright red, 
and finally white at very high tempera¬ 
tures. These changes in color may be 
Fig. 4. Thermopile. used t Q measure temperature. 

Coefficient of Linear Expansion. Nearly all materials expand with an 
increase in temperature. A solid changes all its linear dimensions and thus 
its volume. Liquids and gases have no shapes of their own, and therefore only 
volume expansion has meaning. For solids we are primarily concerned with 
linear expansion. 

The coefficient of linear expansion is the change in length per unit length per degree 
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rise in temperature. In symbols 


a = 


L, - U 

L 0 A/ 


(5) 


where a is the coefficient of linear expansion, Lo and L t are the initial and 
final lengths, respectively, and A/ is the change in temperature. 

Measurements of the change in length and the total length are always 
expressed in the same unit of length; hence the value of the coefficient will be 
independent of the length unit used, but it will depend on the temperature 

FILAMENT 


EYEPIECE 
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•\\\\' 


m 


-LENS 


RED GLASS 






FILAMENT TOO DARK 


FILAMENT TOO BRIGHT 



FILAMENT CORRECT 


Fig. 5. Optical pyrometer. 


unit used. The value of the coefficient of expansion must be specified as “per 
degree centigrade” or “per degree Fahrenheit” as the case may be. If we let 
AZ, represent the change in length of a bar, then 


A L = aL u At 


( 6 ) 


I he final length will be 


Lt = Lo -f- A L = Lo -f" otLoAt — Lo(\ 4* aAt) (7) 

Example: A copper bar is 8.0 ft long at 68°F and lias a coefficient of expansion of 
0.0000094 per °F. What is its increase in length when healed to 110°F? 

AL = LnaAt = (8.0 ft)(0.0000094/°F)(110T - 68°F) = 0.0032 ft 

Example: A steel plug has a diameter of 10.000 cm at 30.0°C. At what temperature 
will die diameter be 9.980 cm? 
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A L = L(/t A l 

10.000 cm — 9.986 cm - 
At ~ (TOTOOO cm)(0.000011/°C) = 130 C 

Hence the required temperature 

/ = 30.0°C - 130°C = -100°C 

The facts that different solids have different expansion coefficients, and 
that the coefficient of expansion for a given material may vary somewhat 
with temperature, lead to many industrial problems. If a structure, for 
example a furnace, can be made of materials that expand equally over wide 
ranges in temperature, the structure will hold together much better than if 
such materials cannot be found. When it is impossible to find suitable ma¬ 
terials with approximately equal coefficients, allowance must be made for 
the large forces that arise, owing to the fact that different parts of the structure 
expand at different rates. Some materials that go together well at one tem¬ 
perature may be quite unsatisfactory at others because their coefficients may 
change considerably as the temperature changes. 


TABLE I. COEFFICIENTS OF LINEAR EXPANSION (AVERAGE) 


Material 

Per °C 

Per °F 

Aluminum. 

0.000022 

0.000012 

Brass. 

0.000019 

0.000011 

Copper.. 

0.000017 

0.0000094 

Glass, ordinary. 

0.0000095 

0.0000053 

Glass, pyrex. 

0.0000036 

0.0000020 

Invar (nickel-steel alloy). 

0.0000009 

0.0000005 

Iron. 

0.000012 

0.0000067 

Oak, alone grain. 

0 000005 

0.000003 

Platinum. 

0 0000089 

0.0000049 

Fused quartz. 

0.00000059 

0.00000033 

Steel. 

0.000011 

0.0000061 

Tungsten.. 

0.0000043 

1 

0.0000024 


Tungsten is a metal that expands in a manner similar to that of many 
glasses. Tungsten, platinum, and Dumet (an alloy) are metals often used to 
seal electrodes through the glass of electric light bulbs, x-ray tubes, and the 
like, since the expansion of these metals can be matched with that of appro¬ 
priate glasses. 

When the temperature of a solid is raised, it expands in all directions. 
Certain crystals arc found to have different coefficients of expansion along 
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different axes. However, many of the common materials have the same 
properties in all directions. These arc called isotropic substances. 

Coefficient of Volume Expansion. The coefficient of volume expansion for a 
material is the change in volume per unit volume per degree rise in temperature. In 
symbols 



where 0 is the coefficient of volume expansion, V t is the volume at tempera¬ 
ture t, V 0 the volume at 0°C (32°F), and At is the temperature change. 

There is a simple approximate relation between the coefficient of linear 
expansion for an isotropic solid and the corresponding coefficient of volume 
expansion: 

0 = 3 a (approximately) (9) 

This relation can be derived by consideration of the expansion of a cube of 
the material. 


TABLE II. COEFFICIENTS OF VOLUME EXPANSION OF LIQUIDS 


Substance 

Per °C 

Per °F 

Alcohol (ethyl). 

0.0011 

0.00061 

Mercury. 

0.00018 

0.00010 

Water (15-100°C). 

0.00037 

0.00020 



Example: Find the change in volume of an aluminum sphere of 5.0 cm radius when 
it is heated from 0 to 300°C. 

The volume of a sphere is given by 

Vo = y$Rr* — )$ir( 5.0 cm) 3 = 520 cm* 

From Eq. (8) 

V, - Vo = 0VoAt 
0 = 3 a = 3(2.2 X 10-y°C) 

Hence the change in volume is 

Vi — V 0 = 3(2.2 X 10-‘/°C)(520 cm‘)(300°C) = 10 cm* 

The change in volume of the sphere is the same whether it be a solid sphere or a 
hollow spherical shell. 

Generally a liquid expands when its temperature is raised. Water is an 
important exception to this rule, since in the region from 0 to 4°C water con¬ 
tracts when its temperature is raised (Fig. 6). Above 4°C water expands with 
increasing temperature. 
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Expansion of Gases. The behavior of a gas when its temperature is 
changed can be examined in the apparatus shown in Fig. 7. Suppose that 
the gas is confined in the bulb B, which is connected to a U-tube manometer 
M in which the mercury level may be adjusted by raising or lowering the 
reservoir R. 

With the bulb surrounded by an ice bath, the mercury levels may be 
adjusted to zero on the scale. The pressure of the gas P 0 is then just atmos¬ 
pheric pressure. If the temperature of the bulb is raised to t by immersing it 
in hot water, both the volume and the pressure of the gas will increase as 
indicated by the change in levels of the mercury. It is convenient to keep 



TEMPERATURE IN DEG C 
Fio. 6. The expansion of water. 


either the pressure or the volume constant in order to study the variation in 
the other factor with change in temperature. By raising the reservoir the 
level of mercury in the left-hand column may be restored to the index 0. 
The gas then occupies its original volume. Its pressure P t can be found by 
measuring the difference in levels of the mercury columns and adding to it 
the atmospheric pressure. 

Let us define y the coefficient of pressure change at constant volume as 

. _Pt- Po 

y n At 



Substitution of the observed values of P { , Po, and At in Eq. (10) gives the 
value of 7 for the particular gas used. Experiments of this type performed 
carefully with many different gases give the interesting result that the value 
of 7 is roughly the same for all gases, providing the pressure of the gas is not 
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too high. The value found for 7 is 

7 = ^ 73 /°C = 0.00366/°C ( 11 ) 

That is, the pressure of any gas at constant volume will change by ^73 of its 
pressure at 0°C for each centigrade degree change in temperature. 

The apparatus can be modified to hold a gas at constant pressure while 
its change in volume is read from the displace¬ 
ment of mercury. The coefficient of expansion 0 
at constant pressure may then be obtained by Eq. 

( 8 ). It is found that, when the pressure of the gas 
is not too high, the value of 0 is approximately 
the same for all gases, and is the same as the 
value for 7 , 

0 = = 0.00366/°C (12) 

It is apparent from their behavior that gases 
can be used as thermometric substances. Gas 
thermometers (Fig. 7), usually of the constant- 
volume type, filled with dry air, nitrogen, hydro¬ 
gen, or helium have been widely used in scientific 
work where their accuracy outweighs the disad¬ 
vantage of cumbersome equipment. A gas ther¬ 
mometer is calibrated by observing the pressure 
^0 at the ice point and then the pressure P, at the 
steam point. An unknown temperature t is then 
determined from the pressure P t of the gas at that 
temperature; thus 

/ = % ~ 100°C (13) 

i * — I 0 

Absolute Temperature Scale. An important consequence of the experi¬ 
ments that showed that all gases have approximately the same values of the 
coefficients 0 and 7 is the establishment of a scale of temperature known as 
the absolute gas scale of temperature. The derivation of this scale is suggested 
by rewriting Eq. (10), putting in the numerical value for 7 , 

Pt = ^0 (l + 273) 04 ) 

P. = 275 «73 + 0 

A new scale is adopted in which the size of the degree is the same as (hoc 



Fig. 7. A gas thermometer. 



( 15 ) 
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centigrade degree and the temperature T of the gas is given by 


T = 273 + / 


Then Eq. (14) becomes 


Pt = 


273 


(volume constant) (16) 


showing that the pressure of a gas at constant volume is proportional to its 
absolute temperature. The defining equation for temperatures on the ab¬ 



solute gas scale, Eq. (15), could be derived equally well for a constant- 
pressure gas thermometer using Eqs. (8) and (12), 



An examination of Eq. (12) and the corresponding graph of pressure vs. 
centigrade temperature (Fig. 8) suggests a question of fundamental im¬ 
portance: Is there an absolute zero of temperature? An answer is not possible 
from a consideration of the behavior of gases alone. The extrapolation of the 
pressure-temperature curve in Fig. 8 suggests the existence of a lowest tem¬ 
perature, that at which a gas would have zero pressure, that is, no motion of 
its molecules, this point being near — 273°C, according to the graph. But all 
gases become liquids and even solids at temperatures above absolute zero, 
and furthermore Eqs. (11) and (12) do not hold for gases near the tempera¬ 
tures at which they liquefy. 
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We need a temperature scale that is independent of the properties of 
particular substances. There is such a scale, known as the Kelvin scale or the 
absolute thermodynamic scale. It is an ideal scale based on certain fundamental 
laws (Chap. 22). Fortunately, the temperatures on the thermodynamic scale 
are the same on the absolute gas scale. Temperatures on the absolute scale 
are designated by the symbol °K. 

Absolute temperature can also be expressed in terms of the Fahrenheit 
degree by the relation 

R = %K (18) 

where R represents the temperature on the Fahrenheit absolute, or Rankine, 
scale. Thus the temperature of the ice point on the Fahrenheit absolute scale 
is 

R = %{?n) = 492°R (19) 

Since the temperature of the ice point on the Fahrenheit scale is 32°F, a 
temperature F on the Fahrenheit scale is converted to the Fahrenheit 
absolute (the Rankine) scale by the equation 

R = 492° + (F — 32) 

R = 460° + F (20) 

Example: Express 20°C and — 20°C on the centigrade absolute (or Kelvin) scale. 

K = 273° -f 20° = 293°K 
K = 273° 4- (-20°) = 253°K 

Example: Express 68°F and — 5°F on the Fahrenheit absolute (or Rankine) scale. 

R = 460° 4- 68° = 528°R 
R = 460° 4- (-5°) = 455°R 


TABLE III. COEFFICIENTS OF VOLUME EXPANSION OF GASES 


Substance 


Air 


Hydrogen. 

Carbon dioxide 
Sulphur dioxide. . . 


Temperature, 

°C 

Pressure, 
cm of 
mercury 

Volume 
coefficient, 
per °C 

Pressure 
coefficient, 
per °C 

0-100 

0.6 


376.66X lO ' 6 

0-100 

25 


365.80 

0-100 

76 

367.1 X lO " 6 

366.50 

0-100 

100 

367.28 

367.44 

0-100 

2000 


388.66 

0-100 

76.4 

366.00 

365.04 

0-100 

100 

374.10 

372.48 

0-100 

76 

390.3 

384.5 
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The Gas Laws. We have found that pressure, volume, and temperature 
of a gas are related. In Chap. 17 we considered the relation between pressure 
P and volume V when the temperature remains constant, namely, that the 
product of pressure and volume is constant. 

PV = k (21) 

This relation is known as Boyle's law. 

We have now found that there are relationships between temperature 
and pressure if the volume remains unchanged and between temperature 
and volume if the pressure is constant. These relations are expressed simply 
if an absolute (Kelvin or Rankine) temperature scale is used. 


From Eq. (16) 

II 

(volume constant) (22) 

and from Eq. (17) 

II 

(pressure constant) (23) 

These two equations express Charles's laws. If the volume of a confined gas is con¬ 
stant, the pressure is directly proportional to the absolute temperature , or 


Pi P 2 

Ti T, 

(24) 

If the pressure of a confined gas is unchanged, the volume is directly proportional to the 
absolute temperature, or 


V\ V 2 

Ti r 2 

(25) 


The General Gas Law. The three gas laws just stated can be combined 
into a single law that applies to changes in conditions of a gas whether the 
factors change one at a time or simultaneously. The general gas law may be 
written in equation form as 

PV = RT (26) 

where R is a constant, usually applied to one gram-molecular mass of gas. 
The equation can also be written in such a form that it deals with changes 
in mass as well as changes in pressure, volume, and temperature. In this 
form it is written as 

PV = mR'T ° (26a) • 

where m is the mass of gas being considered and R' is a constant referred to 
unit mass of gas. 
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If we introduce the restrictions stated in the special laws, the general gas 
law reduces to the simpler expressions. If mass and temperature are constant, 
Eq. (26a) reduces to PV = k (Boyle’s law). If m and V are constant, P/1 
= k\\ while if P and m are constant, V/T = k->. These are Charles’s laws. 

In using the general gas law it may be convenient to write it in other forms. 
Dividing both sides of Eq. (26a) by mT and expressing the result in terms of 
initial and final conditions, we have 


or, since the density d = m/V , 


P\V X 

_ P 2 V 2 

m x T\ 

m<{T r 

Pi 

P 2 

diT x 

drTr 



( 28 ) 


The general gas law can be used to study any changes in the conditions 
of the gas so long as absolute temperatures and complete pressures are used. 
Gauge pressures cannot be used in the gas law. 

Example: A 5000-cin 3 container holds 4.90 gin of a gas when the pressure is 75.0 
cm Of mercury and the temperature is 50°C. What will be the pressure if 6.00 gm of 
this gas are confined in a 2000-cm 3 container at 0°C? 


From Eq. (27) 

PiVi = P 2 V 1 

m\T\ rn^l 2 

Pi X 2000 cm 3 75.0 cm of mercury X 5000 cm 3 
6.00 gm X 273°K “ ‘ 4.90 gm X 323°K 

P 1 = 194 cm of mercury 

Example: The weight-density of air at 32°F and 29.92 in. of mercury pressure is 
0.081 lb/ft 3 . What is its weight-density at an altitude where the pressure is 13.73 in. 
of mercury and the temperature is — 40°F? 


From Eq. (28) 


Pi = Pj 

D\T\ DjTz 

Ti = 32° -f 460° = 492°R 
r 2 = -40° -f 460° = 420°R 
29.92 in. 13.73 in. 

0.081 lb/ft 3 X 492°R ” D, X 420°R 

D r = 0.044 lb/ft 3 


Example: Air at pressure 14.7 lb/in. 2 is pumj>ed into a tank whose volume is 
42.5 ft*. What volume of air must be pumped in to make the gauge read 55.3 lb/in. 2 
if the temperature is raised from 70 to 80°F in the process? 
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Pi = 14.7 lb/in. 1 

P 2 = 14.7 lb/in. 2 + 55.3 lb/in. 2 = 70.0 lb/in. a 
Ti = 70° + 460° = 530°R 
r 2 = 80° + 460° = 540°R 

Since m is constant, 

P.F, PrVr 
Tr T t 

14.7 lb /in. 2 X V\ 70.0 lb/in. 2 X 42.5 ft 3 
530°R 540°R 

Vi = 199 ft 3 

Since 42.5 ft 3 of air were in the tank at the beginning, the volume of air added is 

V = 199 ft 3 - 42.5 ft 3 = 157 ft 3 
SUMMARY 

The temperature of an object is that property which determines the direction 
of flow of heat between it and its surroundings. 

A thermometer scale is established by choosing as fixed points two easily 
reproducible temperatures (ice point and steam point), dividing this interval 
into a number of equal subintervals, and assigning an arbitrary zero. 

Conversions between centigrade and Fahrenheit scale readings are made 
by the relations 

F= %C+ 32° 

C=%{F- 32°) 

The coefficient of expansion is the fractional change (in length or in volume) 
per degree change in temperature. The units, per °C or per °F, must be 

expressed. 

a = Lt ~ Lo 

L 0 At 

. _ Vt ~ Vo 
^""FoAr 

1 he expansion of a material is equal to the product of the coefficient of 
expansion, the original size (length or volume), and the temperature change. 
Symbolically 

AL = aLo At and AV = /SFo At 

The pressure and volume coefficients of expansion of all gases are approxi¬ 
mately equal to )073 per °C. 
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Conversions to the centigrade absolute (Kelvin) and Fahrenheit absolute 
(Rankine) scales are made from the relations 

K = 273° + C 
R = 460° + F 

The general gas law is 

PiV i = PtV* 

m ] T i m-i T 2 

QUESTIONS 

1. List several methods of measuring temperatures and mention the factors that 
limit the range of each. What means are available for measuring the highest attainable 

temperatures? 

2. What factors must be taken into account in the design of a sensitive thermome¬ 
ter? 

3. What precautions are necessary to insure accurate readings when using a 
liquid-in-glass thermometer? 

4. Outline carefully the logical steps in the definition of a temperature scale. 

5. How do you account for the fact that solids and liquids generally expand 
when heated? 

6. Would the coefficient of linear expansion be different if the inch were used 
a the unit of length rather than the centimeter? If the Fahrenheit scale were used 
fcther than the centigrade scale? Explain. 

7. An observation made on the expansion of a liquid contained in a bulb or tube 
does not give the true expansion of the liquid. Explain. 

8. Would the error introduced by the expansion of the container be larger in a 
liquid thermometer or in a gas thermometer? Explain why. 

9. Suggest several practical uses of the differential expansion of two different 
materials. In what cases is differential expansion undesirable? 

10. Describe the action of a temperature-compensated balance wheel in a watch. 

U. In the early manufacture of light bulbs platinum wire was sealed through the 
glass. By reference to Table I, show' why this was feasible. 

12. A steel plug fits into a hole in a brass plate. What will be the effect on the 
closeness of fit if the plug alone is heated? If the plate alone is heated? If both arc 
heated equally? 

13. Show that the coefficient of area expansion is approximately twice that of 
linear expansion and that the coefficient of volume expansion is approximately three 
times that of linear expansion. 

14. Describe briefly the expansion of water near 4°C. Wliat are some consequences 
of this behavior of water? 


PROBLEMS 

1. Liquid oxygen freezes at —218.4°C and boils at — 183.0°C. Express these 
temperatures on the Fahrenheit scale. 
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2. Convert —14°C, 20°C, 40°C, and 60°C to Fahrenheit readings. Convert 
98°F, — 13°F, and 536°F to centigrade readings. 

Arts. 6.8°F; 68°F; 104°F; 140°F; 37°C; -25°C; 280°C 

3. What is the approximate temperature of a healthy person in degrees centi¬ 
grade? 

4. Calculate the temperature at which the readings of a Fahrenheit and a centi¬ 
grade thermometer are the same. 

5. Express a change in temperature ol 20°C in terms of the Fahrenheit scale. 

6. A temperature interval of 25° on the centigrade scale is equal to what interval 

on the Fahrenheit scale? Ans. 45° 

7. On a temperature scale proposed by Andreas Celsius in 1742, the 0 reading 
referred to the boiling point of water and the 100 reading to the temperature of melt¬ 
ing ice. Convert a temperature of 68°F to this Celsius scale. 

8. On a hypothetical temperature scale X , the ice point is assigned the reading 

40° and the steam point 160°. For another scale Y, the assigned values are —20° and 
180°, respectively. Convert a reading of 20° X to the T scale. Ans. —53 °Y 

9. Assuming the highest summer temperature to be 40°C and the lowest winter 
temperature — 20°C, what allowance should be made for expansion in a steel bridge 
1700 ft long? The coefficient of linear expansion of steel is 11 X 10~ 6 per °C. 

10. The lower end of a vertical steampipe 50 ft long is supported rigidly by a 
hanger attached to the basement ceiling. When the pipe is at 40°F, a steam radiator 
attached rigidly to the upper end of the pipe rests on the attic floor. Find the distance 
the radiator is lifted ofT the floor when the iron steampipe is at 220°F. Ans. 0.72 in. 

11. A steel bridge is 200 ft long at 0°C. The temperature has an annual variation 
irom —25 to 45°C. What is the difference in length of the bridge at these two tem¬ 
perature extremes? 

12. I he brass scale of a mercury barometer gives the correct length of the mercury 
column at 0 C. If the barometer reads 740 mm at 25°C, what is the reading when 
corrected for expansion of the brass scale and the expansion of the mercury (which 
decreases its density)? The volume coefficient of expansion of mercury is 1.82 X 10 -4 
per °C and the linear expansion of brass is 1.84 X lO" 5 per °C. Ans. 737 mm 

13. A steel wagon tire is 16.00 ft in circumference at 220°C when it is put onto the 
wheel. How much will the circumference shrink on cooling to 20°C? 

14. A wheel is 3.000 ft in circumference. An iron tire measured 2.992 ft around its 

inner iaec. How much must the temperature of the tire be raised in order that it may 
just slip onto the wheel? Arts. 200°G 

15. Measurements are made at 25°C upon a brass tube by a steel scale correct at 
11 C-. 1 he result is 645.00 cm. Find the length that would have been obtained if the 
tube and scale had been at 0°C. 

*6» A steel tape correct at 0°C is used to measure land when the temperature is 
25 C. \\ hat percentage error will result in length measurements due to the expansion 
of the tape? A ns. 0.028% 

17. 1 he ends of a 2.00-lt steel rod having a cross? section of 1.00 in. 2 are clamped 
to rigid supports when the rod is at 212°F. If the rod is allowed to cool to 92°F without 
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shortening, what will be the tension in the rod? Young's modulus for steel is 30 X 10 6 
lb/in . 2 and its coefficient of linear expansion is 61 X 10 -6 per F. 

18. An iron rod and a zinc rod have lengths of 25.55 cm and 25.50 cm. respec¬ 
tively, at 0°C. At what temperature will the rods have the same lengths? The coeffi¬ 
cients of expansion of iron and zinc are 0.000010 and 0.000030 per °C, respectively. 

Ans. 98°C 

19. A pyrex glass flask of volume 1000 cm 3 is full of mercury at 20°C. How many 
cubic centimeters will overflow when the temperature is raised to 50 C? 

20. A petroleum sample has a specific gravity of 0.847 at 20°C. Il the coefficient 

of volume expansion of the petroleum is 0.000899 per °C, what is the specific gravity 
at 70°C? /lor. 0.810 

21. The specific gravity of methyl alcohol is 0.795 at 15°C and 0. MO at 65 C.. 
What is the average coefficient of volume expansion of methyl alcohol? 

22. A 50-gal steel drum is filled with gasoline when the temperature is 50 K How 

much of the gasoline will overflow when the temperature becomes 110 I’? Coefficient 
of linear expansion of steel is 10 X 10 -B per °C; coefficient of volume^cxpansion ot 
gasoline is 0.00096 per °C. Ans. 1.6 gal 

23. A gas occupies 200 cm 3 at 100°C. Find its volume at 0°C, assuming constant 
pressure. 

24. A tire gauge registers 32 lb/in . 2 when air in a certain tire is at 10 C. After 

running for a time the tire heats up to 30°C. Calculate the pressure that would be 
registered then by the gauge. Arts. 35 lb in. 

25. The coefficient of volume expansion of air at atmospheric pressure is 0.0037 
per °C. What volume would 10 cm 3 of air at 0°C occupy at 100 °C? at — 100°C? at 
— 200°C? 

26. On a hot day, temperature 35°C, the tires on a car are inflated to a pressure 

of 30 lb/in . 2 What will be the pressure of the air in the tires in the evening when the 
temperature drops 20°C? Ans. 28 lb in . 2 

27. A gas occupies 2.0 ft 3 under a pressure of 30 in. of mercury. What volume w ill 
it occupy under 25 in. of mercury pressure? Assume that the temperature is unchanged. 

28. A gas occupies 50 cm 3 at 100°C. Find its volume at 20.0°C, assuming constant 

pressure. Ans. 39 cm 3 

29. Given 200 cm 3 of oxygen at 5°C and 76 cm of mercury pressure, find its 
volume at 30°C and 80 cm of mercury pressure. 

30. A cylinder is sealed at one end and is closed at the other end by a piston. A 
volume of 2.0 ft 3 of dry air trapjK-d in the cylinder exerts a pressure (absolute) of 
15 lb/in . 2 when the temperature is 68 °F. The piston compresses the air to a volume ol 
0.20 ft 3 and the temperature rises momentarily to 180°F and then slowly decreases 
to 68°F. ( a) What pressure does the air exert when the temperature has returned to 
68 F? (b) What is the approximate value of the maximum pressure attained? 

Ans. 150 lb/in. 2 ; 180 lb/in . 2 

31. The volume of a tire is 1500 in . 3 when the pressure is 30 lb/in . 2 above atmos¬ 
pheric pressure. What volume will this air occupy at atmospheric pressure (15 
lb/in. 2 )? How much air will come out of the tire when the valve is removed? 
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32. Compare the densities of the air at the bottom and the top of a mine shaft 
when the temperatures and pressures are, respectively, 5°C and 31 in. of mercury 
at the bottom and 20°C and 30 in. of mercury at the top. Ans. db/dt = 1.09 

33. A mass of gas has a volume of 6.0 ft 3 at 40°C and 76 cm of mercury pressure. 
Find its volume at — 15°C and 57 cm of mercury pressure. 

34. The density of oxygen is 1.43 gm/liter at 0°C and a pressure of 1.0 atm. If a 20- 

liter cylinder is filled with oxygen at a pressure of 25 atm and temperature 27°C, what 
is the mass of oxygen in the cylinder? Ans. 650 gm 

35. The pressure of the gas in a gas thermometer is 76.5 cm of mercury at 27.0°C. 
By how much will the pressure increase when the temperature rises 1.0°C? 

36. An oxygen tank is filled with oxygen at an absolute pressure of 1000 lb/in.* at 
17°C. The internal volume of the tank is 1.00 ft 3 . The oxygen is used in high-altitude 
flying at an absolute pressure of 10 lb/in. 1 and temperature —27°C. How many 
cubic feet of oxygen can be supplied by the tank under these conditions? 

Ans. 85 ft 3 

37. The temperature of air supplied to a furnace is increased from 27 to 77°C. If 

the mass of oxygen in each cubic foot of air supplied is to re main the same, by what 
per cent must the pressure of the air be changed? Ans. Increased 17% 

38. (a) Express the boiling point of oxygen, — 183°C, on the Kelvin scale and on 

the Rankine scale. ( b ) What is the melting point of silver, 961°G, on each of these 
scales? Ans. 90°K; 162°R; 1234°K; 2221°R 

39. ( a ) Change 40 C and — 5°C to the Kelvin scale. ( b ) Change —45°F and 50°F 
to the Rankine scale. 
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Heat Quantities 


After the concept of temperature became understood, there were many years 
of scientific development before the real nature of heat was established. Even 
today there are many people who do not carefully observe the distinction 
between these important technical terms. It was early recognized that a tem¬ 
perature difference between two objects resulted in a flow of heat when they 
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were placed in thermal contact. The real nature of the “thing” that flows 
under such circumstances was not clearly identified until about 1840. This 
development depended on the measurement of heat quantities. 

Meaning of Heat. To raise the temperature of an object, it is neces¬ 
sary either to add heat to it from some source at a higher temperature or to 
do work on it. It is possible to warm your hands by rubbing them together. 
The work done against friction is transformed into heat and raises the surface 
temperature of the hands. When a wire is broken by bending it back and 
forth rapidly, some of the work is transformed into heat and the wire gets hot. 
When a nail is pulled out of a board, work is needed because of the friction 
between the wood and the nail. The work produces heat, which warms the 
wood and the nail. Pumping up an automobile tire with a hand pump takes 
work. Some of this work produces heat, which warms the pump, tire, and 
air. Heat is a form of energy that molecules of matter possess because of their 
motion. Heat must not be confused with temperature, which determines the 
direction of transfer of heat. 

Suppose we dip a pail of water from the ocean. Its temperature is the same 
as that of the ocean, but the amount of heat (energy) in the pail of water is 
infinitesimal compared with the amount in the ocean. Heat may be meas¬ 
ured in terms of any unit that can be used to measure energy, such as the 
joule or the kilowatt-hour. Historically, however, heat quantities have been 
measured in calories or British thermal units, whose definitions were sug¬ 
gested by early experiments involving heat. Temperature must be measured 
in terms of an independently established standard. 

Units of Heat. One effect of the addition of heat to water, or any other 
substance, is a rise of temperature. The amount of heat necessary to raise the 
temperature of one pound of water one degree Fahrenheit is nearly constant 
throughout the interval between 32 and 212°F. This fact suggests a con¬ 
venient unit to use in measuring heat. It is called the British thermal unit (Btu) 
and is the amount ol heat needed to raise the temperature of one pound of 
water one degree Fahrenheit. 

In the metric system the corresponding unit of heat is called a calorie. The 
calorie is the heat necessary to raise the temperature of one gram of water 
one degree centigrade. One Btu is equivalent to approximately 252 calories. 

Since the amount of heat required to raise the temperature of unit mass of 
water one degree is not quite constant throughout the temperature range, the 
definitions of the Btu and the calorie may be regarded as the average values 
in the region from freezing to boiling. 

Specific Heat. The heat needed to change the temperature of unit mass 
of a substance one degree is a characteristic of that substance. The specific 
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heat 1 of a substance is defined as the heat per unit mass per degree change in 


temperature 




where S is the specific heat, H the heat change in the material of mass m, and 
A/ the change in temperature. In the British system the specific heat is 
expressed in British thermal units per pound per Fahrenheit degree, and in 
the metric system in calories per gram per centigrade degree. Because of the 


TABLE I. SPECIFIC HEATS 

cal/gm °C or 


Substance Btu/lb °F 

Alcohol. 0.60 

Aluminum. 0.212 

Brass. 0.090 

Carbon (graphite). 0.160 

Copper. 0 092 

Ethylene glycol (Prestone). 0 528 

Glass (soda). 0 016 

Gold. 0 0316 

Hydrogen (at 15°C, constant pressure). 3 389 

Ice. 0 51 

Iron. 0 117 

Lead. 0 030 

Mercury. 0.033 

Silver. 0.056 

Water (by definition). 1.00 

Water vapor (at 100°C, constant pressure). 0.482 

Zinc. 0.093 


way the Btu and the calorie are defined, the specific heat of a substance in 
metric units is the same numerically as that expressed in the British system. 
This means, for example, that the specific heat of salt, which is 0.204 Btu/lb 
F, is also 0.204 cal/gm °C. Water has a specific heat much larger than that 
of most common materials. 

Knowing the specific heat S of a material, one can calculate the heat H 
necessary to change the temperature of a mass m from an initial value t x to a 
final value // from the relation 

H = mS{t, - /,) (1«) 

1 Some authors call this quantity thermal capacity and define specific heat as the ratio 
of the thermal capacity of the substance of that of water. 




















258 


COLLEGE PHYSICS 


Example: How much heat is necessary to raise the temperature of 2.5 lb of alcohol 
from room temperature (68°F) to its boiling point (173°F)? 

Heat required: 

H = (2.5 lb) (0.60 Btu/lb°F)(173°F - 68°F) = 1$0 Btu 

Method of Mixtures. The experimental determination of the specific 
heat of a metal by the method of mixtures consists essentially of adding a 
known mass of metal at a known high temperature to a known mass of water 
at a known low temperature and determining the equilibrium temperature 
that results. The heat absorbed by the water and containing vessel can be 
easily computed and this is equated to the expression for the heat given up 

by the hot metal. From this equation the unknown 
specific heat can be computed. 

Heat lost = heat gained (2) 

The heat lost by the warm object is rrijSx At x , where 
m x is the mass of the object, S x the specific heat of the 
object, and A t x the change in its temperature. The 
heat gained by the container and water will be 
meSe At e + ntuSw A k, where m e and S c are the mass 
and specific heat of the container, and m«, and S w are 
the mass and specific heat of the water in the con¬ 
tainer. The temperature change At c refers to the con¬ 
tainer, and Atu. is the change in the temperature of 
the water. To minimize the exchange of heat with the surroundings, a 
double-walled vessel (Fig. 1) is usually used in calorimetric experiments. 
Such a container is called a calorimeter. 

Example: When 2.00 lb of brass at 212°F are dropped into 5.00 lb of water at 
35.0°F, the resulting temperature is 41.2°F. Find the specific heat of brass. 

Heat loss by brass = heat gained by water 
m/iSfi Ain = muS v At v 

(2.00 lb)S B (212°F - 41.2°F) = (5.00 lb)(1.00 Btu/lb °F)(41.2°F - 35.0°F) 

s . _ (5.00 lb)(1.00 Btu/lb °F)(41.2°F - 35.0°F) 

° (2.00 fb)(212°F - 41.2°F) 

= 0.091 Btu/ lb °F 

Example: Eighty grams of iron shot at 100.0°C are dropped into 200 gm of water 
at 20.0°C contained in an iron vessel of mass 50 gm. Find the resulting temperature. 

In this mixture heat is lost by the shot and heat is gained by the water and its 
container. 



Fig. 1. Double-walled 
calorimeter. 
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Heat lost by shot = m x S z At z = (80 gm)(0.12 cal/gm °C)(100.0°C — /) 

Heat gained by water = niuS^Atu. = (200 gm)(1.00 cal/gm °C)(/ — 20.0°C) 

Heat gained by vessel = ntcScAc = (50 gm)(0.12 cal/gm °C)(/ — 20.0°C) 

Heat lost by shot = heat gained by water + heat gained by vessel 
(80 gm)(0.12 cal/gm °C)(100.0°C - t) = (200 gm)(1.00 cal/gm °C)(/ - 20.0°C) 

+ (50 gm)(0.12 cal/gm °C)(/ - 20.0°C) 
t = 24°C 

Change of State. Not all the heat that an object receives necessarily 
raises its temperature. Surprisingly large amounts of energy are needed to 
do the work of separating the molecules when solids change to liquids and 
liquids change to gases. Water will serve as a familiar example. The solid 
phase of water is ice. Ice has a specific heat of about 0.5 cal/gm °C. Water 
has a specific heat of 1 cal/gm °C. 

To raise the temperature of 1 gm of ice from — 1 to 0°C requires Vi cal of 
heat energy. To raise the temperature of 1 gm of water in the liquid phase 
from 0 to 1°C requires 1 cal. To melt a gram of ice requires 80 cal, although 
the temperature does not change while this large amount of heat is being 
added. The heat per unit mass needed to change a substance from the solid 
to the liquid state at its melting temperature is called the heal of fusion. 

* - § v 

The heat of fusion L f is expressed in Btu per pound or in calorics per gram. 
The heat of fusion of ice is about 144 Btu/lb, or 80 cal/gm. Whereas specific 
heats arc numerically the same in British and metric units, the numerical 
value of a heat of fusion in the metric system is % that in the British system. 

Heat of Vaporization. Once a gram of ice is melted, 100 cal are required 
to raise the temperature of the gram of water from the melting point to the 
boiling point. As we continue to add heat at the boiling point, the tempera¬ 
ture remains the same until the liquid is changed entirely to vapor. The 
steps by which a gram of ice is heated through fusion and vaporization are 
shown to scale in Fig. 2. The amount of heat per unit mass necessary to 
change a liquid from the liquid to the vapor phase without changing the 
temperature is called the heat of vaporization. 

- ! (4 > 

For water the heat of vaporization L v is approximately 540 cal/gm, or 
970 Btu/lb. This is over five times as much energy as is needed to heat water 
from the melting to the boiling point. Where this energy goes in a change of 
state may be better understood if wc think of the liquid as made up of a 
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myriad of molecules packed closely but rather irregularly, compared to the 
neat arrangement in the crystals that make up the solid. One granl of water 
occupies 1 cm 3 of space as a liquid. The same amount of water (and therefore 
the same number of molecules) in the ','apor state at 1 atm of pressure and a 
temperature of 100°C fills 1671 cm 3 instead of 1 cm 3 . The work to vaporize the 
water has been done in separating the molecules to much larger distances 
than in the liquid state. 



Example: How much heat is required to change 50 lb of ice at 15°F to steam at 

212°F? 


Heat to raise temperature of ice to its melting point = nnSi (32°F — 15°F) 

= (50 lb) (0.51 Btu/lb °F)(32°F - 15°F) = 430 Btu 
Heat to melt ice = (50 lb)(l44 Btu.lb) = 7200 Btu 
Heat to warm water to its boiling point = (212°F — 32°F) 

= (50 lb) (1.0 Btu/lb °F)(212°F - 32°F) = 9000 Btu 
Heat to vaporize water = (50 lb)(970 Btu/lb) = 48,000 Btu 


Total heat required: 


430 Btu 
7,200 
9,000 
48,000 

64,000 Btu 


Xote that in this summation the 430 is negligible and may be disregarded, since there 
is a doubtful figure in the thousands place in 48,000. 

Measurement of Heat of Fusion. Heats of fusion and vaporization, 
like specific heats, are determined by calorimetric experiments. The only 
change needed in Eq. (2) is the addition of a term giving the amount of heat 
required to change the state. If a mass m of ice is added to a calorimeter con- 
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taining enough warm water so that all the ice melts, the ice will gain heat 
and the calorimeter and water will lose an equal amount. The heat gained 
by the ice will be the heat to melt it, assuming that it is at 0°C when put into 
the calorimeter, plus the heat to warm it to the final temperature once it is 
all melted. This is, 

H 0 = nuLi + miS w (t f — 0) (5) 

where H a represents heat gained by the mass m, of melting ice whose heat of 
fusion Li is to be measured, S w is the specific heat of the water which was ice 
before it melted, and t f is the final temperature. The heat lost by the calo¬ 
rimeter and the water in it will be 

Hi = TtlrSr A/ f + A/ u . (6) 

where the symbols have meanings analogous to those following Eq. (2). The 
initial temperature should be about as far above room temperature as the 
latter is above the final temperature. In this case, the heat that is lost to the 
surroundings while the calorimeter is above room temperature is com¬ 
pensated by that gained while the calorimeter is below room temperature. 
The value of the heat of fusion L, is determined by equating H v and H { from 
Eqs. (5) and (6), and solving the resulting equation for L x . 

Example: When 150 gm of icc at 0°C are mixed with 300 gm of water at 50.0°C 
the resulting temperature is 6.7°C. Calculate the heat of fusion of icc. 

Heat lost by water = (300 gm)(1.00 cal/gm °C)(50.0°C — 6.7°C) = 13,000 cal 
Heat to melt ice = (150 gm)L, 

Heat to raise temperature of icc water to final temperature 

= (150 gm)(l.00 cal/gm °C)(6.7°C - 0°C) = 1000 cal 
Heat lost = heat gained 
13,000 cal = (150 gm )L X + 1000 cal 
Li = 80.0 cal/gm 

Any method of mixtures problem may be solved by choosing at will some 
standard state and then calculating the heat that would be gained or lost by 
each material in going from its initial condition to the standard state. 

Example: If 150 gm of ice at 0°C arc added to 200 gm of water in a 100-gin 
aluminum cup at 30°C, what is the resulting temperature? 

Here let us choose water at 0°C as the standard state. Next compare the heat 
gained by the icc in going to the standard state with the heat lost by the water and 
cup in cooling to 0°C. 

Heat gained by icc in melting = (150 gin)(80.0 cal/gm) = 12,000 cal 

Heat lost by cup = (100 gm)(0.212 cal/gm °C)(30°C — 0°C) = 640 cal 
Heat lost by water = (200 gm)(l .0 cal/gm °C)(30°C — 0°C) = 6000 cal 


262 


COLLEGE PHYSICS 


Since the-.melting of all the ice would require more heat (12,000 cal) than that avail¬ 
able from the water and cup (6600 cal), not all the ice will melt. The final tempera¬ 
ture will then be 0°C. The amount of ice remaining is given by 

(12,000 - 6600) cal 
m = -80.0 cal/gm = 67 gm 

Vaporization. Vaporization is the change of a substance into the state of 
a vapor or a gas. It may occur in three ways. 

Evaporation is the vaporization of a liquid at its surface only. This proceeds 
without visible disturbance. Liquids left in uncovered dishes generally dis¬ 
appear in time by evaporation. The rate of evaporation depends on the 
material and such factors as the temperature, the surface area, amount of 
ventilation, and the pressure exerted on the surface. Evaporation is a cooling 
process, since it is the more energetic molecules that are able to escape from 
the liquid. Rapid evaporation may cool the remaining liquid enough to 
freeze it. 

Boiling is the vaporization of a liquid in bubbles in the body of the liquid 
as well as at the free surface. It is accompanied by agitation of the liquid as 
the bubbles rise, expand, and burst. The boiling point of a liquid is the tem¬ 
perature at which its vapor pressure is equal to the pressure exerted on the 
liquid. The temperature at which a liquid boils at standard pressure, 76.0 
cm of mercury, is called its normal boiling point. 

Sublimation is the changing of a solid directly into a vapor without passing 
through a liquid state. Clothes hung to dry on a cold day may freeze and 
then dry. Solid carbon dioxide sublimes without wetting its container, hence 
its trade name “dry ice.” The odor of solid camphor and naphthalene (moth 
balls) is evidence that they sublime at room temperature. 

The Effect of Pressure on a Change of State. It is a familiar fact that 
at high altitudes where the atmospheric pressure is reduced water boils at 
temperatures lower than at sea level. On the other hand, if the pressure on 
the liquid surface is increased in a steam boiler or in a pressure cooker boiling 
occurs at temperatures higher than the normal boiling point. Boiling can be 
brought about either by increasing the temperature of a liquid until its vapor 
pressure is equal to the pressure on the liquid, or by reducing the pressure on 
the liquid to the value of the saturated vapor pressure. The vaporization 
curve of Fig. 3 represents conditions of equilibrium between the liquid and 
vapor states of water. 

The vaporization of water results in a large increase in the volume occupied 
by the molecules. An increase in pressure therefore raises the boiling point. 
The vapor pressure curve for water, OC in Fig. 3, shows that water can be 
boiled under reduced pressure at temperatures less than 100°C. 
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The freezing of a liquid is accompanied by a change of volume, although 
this change is much smaller than that which occurs on vaporization. For the 
few substances which, like water, expand on freezing, an increase in pressure 
lowers the freezing point. The line OA in Fig. 3 is the fusion curve for water. 
Each point on it represents a pressure and a temperature at which ice and 
water can exist together in equilibrium, the relative amounts of each remain¬ 
ing the same if no heat is added or removed. 

In ice skating or skiing a layer of ice or snow is melted even though the 
temperature is below 0°C owing to the momentary increase in pressure. The 
water film lubricates the skate or ski and refreezes as soon as the pressure is 
reduced, since its temperature is below 0°C. This process is called regelation. 



Fio. 3. Triple-point diagram for a substance such as water. (Not drawn to scale.) 

Triple Point. Three cases of equilibrium have been discussed, those 
between liquid and vapor, between solid and liquid, and between solid and 
vapor. In each case the temperature of equilibrium depends on the pressure. 
This dependence can be represented conveniently in an equilibrium graph 
in which the coordinates of the points plotted represent temperatures and 
the corresponding pressures for equilibrium between two states of the 
substance. 

In Fig. 3, the equilibrium curve OC shows the raising of the boiling point 
of the substance with increase of pressure. Curve OB shows the raising of the 
sublimation point with increase of pressure. Curve OA is typical of a sub¬ 
stance, which, like water, expands on freezing, and shows for such a sub¬ 
stance the lowering of the melting point with increase of pressure. 

It can be shown that for any substance the three equilibrium curves 

• 

intersect at a common point, 0 in Fig. 3, called the triple point, at which 
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conditions of temperature and pressure the three phases, solid, liquid, and 
saturated vapor, can exist together in equilibrium. For water the triple point 
is at 0.0075°C and 4.62 mm of mercury pressure. If these conditions are 
changed, one of the phases will disappear. If the temperature is raised, for 
example, the ice will melt and the state of the system (water and saturated 
vapor) will be represented by a point on curve OC. 

Consider a solid substance kept under constant pressure while its tem¬ 
perature is gradually increased. At each temperature its state will be repre¬ 
sented by a point on the line dg in Fig. 3. The substance will remain solid 
from d to e. At e , which represents the melting temperature, the solid sub¬ 
stance can exist in equilibrium with the liquid. From e to/ the substance will 
be in the form of liquid. At / the liquid and saturated vapor can exist to¬ 
gether. This is the lx)iling point for the substance at the pressure chosen. At 
higher temperatures, along fg, the vapor will be superheated and n$ longer 
saturated. 

Critical Point. An instructive experiment can be performed, with suit¬ 
able precautions, using a strong glass tube in which liquid carbon dioxide 
and carbon dioxide vapor have been sealed. As the tube is slowly heated, the 
meniscus (liquid-vapor boundary) can be observed to remain practically 
stationary, becoming flatter as the temperature increases. At 31 °C the 
meniscus vanishes. The density of the liquid has decreased with rising tem¬ 
perature and the density of the vapor has increased, until they became equal 
at 31 °C. The temperature at which the liquid and vapor densities of a sub¬ 
stance become equal is called its critical temperature. The pressure of the satu¬ 
rated vapor at this temperature is called the critical pressure. 

A vapor kept above its critical temperature will never form a meniscus, 
that is. it will never liquefy no matter how greatly it is compressed. Above the 
critical temperature and under high pressure the vapor may become as dense 
and as incompressible as the liquid at lower temperatures. The vaporization 
cun e OC of Fig. 3 or Fig. 4 terminates at the critical point C. For water the 
critical point is at 374°C and 218 atm pressure. 

When a substance in the gaseous state is below its critical temperature it is 
called a vapor: when above that temperature it is called a gas. Only gases 
well above the critical temperature obey the gas laws. Near the critical tem¬ 
perature there are marked departures from the gas laws. For saturated vapors 
the pressure is independent of volume. 

Humidity. At all times water is present in the atmosphere in one or 
more of its physical forms—solid, liquid, and vapor. The invisible vapor is 
always present in amounts that \arv over a wide range while water drops 
(rain or cloud) or ice crystals (snow or cloud) are usually present. 

11 a shallow pan of water is allowed to stand uncovered in a large room, the 
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liquid will soon disappear although the water will still be present as invisible 
vapor. If a similar pan of water is placed in a small enclosure, evaporation 
begins as before but after a time stops or becomes very slow and droplets 
begin to condense on the walls of the enclosure. The air is said to be saturated. 
When this condition has been reached, the addition of more water vapor 
merely results in the condensation of an equal amount. The amount of water 
vapor required for saturation depends upon the temperature (Table II); the 
higher the temperature the greater is the amount of water vapor required to 
produce saturation. If the air is not saturated, it can be made so either by 



Fio. 4. Triple-point diagram for CO a . 

adding more water vapor or by reducing the temperature until that already 
present will produce saturation. The temperature to which the air must be 
cooled, at constant pressure, to produce saturation is called the dew point. If 
a glass'of water collects moisture on the outside, its temperature is below the 

dew point. 

When the temperature of the air is reduced to the dew point, condensation 
takes place if there are present nuclei on which droplets may form. These 
may be tiny salt crystals, smoke particles, or other particles that readily take 
up water. In the open air such particles arc almost always present. In a closed 
space where such particles arc not present, the temperature may be reduced 
below the dew point without consequent condensation. The air is then said 
to be supersaturated. 

In a mixture of gases, such as air, the pressure exerted by the gas is the 
sum of the partial pressures exerted by the individual gases. The portion of 
the atmospheric pressure due to water vapor is called its vapor pressure. When 
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the air is saturated, the pressure exerted by the water vapor is the saturated 
vapor pressure. 

The mass of water vapor per unit volume of air is called the absolute 
humidity. It is commonly expressed in grains per cubic foot or in grams per 
cubic meter. Specific humidity is the mass of water vapor per unit mass of air 

TABLE II. SATURATED WATER VAPOR 
Showing pressure P and density d of aqueous vapor saturated at temperature /; 
or showing boiling point t of water and density d of steam corresponding to a pressure 


P. 


t , 

P, mm of 

d, 


P y mm of 

d. 

°c 

mercury 

gm/cm 3 

°C 

mercury 

gm/cm 3 

-10 

2.0 

2.2 X 10" 6 

60 

149.2 

130.5 X 10- 6 

-5 

3.0 

3.3 

70 

233.5 

198.4 

0 

4.6 

4.9 

80 

355.1 

298.8 

5 

6.5 

6.8 

90 

525.8 

424.1 

10 

9.2 

9.4 

95 

634.0 

505 

12 

10.5 

10.7 

96 

657.7 

523 

14 

12.0 

12.1 

97 

682.1 

541 

16 

13.6 

13.6 

98 

707.3 

560 

18 

15.5 

15.6 

99.0 

733.3 

579 

20 ' 

17.6 

17.3 

100.0 

760.0 

598 

22 

19.8 

19.4 

101 

787.5 

618 

24 

22.4 

21.8 

102 

815.9 

639 

26 

25.2 

24.4 

110 

1074.5 

827 

30 

31.8 

30.4 

120 

1489 

1122 

40 

55.1 

51.1 

200 

11,650 

7840 

50 

92.3 

83.2 ! 





and is expressed in grams per kilogram, grains per pound, etc. Specific 
humidity is more useful since it remains constant when pressure and tem¬ 
perature change, while the absolute humidity varies because of the change in 
volume of the air involved. 

Relative Humidity. Relative humidity is defined as the ratio of the actual 
vapor pressure to the saturated vapor pressure at that temperature. It is 
commonly expressed as a percentage. At the dew point the relative humidity 
is 100 per cent. From a knowledge of the temperature and dew point the rela¬ 
tive humidity can be readily determined by the use of the table of vapor 
pressures. 

Example: In a weather report the temperature is given as 68°F and the dew point 
50°F. What is the relative humidity? 
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To use Table II, we must change the temperatures to the centigrade scale. 

C = — 32°) 

C, = ^(68° - 32°) = ^(36°) = 20°C 
C 2 = 9-6(50° - 32°) = K(18°) = 10°C 


From the table we find the vapor pressures 

Pi = 17.6 mm of mercury = pressure of saturated vapor 

7*2 = 9.2 mm of mercury = actual vapor pressure 

_ Pi 9.2 mm of mercury' 

Relative humidity = jr = 17.6 mm of mercury 


= 0.52 = 52% 


Whenever the temperature of the air is reduced to the dew point, con¬ 
densation occurs. When the dew point is above the freezing point, water 
droplets arc formed; when it is below, ice crystals are formed. The formation 
of dew, frost, clouds, and fog are examples of this process. The cooling may be 
caused by contact with a cold surface, by mixing with cold air, or by expan¬ 
sion in rising air. 

Phases of Matter. Among the common materials are many that do not 
have definite melting points; for example, glass and butter. In a furnace, glass 
will gradually soften until it flows freely even though at ordinary tempera¬ 
tures it is quite solid. When it is solid it may be thought of as a supercooled 
liquid; it flows, but very slowly. Since it docs not have a definite melting 
point, it docs not have a heat of fusion. 

The specific heat of glass changes as the temperature rises. Such changes 
indicate transitions in the arrangement of the molecules. Specific heat 
measurements may be used by the ceramic engineer in studying the changes 
in these products as the temperature is varied. 

Many materials decompose at high temperatures and therefore do not 
exist in liquid and gaseous states. Some may exist in the liquid state but 
decompose before reaching the gaseous state. 

Since the chemical elements cannot be decomposed by heating, they arc all 
capable of existing in the solid, liquid, and gaseous states. Many of them have 
more than one solid state, as in the case of phosphorus, which is known in 
three solid phases: black, formed at very high pressures, and the more 
familiar red and yellow forms. Powdered sulphur results from a direct transi¬ 
tion of sulphur vapor to the solid state. If this powder is melted and then 
cooled, it solidifies normally. 

SUMMARY 

Heat is a form of energy. 

The most commonly used units of heat are the calorie and the British 
thermal unit. 
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The calorie is the amount of heat required to change the temperature of 
1 gm of water 1°C. 

The British thermal unit is the amount of heat required to change the 
temperature of 1 lb of water 1 °F. 

The specific heat of a substance is the heat per unit mass per degree required 
to change the temperature of the substance (Units: cal/gm °C or Btu/lb °F). 

The specific heat of water varies so slightly with temperature that for most 
purposes it can be assumed constant (1 cal/gm °C) between 0 and 100°C. 

The heat lost or gained by a body when the temperature changes is given 
by the equation 

H = mS At 

In a calorimeter the heat lost by the hot bodies is equal to the heat gained 
by the cold bodies. 

Heat lost = heat gained 

The heat ofifusion is the heat per unit mass required to change a substance 
from solid to liquid at its melting point. 

The heat of fusion of ice is approximately 80 cal/gm, or 144 Btu/lb. 

The heat of vaporization is the heat per unit mass required to change a sub¬ 
stance from liquid to vapor. 

The heat of vaporization of water at its normal boiling point is approxi¬ 
mately 540 cal/gm, or 970 Btu/lb. It depends on the temperature at which 
vaporization takes place. 

The boiling point of a liquid is raised by an increase in pressure. 

The freezing point of water and of the few materials which expand on 
freezing is lowered by an increase in pressure. The freezing point of sub¬ 
stances which contract on freezing is raised by an increase in pressure. 

The triple point is the condition of pressure and temperature at which the 
three phases can coexist in equilibrium. 

The critical point is the condition of pressure and temperature at which a 
liquid and its vapor are indistinguishable. The critical temperature is the 
highest temperature at which a gas can be liquefied by pressure alone. 

Absolute humidity is the mass of water vapor per unit volume of air. Specific 
humidity is the mass of water vapor per unit mass of air. 

Relative humidity is defined as the ratio of the actual vapor pressure to the 
saturated vapor pressure at that temperature. 

The dew point is the temperature to which the air must be cooled, at con¬ 
stant pressure, to produce saturation. 

QUESTIONS 

1 . What is the distinction between quantity of heat and temperature? 

2. What is the experimental evidence for considering heat to be a form of energy? 
To what general principle does this lead? 
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3. What is the physical distinction between a solid, a liquid, and a gas? What is 
the distinction between a vapor and a gas? 

4. Which produces a more severe burn, boiling water or steam? Why? 

5. Which would be liable to explode with greater violence, a high-pressure steam 
boiler or a tank containing air at the same pressure? Why? 

6. At how low a temperature can water be made to boil? 

7. What value would you expect to find approximately for the heat of vaporiza¬ 
tion of water at 0°C? 

8. A tall vertical pipe is closed at the bottom, filled with water, and heated at 
the bottom by a bunsen burner. Water and steam erupt from the tube as from a 
geyser. Explain. 

9. One sometimes places a tub of water in a fruit storage room to keep the tem¬ 
perature above 30°F during a cold night. Explain. 

10. In what sense is freezing a heating process? How does the heat thus produced 
protect plant 6 and temper the climate? 

11. Why should foundation walls extend below the frost line? 

12. In terms of molecular theory what happens when a liquid is evaporating? Why 
is a liquid cooled by evaporation? 

13. A piece of blotting paper is placed in a beaker of ether with part of the blotter 
protruding over the edge of the beaker. Soon “frost” is noticed on the protruding 
portion of the blotter. Explain. 

14. How is rcgelation involved in the motion of a glacier? 

15. Why do water pipes occasionally burst in winter? 

16. The temperature at the bottom of deep bodies of water is nearly constant. 
What temperature would you expect to find at the bottom of Lake Eric? Explain. 

17. What condition must be satisfied before a gas may be liquefied by pressure? 

18. In a heating system that circulates hot air in a house, it is usually desirable 
to add moisture to the air. Explain why this is necessary. 

19. What precisely is the dew point and what does it indicate? Is the dew point 
a fixed point in the sense that the freezing point is? 


PROBLEMS 

1. How much heat is required to raise the temperature of 500 lb of iron from 
32°F to 212°F? 

2. A cylindrical water tank 3.0 m in diameter is filled with water to a depth of 
4.5 m. What will be the rise in temperature per hour if 1.5 cal/sec enter through each 
square centimeter of the bottom? Neglect the heat supplied to the tank itself. 

Ans. 12°C/hr 

3. If 1000 liters of air at 27°C and pressure of 1.0 atm have a mass of 1115 gm and 
have heat capacity at constant pressure of 0.24 cal/gm C, how much heat is required 
to raise the temperature of this gas from 27 to 177 C at constant pressure? 

4 . How much heat is required to raise the temperature of 1.5 lb of water in an 
8.0-oz aluminum vessel from 48°F to the boiling point, assuming no loss of heat to 

the surroundings? ^' /s - ^ tu 

5. Calculate the amount of energy required to heat the air in a house 30 by 50 
by 40 ft from 10 to 70°F. The density of air is about 0.080 lb/ft* and its specific heat 
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at constant pressure is approximately 0.24 Btu/lb °F. Discuss the assumptions made 
in your calculations. 

6 . If all the energy of falling water is converted into heat, what is the difference 

in the temperature of the water at the top of a 78-ft waterfall and the temperature of 
the water at the bottom of the fall? (778 ft-lb = 1 Btu.) Ans. 0.10°F 

7. A tank of 10.0-ft 3 capacity is half filled with glycerin. The weight density 
of the glycerin is 78.6 lb/ft 3 and its specific heat is 0.57 Btu/lb °F. ( a ) How much heat 
is needed to raise the temperature of the glycerin from 40 to 70°F? (b) If heat is sup¬ 
plied to the glycerin at the rate of 750 Btu/min, at what rate does its temperature 
rise? 

8 . A 3.0-lb lead ball at 160°F is dropped into 5.0 lb of oil (specific heat 0.60 
Btu/lb °F) at 70°F contained in a 4.0-lb copper vessel. Assuming heat exchanges to 
be restricted to this system, what temperature will be reached finally by the mixture? 

Ans. 72°F 

9. A 100-lb casting was cooled from 1300°F (red hot) to 200°F by placing it in 
water whose initial temperature was 50°F. How much water was used? The specific 
heat of iron is approximately 0.12 Btu/lb °F for this temperature range. What heat 
effect is neglected in your calculations? 

10. There are 100 gm of water in a brass calorimeter of mass 200 gm. It is found 

that 590 cal arc required to raise the temperature of water and container 5.0°C. What 
is the specific heat of brass? Ans. 0.090 cal/gm °G 

11. When 200 gm of aluminum at 100°C are dropped into an aluminum calorim¬ 
eter of mass 120 gm and containing 150 gm of kerosene at 15°C, the mixture reaches 
a temperature of 50°C. What is the specific heat of kerosene? 

12. Find the resulting temperature when 80 gm of iron shot at 100.0°G are 

dropped into 200 gm of water at 20.0°C contained in an iron vessel of mass 50 gm 
(specific heat 0.12 cal/gm °C). Ans. 24°C 

13. A 30-gm piece of ice at — 20°C is dropped into a 25.0-gm calorimeter of specific 
heat 0.20 cai gm °C containing 100 gm of water at 35.0°C. The final equilibrium 
temperature, corrected for thermal leakage, is found to be 7.2°C. What is the spe¬ 
cific heat of the ice? 

14. A 150-gm iron ball at 95°C is dropped into a cavity in a block of ice. The 
cavity is then found to contain 21.0 gm of water. Calculate the heat of fusion of ice. 

Ans. 79.4 cal/gm 

15. When 30 gm of ice at — 10°C are added to a 50-gm copper calorimeter con¬ 
taining 100 gm of water at 35°C, what final temperature is reached, assuming no heat 
gain or loss from outside the system? 

16. \\ hen 1 .445 gm of coal are completely burned in a special calorimeter, the 

temperature of the 2510 gm of water is raised from 74.85 to 82.65°F. ( a ) How much 
heat is given to the water as a result of the combustion of the coal? (5) What is the 
heat of combustion of the coal? Ans. 10,900 cal; 7540 cal/gm 

17. A 1.0-lb iron ball at 210°F is dropped into a cavity in a block of ice. If it melts 
0.14 lb ol ice in cooling to the temperature of the ice, what is the specific heat of the 
iron? 
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18. How much energy must be removed by the refrigerator coils from a 0.50-lb 

aluminum tray containing 3.0 lb of water at 70°F to freeze all the water, and then 
to cool the ice to 10°F? Ans. 580 Btu 

19. A certain refrigerator contains 2500 gm of water and 5000 gm of food (spe¬ 
cific heat 0.90 cal/gm °C). Find the mass of ice required to cool the contents of the 
refrigerator from 30 to 10°C if the ice water drains out at 0°C. 

20. A 2.0-lb aluminum pail contains 20 lb of water at 70°F. What mass of ice at 

the melting point must be placed in the pail to cool the water to 50°F, assuming the 
heat exchanges to be limited to pail and its contents? Ans. 2.5 lb 

21. Water is heated in a boiler from 100 to 284°F where, under a pressure of 52.4 
lb/in. 2 , it boils. The heat of vaporization of water at 284°F is 511.5 cal/gm, or 920. 
Btu/lb. How much heat is required to raise the temperature and to evaporate 500 
gal of water? 

22. How many calories are needed to change 20.0 gm of water at 25 C to steam at 
150°C? Assume the numerical value for the specific heat of steam to be 0.50. 

Ans. 1 3,000 cal 

23. A certain industrial process requires heating 2500 lb of water per hour from 
40 to 160°F. This is accomplished by passing steam into a coil immersed in the water. 
The stAm enters at a temperature of 302T. How many pounds of steam must be 
supplied to the heating coil per hour? The specific heat of steam is 0.48 Btu lb °F. 

24. How many Btu’s are needed to change 50 lb of ice at 12°F to steam at 232°F? 

Ans. 66,000 Btu 

25. A copper vessel weighing 0.50 lb and containing 2.0 lb of ice, all at a tempera¬ 
ture of 20°F, is placed in a calorimeter of negligible heat capacity containing 6.0 lb 
of water at 70°F. What mass of steam at 212°F would have to be condensed in the 
calorimeter to heat the mixture to 70°F? 

26. In a room where the temperature is 24°C an experiment shows the dew point 

to be 12°C. What is the relative humidity? Ans. 47% 

27. In which case docs the air hold more water vapor: (a) temperature 32°F, 
dew point 32°F, or ( b ) temperature 80°F, dew point 50°F? What is the relative hu¬ 
midity in each case? 

28. Air at a temperature of 22°C and relative humidity 70% is cooled to 18°C. 

What is then its relative humidity? Ans. 90% 

29. The relative humidity in a certain room is 60% at 20°C. (a) Calculate the 
relative humidity if the temperature drops to 15°C. ( b) What is then the dew point? 

30. What is the value of the relative humidity in a room where the temperature is 

26°C and in which dew begins to form on the outside of a pitcher of iced water at a 
temperature of 10°C? Ans. 37% 

31. Calculate the pressure due to dry air when the relative humidity is 85%, the 
temperature 22°C, and the barometric reading 745.5 mm of mercury. 

32. The pressure of saturated water vapor at 23.0°C and 12.0°C is equal to 21.0 

and 10.5 rnm of mercury, respectively. What is the relative humidity when the tem¬ 
perature is 23.0°C, the dew point is 12.0°C, and the height of mercury in the barom¬ 
eter is 30 in.? Ans. 50% 
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33. How many pounds of water must be evaporated in an auditorium 50 ft by 
20 ft by 100 ft to raise the relative humidity from 20 to 60%, the temperature remain¬ 
ing constant at 70°F? The density of saturated water vapor at 70°F is 0.00112 lb/ft 3 . 

34. How many grams of water must be evaporated into a room 20 by 40 by 6.0 m 
to raise the relative humidity from 10 to 60%, with the temperature constant at 20°C? 

Ans. 42 kg 

35. Outdoor air at 30°C and 90 % relative humidity is drawn into an air-condition¬ 
ing system where it is first chilled to 12°C in a water spray and then allowed to 
warm to 22°C without the addition of moisture, (a) What is the relative humidity 
of the conditioned air? ( b) How much moisture is removed from each cubic meter 
of air treated? 

36. An airtight room contains 65 m 3 of air at a temperature of 22°C, 760 mm of 
mercury pressure, and 20% relative humidity, (a) What is the dew point in the room? 
( b ) How much water must be added to the air of the room to raise the relative hu¬ 
midity to 50 %? (c) If all the water vapor in the air of the room were removed, what 
would be the pressure exerted by the air, if the temperature remained at 22°C? 

Ans. —2°C; 380 gm; 756 mm of mercury 
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Heat Transfer 


Heat is the most common form of energy. Every object that we see or feel 
possesses heat energy. Heat is continually being transferred from one body 
to another. 

The engineer is concerned with heat and its flow. Sometimes he wants to 
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get it from one place to another. Heat must be transferred from the firebox 
to the water in a boiler, or from the automobile engine to the surrounding air. 
In other cases the engineer tries to prevent the flow of heat, as from the fire¬ 
box to the surrounding room or from the welder’s tongs to his hand. In the 
first problem he is confronted with the fact that there are no perfect con¬ 
ductors of heat. The second problem, that of heat storage, is complicated by 
the fact that there are no perfect heat insulators, so that one cannot confine 
heat. In order to utilize heat to the best advantage, it is necessary to know 
the laws that govern heat transfer. 

Heat Flow. Heat is always being transferred in one way or another, 
wherever there is any difference in temperature. Just as water will run down 
hill, always flowing to the lowest possible level, so heat, if left to itself, flows 
down the temperature hill, always warming the cold objects at the expense 
of the warmer ones. The rate at which heat flows depends on the steepness of 
the temperature hill as well as on the properties of the materials through 
which it has to flow. The difference of temperature per unit distance is called 
the temperature gradient in analogy to the idea of steepness of grade, which 
determines the rate of flow of water. 

Types of Heat Transfer. There are three ways in which heat is trans¬ 
ferred. Since heat itself is the energy of molecular activity, the simplest mode 
of transfer of heat, called conduction , is the direct communication of molecular 
disturbance through a substance by means of the collisions of neighboring 
molecules. Convection is the transfer of heat from one place to another by 
actual motion of the hot material. Heat transfer is accomplished also by a 
combination of radiation and absorption. In the former, heat energy is trans¬ 
formed into radiant energy, similar in nature to light. In fact, a part of such 
radiant energy is light. While in the form of radiation, the energy may travel 
a tremendous distance before being absorbed or changed back into heat. 
For example, energy radiated from the surface of the sun is converted into 
heat at the surface of the earth only eight minutes later. 

Conduction. Conduction of heat is important in getting the heat from 
the fire through the firebox and into the air or water beyond. Good heat 
conductors, such as iron, arc used for such jobs. To keep heat in, poor con¬ 
ductors, or insulators, are used, the amount of flow being reduced to the 
smallest level that is consistent with other necessary properties of the material, 
such as strength and elasticity. The amount of heat that flows through any 
body by conduction depends upon the time of flow, the area through which 
it flows, the temperature gradient, and the kind of material. Stated as an 
equation 


H = kAt ~ 
A L 


(1) 
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where k is called the thermal conductivity of the material, A is the area measured 
at right angles to the direction of the flow of heat, / is the time the flow con¬ 
tinues, and AT/ AL is the temperature gradient. 

The symbol AT represents the difference in tem¬ 
perature between two parallel surfaces distant AL 
apart (Fig. 1). 

In the British system these quantities are usually 
measured in the following units: H in Btu, A in 
square feet, t in hours, AT in °F, and AL in inches. 

The thermal conductivity k is then expressed in 
Btu/(ft 2 hr °F/in.). The corresponding unit of k in 
the metric system is cal/(cm 2 sec °C/cm). 

Example: A copper kettle, the circular bottom of which 
is 6.0 in. in diameter and 0.062 in. thick, is placed over a 
gas flame. Assuming that the average temperature of the 
outer surface of the copper is 300°F and that the water 
in the kettle is at its normal boiling point, how much 
heat is conducted through the bottom in 5.0 sec? The thermal conductivity may be 
taken as 2480 Btu/(ft 2 hr °F/in.). 

AT 



Fig. 1. Heat conduc¬ 
tion through a thin plate. 


H = kAt 


AL 


The area A of the bottom is 


A = = 7T (y^ ft)' = 0.20 ft 2 


AT 

AL 

H 


5-0 L 

' = 5 0 scc “ 3600 hr 
300°F - 212°F 


-( 


0.062 in. 

Btu 


2480 


ft 2 hr °F/i 


= 1400 °F/in. 

jn ) ( 0.20 ft*) ( 3 ^ n hr) (1400 «F/in.) 


— 960 Btu 


There are large differences in the thermal conductivities of various ma¬ 
terials. Gases have very low conductivities. Liquids also are, in general, quite 
poor conductors. The conductivities of solids vary over a wide range, from 
the very low values for asbestos fiber or brick to the relatively high values for 
most metals. Fibrous materials such as hair felt or asbestos arc very poor 
conductors (or good insulators) when dry; if they become wet, they conduct 
heat rather well. One of the difficult problems in using such materials for 
insulation is to keep them dry. 

Convection. The heating of buildings is accomplished largely through 
convection. Air heated by contact with a stove (conduction) expands, be- 
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TABLE I. THERMAL CONDUCTIVITIES (NEAR 20°C) 


Substance 

cal/(cm 2 sec °C/cm) 

Btu/(ft 2 hr °F/in.) 

Silver. 

0.990 

2870 

Copper. 

0.918 

2660 

Aluminum. 

0.504 

1460 

Steel. 

0.11 

320 

Oak, across grain. 

0.048 

140 

Concrete. 

0.0041 

12.0 

Glass. 

0.0025 

7.2 

Brick. 

0.0017 

5.0 

Water. 

0.0014 

4.1 

Hydrogen. 

0.00038 

1.1 

Corkboard. 

0.00010 

0.30 

Glasswool. 

0.00009 

0.27 

Air. 

0.000053 

0.15 


comes less dense, and is then forced upward by the denser cold air around it. 
More cold air thus comes in contact with the stove setting up a circulation, 
which distributes warm air throughout the room. When these convection 
currents are enclosed in two sets of pipes, one for the ascending hot air and 

another for the descending cold air, 
heat from a single furnace can be 
distributed throughout a large build¬ 
ing (Fig. 2). In order to provide a 
supply of fresh air, the cold-air return 
pipe is often supplemented or even 
replaced by a connection to the out¬ 
side of the building. 

Land and sea breezes are local 
convection currents in the atmos¬ 
phere. During the day the land be¬ 
comes warmer than the nearby water 
because it absorbs heat more rapidly 
and also because its specific heat is 



Fio. 2. Heating by convection. 


lower than that of the water. The warmer air above the earth expands, rises, 
and is displaced by the cooler sea air (Fig. 3). During the night the land loses 
heat by radiation more rapidly than does the sea, and the direction of cir¬ 
culation of the air is reversed, giving an offshore breeze. 

In water, as in air, the principal method of heat transfer is convection. If 
heat is supplied at the bottom of a container filled with water, convection 
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currents will be set up and the whole body of water will be warmed. If, 
however, the heat is supplied at the top of the container, the water at the 
bottom will be warmed very slowly. For example, if the top of a test tube 
filled with water is placed in a flame, the water in the top of the tube can be 
made to boil vigorously before the bottom of the tube begins to feel warm 
to the hand. 

Convection currents in water can be made visible in a glass tube bent into 
rectangular shape (Fig. 4) and heated below one vertical arm. The liquid 
in that column expands and is pushed upward by the denser liquid in the 



Fic. 3. Convection currents in the Fig. 4. Convection 

atmosphere. currents in water. 


neighboring arm. If a few drops of ink or dye arc added at the top, the circu¬ 
lation of the water is made clearly visible. Convection is the transport of heat 
in this manner by the motion of the substance containing it. Convection cur¬ 
rents are utilized in hot-water heating systems, in which the hot water rises 
through the pipes, circulates through the radiators, and sinks again when 
cooled, forcing up more hot water. The calculation of the amount of heat 
that will be carried away from a certain surface, such as a boiler tube, by 
convection is generally difficult, since this mode of heat transfer is influenced 
by more variables than is either conduction or radiation. For this reason, 
problems involving heat transfer by convection are usually solved by approxi¬ 
mate relations found by trial. 

Since convection is a very effective method of heat transfer, it must be 
considered in designing a system of insulation. If large air spaces arc left 
within the walls of a house, convection currents arc set up readily and much 
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heat is lost. If, however, the air spaces are broken up into small, isolated 
regions, no major convection currents are possible and little heat is lost by 
this method. For this reason the insulating material used in the walls of a 
refrigerator or in a house is a porous material—cork, rock wool, glass wool, 
or other materials of like nature. They are not only poor conductors in them¬ 
selves but they leave many small air spaces, which are very poor conductors 
and at the same time are so small that no effective convection currents can 

be set up. 

Radiation. The transfer of heat by radiation does not require a material 
medium for the process. Energy traverses the space between the sun and the 
earth and, when it is absorbed, it becomes heat energy. Energy emitted by 
the heated filament of an electric lamp traverses the space between the fila¬ 
ment and the glass even though there is no gas in the bulb. Energy of this 
nature is emitted by all bodies. A body, which absorbs this radiant energy, 
converts the energy into heat, with a resulting increase in the random motion 
of its molecules. 

All hot bodies emit radiant energy. Radiant energy travels out from a hot 
stove until it encounters some object where, in general, it is partly reflected, 
partly absorbed, and partly transmitted. In every way it behaves in the same 
manner as light except that it does not produce the sensation of sight. Heat 
radiation differs from light only in being of longer wavelengths. 

There are large differences in the transparency of various substances to 
heat radiations. Certain materials, such as hard rubber, nickel oxide, special 
glasses, or a deep-black solution of iodine in carbon disulphide, which arc 
opaque to light, arc almost perfectly transparent to heat radiation. Ordinary 
window glass, quite transparent optically, absorbs all heat radiations. The 
glass roof of a greenhouse is transparent to the visible and near infrared radia¬ 
tions received from the sun and admits them. Their energy is converted into 
heat when they are absorbed by the objects inside the greenhouse. These 
objects become warmer and themselves radiate energy. But since their 
temperatures are not high, the heat radiation they emit is not identical 
with the radiation that entered. Glass does not transmit this heat radiation, 
and hence the energy radiated by the bodies in the greenhouse cannot get 
out. A greenhouse thus acts as an energy trap and, since heat losses by 
radiation and convection are largely prevented, the temperature inside is 
greater than the temperature outside when the greenhouse receives direct 
sunlight. 

The Ideal Radiator. An ideal blackbody is defined as one which absorbs 
all the radiation which falls upon it. No perfect blackbody is known, but a 
surface coated with lampblack is a very good approximation. A hole bored 
through the wall of a metal tube appears darker than the surrounding surface 
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because almost all the light entering the hole is absorbed. Thus a cavity 
having only a small aperture is almost a blackbody in the technical sense of 
absorbing all radiation incident upon it. 

Objects whose surfaces are in such condition that they are good absorbers 
of radiation are also good radiators. If two silver coins one of which has been 
blackened are placed in a small furnace, the blackened surface will absorb 
more radiation than the bright surface. The blackened surface will also 
radiate faster than the polished surface if the two are held at the same tem¬ 
perature. A blackbody is the ideal radiator. 

Theory of Exchanges. The rate at which a body radiates energy 
depends only on its temperature and the 
nature of its surface. The rate of radiation 
increases very rapidly as the temperature 
rises. But all objects radiate. Prcvost stated 
in the form of a theorem the idea that all 
objects continuously radiate heat to their 
surroundings and receive heal from their 
surroundings. When the temperature of a 
body remains constant it is receiving heat 
at the same rate as that at which it is 
radiating. A piece of metal left in the sun 
rises in temperature until it loses heat at 
the same rate at which it absorbs heat. A 
piece of ice radiates energy less rapidly 
than one’s hand held near it and thus 
seems cold, while a heated iron radiates 
energy faster than the hand and thus seems warm. 

A thermos bottle (Fig. 5) illustrates how the principles of heat transfer 
may be used to decrease the amount of heat flowing into (or out of) a con¬ 
tainer. It consists of two bottles, one inside the other, touching each other 
only at the neck. The space between the two bottles is evacuated and the 
surfaces are silvered. Transfers by conduction are minimized by using a very 
small area of a poorly conducting material; those due to convection are 
lessened by removing the air. The transfer by radiation is made small because 
the polished silver acts as a poor emitter for one surface and a poor absorber 
for the other. 

Rate of Radiation. The law that expresses the total energy of all wave¬ 
lengths radiated from a blackbody at a given temperature was stated origi¬ 
nally by Stefan on the basis of careful measurements of the energy radiated 
from a blackbody cavity. Subsequently Boltzmann derived the same law 
from thermodynamic theory. The rate P at which energy is radiated by a 


S/L ITERED 
SURFACES 


VACUUM 



Fig. 5. Dewar, or thermos, flask. 
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blackbody is proportional to the area of the body and to the fourth power 
of its absolute temperature. 

P = a AT* * ( 2 ) 

The relation expressed by Eq. (2) is called the Stejan-Boltzjnann law. If the 
power P is in watts, the area A in square centimeters, and the absolute tem¬ 
perature T is in degrees Kelvin, the constant <j has the value 5.70 X 10 -12 
watt/cm 2 (°K) 4 . It is important to note that a non-black body will radiate at 

a smaller rate. 

A blackbody at temperature T radiates energy and also receives energy 
from its surroundings at temperature To. According to Prevost’s theorem of 
heat exchanges, the net rate at which the body loses heat by radiation is the 
difference between the rate at which it receives energy and the rate at which 

it loses energy: 

P = aA(T* - To 4 ) ( 3 ) 


For the case of small temperature differences, the rate of cooling is propor¬ 
tional to the difference in temperature. 


P = cA(T — To) ( 4 ) 

This is Newton's law of cooling. It is a valid approximation in the transfer of 
heat from a radiator to a room, the loss of heat through the walls of a room, 
or the cooling of a cup of coffee on the table. 


Example: What power is radiated from a tungsten filament 20 cm long and 
0.010 mm in diameter when the filament is kept at 2500°K in an evacuated bulb? 
The tungsten radiates at 30 per cent of the rate of a blackbody at the same tempera¬ 
ture. Neglect conduction losses. 


A = tt(0.0010 cm) (20 cm) = 0.0628 cm* 
T* = (2500°K) 4 = 39.1 X 10 ,2 (°K) 4 

From Eq. (2) 


P = 0.30 a AT* 

p = (0.30)[5.70 X 10- ll watt/cm 2 (°K) 4 ](0.0628 cm s )[39.1 X 10 ,2 (°K.) 4 ] = 4.2 watts 


SUMMARY 

Heat is the most common form of energy. « 

The three ways in which heat may be transferred from one place to another 

arc conduction , convection , and radiation-absorption. 

Conduction is heat transfer from molecule to molecule through a body, or 

through bodies in contact. 

Temperature gradient is temperature difference per unit distance along the 
direction of heat flow. It may have units in degrees centigrade per centimeter, 
degrees Fahrenheit per inch, etc. 
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Thermal conductivity k is a quantity that expresses how well a substance con¬ 
ducts heat. It may have units of calories per square centimeter per second 
for a gradient of l°C/cm or Btu per square foot per hour for a gradient of 

l°F/in. 

k = -JL _ 

At(AT/AL) 

Convection is heat transfer due to motion of matter caused by change in 
density. 

In the process of radiation energy is transferred, without the aid of a ma¬ 
terial, from one body to another where, upon absorption , it again becomes * 
energy of thermal motion. Radiant energy travels as an electromagnetic 
wave. 

Good absorbers of radiation arc also good radiators. A blackbodv is a perfect 
absorber of radiation and an ideal radiator. 

The total energy radiated per unit time by a blackbody is proportional 
to the fourth power of its absolute temperature (Stcfan-Boltzmann law). 

P = a AT A 
QUESTIONS 

1. What kinds of bodies are good insulators? Why? 

2. Why does iron seem colder to the touch than wood in winter weather? 

3. A piece of paper wrapped tightly on a brass rod may be held in a gas flame 
without being burned. If wrapped on a wooden rod, it burns quickly. Explain. 

4. Explain why a moistened finger may freeze quickly to a piece of metal on a 
cold day but not to a piece of wood. 

5. Can you suggest an apparatus to demonstrate the differences in thermal con¬ 
ductivities of various metals, which gives results that do not depend also on differ¬ 
ences in the specific heats? 

6. What is the role of molecular action in convection and in conduction? 

7. Why does a chimney “draw” poorly when a fire is first lighted? 

8. Does warm air over a fire rise, or is it pushed up? Explain. 

9. Why is a hollow wall filled with rock wool a better insulator than when filled 
with air alone? 

. 10. What is the pur|>osc of the inert gas in modern tungsten filament lamps? 

11. A test tube filled with water is inclined so that the flame pf a Bunsen burner 
reaches only the upper part of the tube. It is found that the lower part of the tube 
can be held in the hand painlessly indefinitely. If, however, the positions of hand and 
flame are interchanged, the tube cannot long be held. What do you conclude from 
these observations? 

12. Conduits for hot-air heating systems are frequently made of bright sheet 
metal. The addition of a layer of aslxstos paper on the conduit may actually increase 
the loss of heat through the surface. Explain. 
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13. Explain how a thermos flask minimizes energy losses from convection, con¬ 
duction, and radiation. 

14. Describe a means for detecting radiant energy. 

15. How do you account for the effectiveness of glasshouses in keeping plants warm? 

PROBLEMS 

1. How much heat is conducted in 1.0 hr through an iron plate 2.0 cm thick 
and 1000 cm 1 in area, the temperatures of the two sides being kept at 0 and 20 C? 

2. A certain window glass, 30 in. by 36 in., is M in. thick. One side has a uniform 

temperature of 70°F, and the second face a temperature of 10°F. What is the tem¬ 
perature gradient? Ans. 480°F/in. 

3. The thermal conductivity of window glass is approximately 7.24 Btu/(ft 2 hr 
°F/in.) at ordinary temperatures. Find the amount of heat conducted through the 
window glass of problem 2 in 1.0 hr. 

4. A copper kettle, the bottom of which has an area 0.20 ft 2 and thickness 0.062 

in., is placed over a gas flame. Assuming that the average temperature of the outer 
surface of the copper is 300°F and that the water in the kettle is at its normal boiling 
point, how much heat is conducted through the bottom in 1.0 min? The thermal 
conductivity of copper is 2480 Btu/(ft 2 hr °F/in.). Ans. 11.7 X 10 s Btu 

5. How much heat is conducted through a sheet of plate glass, k = 0.0024 
cal/(cm 2 sec °C/cm), which is 2.0 m by 3.0 m and 5.0 mm thick, when the tempera¬ 
tures of the surfaces are 20 and — 10°C, respectively? Why is considerably less heat 
transmitted through a window glass of these dimensions when room temperature is 
20°C and the outdoor temperature is — 10°C? 

6. A certain thermal conductivity is expressed in the units Btu/(ft 2 sec °F/in.). 
Derive expressions for expressing its value (a) in cal/(cm 2 sec °C/cm) and (b) in 
joulcs/(cm ; sec °C/cm). 

7. The value of a thermal conductivity is known in cal/(cm 2 sec °C/cm). By 
what factor should this value be multiplied to express it in Btu/'(ft 2 hr °F/in.)? 

Ans. 2901 

8. A copper rod whose diameter is 2.0 cm and length 50 cm has one end in 

boiling water, the other end in a jacket cooled by flowing water which enters at 10 C. 
The thermal conductivity of the copper is 1.02 cal/(cm 2 sec °C/cm). If 200 gm of 
water flow through the jacket in 6.0 min, by how much does the temperature of this 
water increase? Ans. 10 C 

9. If the thermal conductivity of oak is 1.02 Btu/(ft 2 hr °F/in.), how much heat 
will pass in 24 hr through a door 3.0 by 7.0 ft whose thickness is 1.5 in., when the 
inside and outside temperatures arc 72° and 10°F, respectively? 

10. When one end of a copper rod 30 cm long and 8.0 mm in diameter is kept in 
boiling water at 100°C and the other end is kept in ice, it is found that 1.2 gm of ice 
melt per minute. What is the thermal conductivity of the rod? 

Ans. 0.96 cal/(cm 2 sec °C/cm) 

11. A cast-iron skillet has a bottom area of 250 cm 2 and is 5.0 mm thick. The iron 
has a thermal conductivity of 0.11 cal/(cm 2 sec°C/cm). If a temperature difference 
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of 10.0°C is maintained between the bottom surfaces, how many calories are trans¬ 
mitted through the bottom in 5.0 min? 

12. Approximate values of the thermal conductivities of the following materials 

are: oak, 1.02 Btu/(hr ft 2 °F/in.); brick, 4.5; concrete, 7.5. What thickness of each 

would have the same insulating value as 0.50 in. of corkboard (conductivity 0.30)? 

Ans. 1.7 in., 7.5 in., 12.5 in. 

13. The thermal insulation of a woolen glove may be regarded as being essen¬ 
tially a layer of quiescent air 3.0 mm thick, of conductivity 5.7 X 10" 5 cal/(cm 2 sec 
°C/cm). How much heat does a person lose per minute from his hand, of area 

200 cm 2 and skin temperature 35°C, on a winter day at " 5 C? 

14. How much steam will be condensed per hour on an iron pipe 2.0 cm in mean 

radius and 2.0 mm thick, a 60-cm length of which is in a steam chamber of 100 C 

if water at an average temperature of 20°C flows continuously through the pipe. 

The coefficient of thermal conductivity for iron is 0.18 cal (cm- sec C , cm). 

Ans. 360 kg 

15. The bottom of a copper kettle, k = 0.91 cal/(em- sec "C/cm), is 1.5 mm thick 
and 300 cm’ in area. The kettle contains water at 100°C and the outs.de surface of 
the bottom of the kettle is a, a temperature of 103°C. W Approximately how much 
heat is transmitted to the water in 15 min? (4) What is the larges, amount of water 
that could be vaporized at 100°C in 1.0 min by the heat conducted through the 

bottom of the kettle? , . . 

16. A copper rod whose diameter is 2.0 cm and whose length is 50 cm has one 

end in boiling water and the other in a block of ice. The thermal conduct.v.ty of the 
copper is 1.02 cal/(cm 5 sec ’C/cm). How much ice will be melted in 1.0 hr if 25 „ of 

the heat escapes during transmission? ns • S™ 

17 A ship has a steel hull 2.54 cm thick whose thermal conductivity is 0.11 

cal/(cm 2 see °C/cm). A layer of insulating material 5.0 cm thick having a thermal 

conductivity of 10 X 10' 6 cal/(cm 2 sec °C/cm) lines the hull. When the temperature 

inside the ship is 25.0°C and the temperature of the surrounding water is 5.0 C, 

what is the temperature on the inside surface of the steel hull? What is the difference 

in temperature between the inside and outside of the insulating layer? How many 

calories are transmitted through each square meter of the hull per minute? 

18. What will be the rise in temperature in 30 min of a block of copper of 500-gm 
mass if it is joined to a cylindrical copper rod 20 cm long and 3.0 mm in diameter when 
there is maintained a temperature difference of 80°C between the ends of the rod? 

The thermal conductivity of copper is 1.02 cal/(cm 2 sec °C/cm). Neglect heat losses. 

Ans. 11.3 C 

19. A composite wall consists of three layers each one inch thick whose thermal 
conductivities arc 0.010, 0.020, and 0.030 Btu/(ft 2 sec °F/in.), respectively. What 
conductivity should a single layer of material 3.0 in. thick have to transmit the same 
heat flow for the same temperature difference? Arts. 0.016 Htu/(sec ft 2 °F/in.) 

20. Heat is conducted through a slab composed of parallel layers of two different 

conductivities, 0.0050 and 0.0025 cal/(cm* sec °C/cm) and thicknesses^0.36 and 
0.48 cm, respectively. The temperatures of the outer faces of the slab are 96° and 8°C. 
Find (a) the temperature of the interface, and (b) the temperature gradient in each 
material. Ans. 72°C; 67°C/cm; 130°C/cm 
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21. The wall of an industrial refrigerator is made of concrete 8.0 in. thick which 
has a conductivity of 7.5 Btu/(ft 2 hr °F/in.), lined with 2.0 in. of corkboard having a 
conductivity 0.32 Btu/(ft 2 hr °F/in.). The temperature inside the refrigerator is 
maintained at 40°F while the outside temperature is 80°F. Find ( a ) the temperature 
of the outer surface of the corkboard, and {b) the heat conducted through each square 
foot of wall in one day. 

22. An insulated chest for storing “dry ice” consists of a pine box lined with glass 
wool. The outside dimensions of the cubical box are 2 ft 4 in. The wood is 0.50 in. 
thick and has a conductivity of 0.78 Btu/(ft 2 hr °F/in.). The layer of glass wool is 
1.5 in. thick and has a conductivity of 0.29 Btu/(ft 2 hr °F/in.). How much heat is 
conducted into the box ( —97°F) from the room (72°F) in one day? Ans. 17,000 Btu 

23. What fraction of the heat reaching the earth from the sun would reach the 
earth if the distance between them were twice the present distance? 

24. The temperature of the sun is about 6000°K and when the sun is directly over¬ 

head its radiation is equivalent to about 2.0 cal (cm 2 min). Calculate the decrease 
in this rate of heat transfer if the sun’s temperature should drop 500 centigrade 
degrees. Ans. 0.6 cal/(cm 2 min) or 30% 

25. At what rate does the sun lose energy by radiation? The temperature of the 
sun is about 6000°K, and its radius is 4.3 X 10 5 mi. 

26. A tungsten filament in a lamp reaches a temperature of 2000°K. when its 
power consumption is 16 watts. Assuming that the filament radiates heat as a “black- 
body,” what power must be supplied to maintain a filament temperature of 3000 K? 

Ans. 81 watts 


27. The earth receives energy from the sun at an average rate of 0.135 watt cm 2 . 
The mean temperature of the earth's surface is 15°C. Assuming the earth to radiate 
as a blackbody, compute the temperature of interstellar space. Comment on the 


result. 

28. 1 he operating temperature of a tungsten filament in an evacuated lamp bulb 
is 24-<o K. Find the surface area of the filament of a 25-watt lamp, if the tungsten 
radiates .it 0.30 the rate of an ideal (blackbody) radiator. Ans. 0.41 cm 2 

23. How many calories per second will be radiated from a spherical blackbody 
15.0 nn in diameter at a temperature of 800°C? 

30. A blackened sphere of copper (density 8.9 gm/cm 3 , specific heat 0.093 cal/gm 
C) of diameter 10.0 cm is cooled in an evacuated enclosure whose walls arc kept 

0 r C. I h w long does it take for the sphere to cool from 228° to 227 C? Take 
.• = 1.36 X 10 cal cm- sec (°K)*. Ans. 18 sec 

31. A an filled with water and containing an electric heating element rises to a 
temperature 80' I above its surroundings when the power supplied to the heater is 
120 watts. The can and water are equivalent to 3.0 lb of water. What will be the 
initial rate of cooling when the heater is turned off? 

32. < alculate the radiation, in watts per square centimeter, from a block of copper 
at 200 C, and at 1000°C. The oxidized copper surface radiates at 0.60 the rate of a 


blackboch. 


Ans. 0.17 watt/cm 2 ; 9.0 watts, cm 
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Thermodynamics 


The invention and improvement of the steam engine raised practical ques¬ 
tions regarding the relations between heat and mechanical energy. The 
science of thermodynamics originated in the attempts of Sadi Carnot (1796— 
1832) to improve the efficiency of steam engines. Thermodynamics deals 
with the quantitative relations between heat and other forms of energy, 
particularly mechanical energy. 

A steam engine converts the heat energy of the steam, the working sub¬ 
stance, into useful mechanical energy. We wish to know the relationship 
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between heat energy and work or mechanical energy. We also wish to know 
how much of the original energy of the steam can be converted into useful 
work. These questions are answered by two laws of thermodynamics. Both 
laws are simple and general. They apply not only to heat engines but to many 
processes such as chemical reactions and electrical processes where tem¬ 
perature changes take place. They are independent of any particular assump¬ 
tions about the exact mechanisms by which energy’ is exchanged. 

Work and Heat. In many familiar processes work is done against 
friction and heat is produced. Brakes become heated in stopping an auto¬ 
mobile or a train. A tool held against a grinding wheel becomes hot. 



Fig. 1. Joule's apparatus for demonstrating equivalence of heat and energy. 

The continuous evolution of heat during the boring of a cannon suggested 
to Count Rumford (1753-1814) the idea of a definite relationship between 
the mechanical energy expended in the process and the heat produced. 
About 1800 he made some measurements and compared the mechanical work 
expended in turning a blunt drill, with the heat produced as measured by the 
warming of water. He found that the two quantities were in a constant ratio 
and concluded that heat is a form of energy', obtained in his experiments b\ 
a transformation of mechanical energy. 

Rumford’s insight into the true nature of heat as a form of energy was 
confirmed by experiments of improved accuracy performed during the 
years that followed by Joule, Rowland, and Callendar and Barnes. Joule 
(1843) arranged a set of paddles, which could be rotated in water by a pair 
of falling bodies (.4 and B , Fig. 1). The churning of the water produced heat. 
The heat produced was calculated from the rise in temperature of the water 
and its container. The mechanical work performed in driving the paddles 
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was calculated from the weights of the falling bodies and the distance they 
descended. In a series of experiments with this apparatus, Joule found that 
the ratio of the number of units of work to the number of units of heat pro¬ 
duced was always the same. 

The number of units of work per unit of heat is called the mechanical 
equivalent of heat. Thus, if work W is converted into heat H, 

W = JH (1) 

where J (after Joule) is a constant, independent of the magnitude of W or //, 
but whose value depends on the units in which W and H are expressed. 
Experimentally determined values for J are 4.18 joules/cal and 778 ft-lb/ 
Btu. These values give the following relationships for the conversion of 
mechanical energy to heat: 

4.18 X 10 7 ergs = 1 calorie 
4.18 joules = 1 calorie 

1 joule = 0.239 calorie (2) 

778 foot-pounds = 1 Btu 
1055 joules = 1 Btu 

Example: Ribbon Falls, in Yoscmitc, has a height of 1612 ft. What would be the 
rise in temperature of the water in this fall if its potential energy were converted into 
heat without loss? 

Energy transformed per pound of water = (1.00 lb) (1612 ft) = 1610 ft-lb 


Heat produced = ^Btu = 2 06 Btu 


Rise in temperature At = —7, = 


2.06 Btu 


= 2.06T 


mS (1.00 lb)(1.00 Btu/lb °F) 


Example: A lead bullet moving 0.40 km/sec strikes a concrete wall. If one-fourth 
of its kinetic energy is converted into heat in the bullet, by how much is its tempera¬ 
ture raised on impact? The specific heat of lead is 0.030 cal/gm °C. 


KE = 
Heat produced = 


\\imv 2 
tnv ' 1 




rnv 


Heat remaining in bullet = -gj = mS At 

v 2 __ (40,000 cm/sec) 2 

8 JS ~ 8(4.18 X 10 ; ergs/cal)(0.030 cal/gm °C) 


= 160°C 


First Law of Thermodynamics. When heat is added to a substance, 
there is an increase in the internal energy. T his increase in internal energy 



288 


COLLEGE PHYSICS 


is manifested indirectly by a rise in temperature, an increase in pressure, or a 
change in state. If at the same time the substance is allowed to perform ex¬ 
ternal work, by expanding, for example, the total heat H required will be 
the heat necessary to change the internal energy by an amount A U plus the 
heat equivalent to the external work W performed. 

JH = A U + W (3) 

The first law of thermodynamics states that when heat is transformed into any 
other form of energy, or when other forms of energy are converted into heat, 
the total amount of energy (heat plus other forms) is constant. The first law 
of thermodynamics is extended to apply to interchanges of all forms of energy, 
and thus extended becomes the law of the conservation of energy. This means 
that kinetic energy, gravitational potential energy, heat, electric and mag¬ 
netic energy, and energy of chemical reaction are convertible into one 
another, and that in all such transformations no energy is lost or gained. 
While the law of the conservation of energy cannot be proven directly, it is in 
accord with a wide range of experience and the many scientific conclusions 
based on this principle have been confirmed by experiment. 

Specific Heats of a Gas. The heat necessary to raise the temperature 
of a gas depends on how the gas is confined. If the gas is held at constant 

volume as indicated in Fig. 2a, the 
heat received is converted entirely 
into internal energy, in the form 
of molecular kinetic energy, thus 
raising the temperature. The heat 
per unit mass per degree required 
to raise the temperature of the gas 
under these conditions is called the 
specific heat at constant volume , S r . 

When the gas is confined in a 
cylinder under a piston that main¬ 
tains constant pressure (Fig. 2b), 
the gas will expand on being heated. 
It docs work in moving the piston. 
Hence heat must be supplied to 
change the internal energy of the 
gas and to perform external work. The heat per unit mass per degree 
required to raise the temperature of the gas under constant pressure 
is called the specific heat at constant pressure , S p . Since the change of internal 
energy is the same in both cases, the specific heat at constant pressure S p is 
greater than the specific heat at constant volume S v because external work 



(a) (b) 

Fig. 2. Spreitic heat of a i;as (a) at constant 
volume; (/') at constant pressure. 
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is also performed when the gas expands at constant pressure. For air and for 
diatomic gases such as hydrogen, nitrogen, and oxygen, the ratio of the 
specific heats S p /S c is 1.40. 

The work done by a gas in moving a piston a distance s against a constant 
pressure P (Fig. 2b) is 

W = Fs = PAs (4) 

But As is the change in volume AV of the gas. Hence the work done by a gas 
expanding at constant pressure is 

W = P AV (5) 

Example: Compressed air at a constant pressure of 50 lb 'in. 2 is admitted into a 
cylinder 2.0 in. in diameter in which it moves the piston a distance of 10 in. Calculate 
the work done by the gas during this process. 

W = P AV 
P = 50 lb/in. 2 

AV = 7rr 2 r = 7r(1.0 in.) 2 X 10 in. = 10rr in. 3 
W = (50 lb/in. 2 )(10 tt in. 3 ) = 1600 in.-lb = 130 ft-lb 

Isothermal and Adiabatic Processes. A process that takes place at 
constant temperature is called an isothermal process. For a gas expanding 
isothermally the general gas law becomes 

PV = rnRT = constant ( 6 ) 

which states that the pressure decreases as the volume increases (Boyle’s law). 

When the expansion or compression of a gas takes place without transfer 
of heat to or from the gas, the process is called adiabatic. An ideally adiabatic 
process would have to be carried out in a container whose walls were perfect 
thermal insulators. The practical cases in which the expansion or compression 
of the gas lakes place so rapidly that there is negligible heat transfer may be 
treated as adiabatic processes. The pressure and volume of a gas undergoing 
an adiabatic change are related by the equation 

PV y = constant (7) 

where 7 is the ratio S P /S V , whose value lies between 1.0 and 1.67 and depends 
on the gas used. 

Equation (3) applied to an adiabatic process states that 

AU -b W = JH = 0 ( 8 ) 

Thus an adiabatic expansion of a gas results in the performance of external 
work W at the expense of a decrease in internal energy, evidenced by a 
decrease in the temperature of the gas. 
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Reversible and Irreversible Processes. Any process that can be made 
to go in the reverse direction by an infinitesimal change in the conditions is 
called a reversible process. No actual change is fully reversible, but many 
processes when carried out slowly are practically reversible. 

The slow compression of a spring is practically a reversible process. If the 
compressing force is slightly decreased, the spring expands and performs 
work equal to the work done in compressing it. The slow evaporation of a 
substance in an insulated container is practically reversible, for if the tem¬ 
perature is slightly lowered condensation can be made to occur, returning 
energy to the heater until both it and the substance are in their original 
condition. The slow compression of a gas can be altered to expansion by a 
slight decrease in the force applied to the piston; hence this process, too, is 
reversible. 

Any process that is not reversible is irreversible. All changes which occur 
suddenly or which involve friction or electrical resistance are inherendy 
irreversible. An explosion is a highly irreversible change. Another type of 
irreversible process is represented by the following experiment. Let a flask 
containing air at atmospheric pressure be connected through a tube and 
stopcock with a second flask, which has been evacuated. If now the stopcock 
is opened, air rushes into the evacuated flask until the pressures in the two 
flasks become equal. No external work is done by the gas in expanding under 
these conditions, yet the gas cannot be restored to its original container and 
condition without energy from an outside source. The process is irreversible. 

A cycle is a succession of changes that end with the return of the body or 
system to its initial state. A reversible cycle is a cycle all of whose changes are 
reversible. 

The Steam Engine. In a modern form of steam engine (Fig. 3) steam 
from the boiler is admitted to a cylinder in which it drives a piston forward. 
As the piston nears the end of its stroke, a slide valve opens an exhaust port 
and at the same time connects the other end of the cylinder to the steam chest. 
Fresh steam drives the piston backward, forcing the spent steam out the 
exhaust pipe. The slide valve then returns to its first position and the cycle 
is repeated. A connecting rod and crosshead translate the reciprocating 
motion ot the piston into rotational motion of a flywheel, or the driving wheels 
in the case of a locomotive. 

A valve shifter permits the operator to vary the point at which the steam 
is cut ofl during each stroke of the piston. When the engine is starting a heavy 
load, steam may be admitted during the entire stroke, escaping under high 
pressure at the end of the stroke with the familiar puff. When the engine is 
running under lighter load or at high speed, the steam is cut off after the 
piston has moved only a short distance and the expansion of the steam already 
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in the cylinder provides the force to complete the stroke. The spent steam 
then leaves the cylinder at lower pressure and temperature with less waste 

of energy. 


STEAM ENTERS 
\ 



The processes in this cycle can be represented advantageously in a diagram 
in which steam pressure P is plotted against the volume V swept out by the 
piston. In this diagram (Fig. 4) AB represents expansion at constant pressure 
while steam is being admitted to the cylinder. At B the slide valve closes and 




Fig. 5. Indicator diagram for a steam 
engine. 


the steam expands with decreasing pressure along BC. Ideally this curve 
should continue until the pressure reaches atmospheric pressure; in practice 
the opening of the exhaust port decreases the pressure suddenly along Cl). 
During the return stroke 1)E, steam is exhausted and the admission of live 
steam HA restores the original pressure. The work done by the steam on the 
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engine during the expansion stroke is represented by the area under the curve 
ABC (area ABC KM A). During the compression stroke, the engine does work 
on the steam of amount represented by the area under DE (area DKMED). 
Hence the net work obtained from the steam is indicated by the area enclosea 
in the cycle ABCDEA. 

With a mechanism called a steam-engine indicator, a steam engine can 
be made to draw its own pressure-volume diagram (Fig. 5). The indicator 



Fic. 6. Steps in the operations of a Carnot cycle. 

diagrams obtained in practice differ from the ideal diagram of Fig. 4 in 
having the corners rounded owing to the time required to actuate the valves. 
Such diagrams arc useful in studying the input or indicated horsepower. 

The Carnot Cycle. Carnot made important thermodynamic studies 
using an ideal, reversible heat engine, which operated through a sequence 
of isothermal and adiabatic steps now known as a Carnot cycle. Consider a 



cylinder (Fig. 61 fiti v. with a piston and filled with any substance that 
expands with rising temperature and decreasing pressure. The initial state 
of this working substance is represented by point A in Fig. 7. As a first step, 
the cylinder is placed in contact with a reservoir of heat and the gas allowed 
to expand at constant temperature 7\ taking in heat Hi, this change being 
represented by the isothermal curve AB. Next, the cylinder is insulated and 
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expansion allowed to continue. This expansion is adiabatic, along BC, and 
the temperature drops from Ti to 7~ 2 . The cylinder is then placed on a heat 
reservoir at temperature T 2 , and the gas is compressed isothermally, along 
CD, the heat of compression H 2 being transferred to the low temperature 
reservoir. Finally the cylinder is again insulated and the compression con¬ 
tinued adiabatically, along DA, the gas now being heated to its original 

temperature Ti. 

Let us examine the significance of the Carnot cycle diagram (Fig. 7). 

The area ABMKA represents the energy Hi taken from the hot source and 

converted into work W in moving the piston. 

The area BCNMB represents the energy taken from the working substance 

in cooling it from T\ to T 2 . 

The area CNLDC represents the energy taken from the external machine^ 

and given as heat H 2 to the cool reservoir. 

The area ADLKA represents the energy taken from the external machinery 

and given to the working substance, heating it from T 2 to T\. 

The area BCNMB equals the area ADLKA , since it requires the same 
amount of heat to raise the temperature of the working substance as is given 
off in lowering its temperature a like amount. Hence area ABMKA — area 
CNI DC = area A BCD A = the net useful work done by the heat engine 
during one cycle. This work is the difference between H x the energy received 
from the hot reservoir and H 2 the energy given to the cool reservoir. 

_ output work _ a rea AB C DA = H\ — // 2 ^ 

— input work area ABMKA Hi 

Second Law of Thermodynamics. In each of the heat engine cycles 
described, we have seen that not all of the heat supplied to the engine is con¬ 
verted into useful work; some heat is always rejected to some outside reservoir. 
This is true of all heat engines and leads to an important generalization 
known as the second law 0 / thermodynamics: It is impossible for an engine unaided 
by external energy to transfer heat from one body to another at a higher temperature. 

Heat of its own accord will always flow from high temperature to low 
temperature. It is impossible to utilize the immense amount of heat in the 
ocean, for example, to run an engine unless there can be found a reservoir 
at a lower temperature into which the engine can discharge heat. 

Whenever heat is transferred from low temperature to higher temperature, 
an expenditure of energy is required from some external source. This takes 
place in a refrigerator in which electrical energy is used to pump heat from 

the cool interior to the warmer room. 

It follows from the second law of thermodynamics that a Carnot (reversi¬ 
ble) heat engine has a greater efficiency than any other heat engine operating 
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between the same temperature limits. If we assumed the contrary, then the 
more efficient engine could be used to run the reversible engine as a heat 
pump and we would have a self-acting pair transferring heat from low to 
high temperature. But this is contrary to experience. As a result of this type 
of reasoning we may conclude that the efficiency of a Carnot (reversible) 
engine represents the maximum efficiency any heat engine can have with 
the given temperatures. 

The Absolute or Kelvin Temperature Scale. In each of the methods 
for measuring temperature that were discussed in earlier chapters, the results 
depend on the particular thermometric substance used. Most of the phe¬ 
nomena of heat depend on the properties of the particular substances in¬ 
volved. The efficiency of an ideal heat engine is unique in that it does not 
depend on the working substance or the particular mechanical device used. 

Lord Kelvin (1827-1907) recognized the possibility of using an ideal 
heat-engine cycle to define a temperature scale which would be “absolute” 
in the sense that it did not depend on the thermometric substance. He sug¬ 



gested that temperatures on the absolute 
scale be defined from the relation 



giving 


" W = T (11) 

I'ig. 8. Definition of absolute trm- * l 

perature from a Carnot cycle. 

This equation states that any two tem¬ 
peratures are in the same ratio as the heat quantities absorbed and ejected 
in a Carnot cycle operated between those two temperatures. 

Consider a Carnot cycle operating between two fixed temperatures, say, 
:\v: boiling point of water (373°K) and the freezing point (273°K). There 
•.••'ll 1 k' i ecriain area representing useful work (Fig. 8). VVe can define the 
: mpcr.nm 023°Ki midway between the boiling point and the freezing 
pun t es t 1 !' Temperature such that a Carnot engine operating between the 
boiling point and the mid-point does the same work, represented by area A, 
as the work represented by area B, done by a Carnot engine operating 
between the mid-point and the ice point. Obviously the interval so defined 
can be subdivided in the same manner, and the scale can be extended to 
higher or lower temperatures. The temperature at which a Carnot engine 
ejects no heat would be the zero on the absolute temperature scale. 

I he Kelvin or thermodynamic temperature scale is the same as the abso¬ 
lute scale determined by a perfect gas. Temperatures on this absolute scale 
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are determined in practice with a gas thermometer, the readings being cor¬ 
rected for the deviation of the particular gas from the ideal gas law as calcu¬ 
lated from certain other experiments. 

The Efficiency of Heat Engines. The ideal or thermodynamic efficiency 
of a heat engine is defined from Eq. (10) 


Ideal efficiency = 





Owing to heat losses and friction, no actual engine ever attains the efficiency 
defined by Eq. (12). The ideal efficiency remains as an upper limit to the 
efficiency of any heat engine. 

Example: A simple steam engine receives steam from the boiler at 180°C (about 
ISO lb/in. 2 gauge pressure) and exhausts directly into the air at 100°C. What is the 
upper limit of its efficiency? 

(180 + 273)°K - (100 + 273)°K _ 

Ideal efficiency = (180 -f- 273)°K — U.l /G — 1 /.o /$ 


The Steam Turbine. Efforts to improve steam engines led to the 
invention of the turbine which in principle is simpler than a reciprocating 
engine. It consists of a casing in which is fitted a set of curved blades and a 
shaft which carries a series of curved blades which move between the station¬ 
ary blades of the housing (Fig. 14, Chap. 16). The steam in expanding from 
one ring of blades to the next pushes on the movable blades and rotates the 
shaft. 

The substitution of a rotation for the to-and-fro motion of a reciprocating 
engine avoids the disadvantages of the latter, such as vibration and sliding 
bearings, and results in improved efficiency. However, for high efficiency a 
turbine must be operated at high speed and in one direction. Only by the use 
of elaborate gears or by the use of an electric generator and a motor does one 
attain sufficient flexibility of control for the operation of a ship or locomotive. 
Still higher efficiencies are obtained by using mercury and steam turbines 
in combination. 

Internal-combustion Engines. In a modern automobile engine, com¬ 
bustion of the fuel takes place within the engine instead of in a separate 
boiler. A gasoline engine (Fig. 9) is usually of the four-stroke-cycle type, four 
strokes of the piston being required to complete a cycle of operations in any 
one cylinder. On the intake stroke (a) air and vaporized fuel are drawn into 
the cylinder. On the return stroke ( b) the piston compresses this mixture to 
about one-sixth its original volume. A properly timed spark then ignites the 
fuel mixture and the rapidly burning gases expand almost adiabatically 
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forcing the piston down in the power stroke ( c ). At the end of the power 
stroke, the exhaust valve opens and remains open during the exhaust stroke 
(d) in which the piston sweeps the burned gases from the cylinder. In most 
engines of this type a number of cylinders are used and the power strokes of 
the pistons follow in a regular sequence so as to give a reasonably steady 
torque to the crankshaft to which the connecting rods are attached. A fly¬ 
wheel attached to the crankshaft further minimizes the pulsations in speed. 

In a four-stroke-cycle diesel engine, air alone is compressed adiabatically 
to about one-sixteenth of its original volume, its temperature thus being 



(a) (b) (c) (d) 

l ie. 0. The four stages in one cycle of a four-cycle gasoline engine. 


iis< r! si;Hir.i~ntly to ignite the oil which is then sprayed into the cylinder. 

• T' i.i.. ■•■Vos <! '\vp while the oil is being injected into the cylinder, thus 
wping the pressure practically constant during the burning of the fuel. 
I ll - ii -Hj.piv is shut oil when the power stroke is partly completed, and the 
gases et ■: a. tie u expand adiabatically to the end of the stroke when the 
exhaust valve - | tv.s. During the exhaust stroke, the gases are forced out by 
the upward motion of the piston and the cylinder is ready to receive a new 
charge and begin another cycle. The combustion in a diesel engine is less 
violent than in a gasoline engine and the efficiency is higher. Greater weight 
per horsepower and a rather limited range of efficient operating speeds has 
restricted the diesel 1 ngine to stationary engine service or to engines of com¬ 
paratively large power. 
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SUMMARY 

Energy is neither created nor destroyed, but it may be transformed from 
one form into another. 

The first law of thermodynamics states that when mechanical energy is con¬ 
verted into heat, the amount of heat is proportional to the energy transformed, 

W = JH 

where J is called the mechanical equivalent 0 / heat. Values of./ arc 4.18 joules/cal 

and 778 ft-lb/Btu. . . a 

The specific heat of a gas at constant pressure is greater than its specific 

heat at constant volume. 

An isothermal process is one occurring at constant temperature. 

An adiabatic process is one in which there is no exchange of heat with the 

surroundings. . . 

A reversible process is one that is in equilibrium at each instant. 

The second law of thermodynamics states that a heat engine cannot transfer 

heat from a body to another at higher temperature unless external energy 

is supplied to the engine. 

Work can be obtained from a source of heat energy only by a process that 
transfers some of the heat to a reservoir at a temperature lower than that of 

The Kelvin or absolute temperature scale is independent of the thermo- 
metric substance, being based on the efficiency of an ideal heat engine. 

Heat engines transform heat into mechanical energy. 

The maximum efficiency of a heat engine supplied with heat at tempera¬ 
ture Ti and delivering heat to a reservoir at 1 1 is 

Ti - lr 
= Ti 

QUESTIONS 

1. When is the conduction of heat a reversible process? when an irreversible 

process?^ ^ ^ through a tirc valV e feel cool to the hand? 

3. Heat is transferred from .he cool interior of an electric refrigerator to warmer 
surroundings. Show that this is no. a violation of the second law of thermodynamics. 

4. Trace the successive Iransformations by which sunlight is changed into the 

energy of an electric lamp. . . . c 

5. Which of the following properties is most important in the selection of a re¬ 
frigerant for a cyclic process refrigerator: (a) large thermal capacity, (6) high specific 
gravity, (r) large heat of vaporization, or (d) high vapor pressure? 



298 


COLLEGE PHYSICS 


6. Which is the most important characteristic of a material suitable for use as a 
working substance in a turbine: (a) a low viscosity, ( b ) a low freezing point, or ( c ) 
a high boiling point? 

7. What becomes of wasted energy? 

8. What becomes of work done by a pump in compressing air? 

9. It is said that 3000 kilogram calories in food are required every day for an 
average adult. What becomes of this energy? 

10. What determines the efficiency of heat engines? Why is it generally so low? 

11. Discuss the reasoning which leads to the idea of an absolute temperature. 
Explain the steps needed in defining an absolute scale. Can there be more than one 
absolute scale of temperature? 

12. It has been asserted that the temperature of interstellar space is 2°K. What 
meaning is to be attributed to this statement? 

13. Describe the condition of a “gas” at the absolute zero of temperature. 

14. Explain how very low temperatures can be obtained with compressed gases. 

15. In making a freezing bath or vapor trap, why does one put acetone or alcohol 
on the “dry ice”? 

16. Of what practical value is liquid air? liquid helium? 

17. How hot can a given mass be heated? How cold can a given mass be cooled? 

18. Two samples of a gas initially at the same temperature and pressure are com¬ 
pressed from a volume V to a volume } £ V, one isothermally, the other adiabatically. 
In which sample is the pressure greater? 

19. In which form will a given kind of fuel produce the greatest amount of heat if 
combustion is started at the same temperature and if equal quantities of fuel are com¬ 
pletely burned: (a) a finely divided solid, ( b ) a liquid, and (c) a vapor? 

PROBLEMS 


1. A calorimeter of copper, specific heat 0.10 cal/gm °C and mass 300 gm, 
contains 12 1 ' i*m ol ice water and 50 gm of ice. The mixture is stirred by a rotating 
!>”dd!> which requires a torque of 10 s cm-dynes to drive it. What would be the number 

oi . '.-ohiiinn., necessary to bring the mixture to 25°C? 

'■ t. ■mpute a value for the mechanical equivalent of heat from the following data 

a,; • (1 ith apparatus similar to that of Fig. 1. Total mass allowed to fall = 2600 

1 'hi,: i^i’ ot tall -- loo cm. Number of descents = 20. The rise in temperature 
" e : 1 in ar calorimeter which was thermally equivalent to 659 gm of water. 
Wouki vpi i itr.t ntai errors likely lead to a value for J which was too large or too 
small? W hv. Ans. 4.3 joules/cal 

3. A .l.aO-gm copper calorimeter contains 550 gm of oil. The oil is stirred by a 
300-gm steel paddle. A couple of moment of 6.0 X 10 6 cm-dynes is applied to rotate 
the paddle. ( alcuiate the rise in temperature produced after 1000 revolutions. The 
specific heats are as follows: copper, 0.092; oil, 0.511; and steel, 0.114 cal/(gm °C), 
respectively. 

4. A 5.0-lb lead ball ol specific heat 0.032 Btu/lb°F is thrown downward from a 
50-ft building with an initial vertical speed of 20 ft/sec. If half of its energy at the 
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instant of impact with the ground is converted to heat and absorbed by the ball, 
what will be its rise of temperature? Ans. 1.1 F 

5. Mercury falls from a height of 12 m on a nonconducting surface. How much 
is the temperature of the mercury raised? The specific heat of mercury is 0.033 

cal/gm °C. 

6. At what speed must a lead bullet at 20°C strike an iron target in order that 

the heat produced on impact be just sufficient to melt the bullet? Lead has a specific 
heat of 0.032 cal/gm °C, its melting point is 327°C, and the heat of fusion is 5.4 
cal/gm. Ans • ni/sec 

7. A cylindrical brass tube closed at the ends has an internal length of 150 cm. 
The tube contains 36 gm of lead shot and is filled with water. Starting from the 
vertical position, the tube is rapidly reversed end for end 250 times. I ind the rise in 
temperature of the water. Neglect the thermal capacity of the brass and the space 
occupied by the lead. There are 175 gm of water in the tube. 

8. What quantity of butter (6000 Val/gm) would supply the energy needed for 

a 160-lb man to ascend to the top of Mt. Washington, elevation 6288 ft? 

Ans. 0.012 lb 


9. The brakes arc set on a car weighing 2.5 tons so that it coasts down a hill 
at a uniform speed. How much heat is developed in the brakes if the car descends a 

vertical distance of 400 ft? ., . . 

10. A 200-ton train has its speed reduced from 40 to 30 mi/hr in 0.50 min. If the 

whole of the work done against the frictional resistance of the brakes is converted 

into heat, find the heat developed. Ans - l2 > 000 Blu 

11. In drilling a hole in a casting, power is supplied at the rate of 0.40 hp for 

2.5 min. How many Btu of heat are developed? 

12. How much heat (expressed in Btu) is produced in stopping by friction a 112-lb 

flywheel rotating 1.0 rev/scc, if the mass is concentrated in the rim of mean radius 
2 q j- t p Ans. 0.35 Btu 

13. A portable power plant develops 15 kw-hr of electric energy, while its 
gasoline engine consumes 2.0 gal of fuel whose heating value is 13 X 10< Btu/gal. 

What is the efficiency of the power plant? 

14. How many tons of coal per hour arc consumed by a locomotive working at 
the rate of 3000 hp if the heat of combustion of the coal is 12,000 Btu lb and the 

over-all efficiency is 9.0%? Ans - 3 * 5 tons 

15. What is the cost of the coal needed to produce a kilowatt hour of electric 

energy, if the coal costs 1.0 cent per kilogram, the heat of combustion is 9500 cal/gm, 
and the over-all efficiency is 25%? 

16. A steam engine operates at an over-all efficiency of 15%. How much heat 

must be supplied per hour in order to develop 3.0 hp? Ans. 5.1 X 10 4 Btu 

17. What is the actual efficiency of a gas engine which consumes 22 ft* of gas 
per hour when delivering 1.1 hp, the gas having a heating value of 550 Btu/fi*? 

18. If the energy of the fuel were fully utilized, how many gallons of gasoline of 
heat of combustion 2T.000 Btu/lb would lx* needed to propel a 3600-11) car to the top 
of a 5000-ft mountain? The weight of 1.0 gal of gasoline is 6.2 lb. Ans. 0.18 gal 
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19. A 10,000-ton ship is raised 16 ft in the locks of a canal, (a) What is the thermal 
equivalent (in Btu) of the work done? (b) How much coal (heating value 12,000 
Btu/lb) would be required to produce this energy? 

20. On test a steam plant was found to use 2.0 lb of coal (12,000 Btu/lb) for every 
horsepower-hour supplied by the engines. What proportion of the heat obtained from 
the coal was turned into work? What became of the rest of the heat? Arts. 11 % 

21. A volume of 1500 cm 3 of air at 20°C and 76 cm of mercury pressure is confined 
in a cylinder provided with a frictionlcss piston. How much external work is done by 
the trapped air in expanding at constant pressure as its temperature is raised to 
100°C? Of the heat which must be supplied to effect this change, how much goes into 
external work? The specific heat of air at constant pressure is 0.237 cal/gm °C. 

22. The density of steam at 212°F is 0.0373 lb/ft 3 . What is the heat equivalent 

of expanding water (density 60 lb/ft 3 at 212°F) into steam against the force due to 
atmospheric pressure? What fraction of the total heat of vaporization does this 
represent? Ans. 73 Btu/lb; 7.5% 

23. A certain quantity of air at 76 cm of mercury pressure is compressed adia- 
batically to two-thirds of its initial volume. Calculate the final pressure. 

24. A quantity of air at a pressure of 76 cm of mercury is suddenly compressed to 

half its volume, (a) Calculate the new pressure. ( b) What would the pressure be if the 
change were isothermal? Ans. 200 cm of mercury; 150 cm of mercury 

25. A simple steam engine has a piston area of 72 in. 2 and an 18-in. stroke. The 

average gauge pressure at the piston is 30 lb/in. 2 The piston makes 180 power strokes 
per minute. What is the indicated horsepower of this engine? Ans. 18 hp 

26. A noncondensing steam engine (Fig. 3) lias a circular piston 10 in. in diameter 
and a stroke of 2.0 ft. It is supplied with steam at a constant working gauge pressure of 
“5 lb/in. 2 When making 240 rpm, what power is being developed? Ans. 170 hp 

27. Calculate the horsepower of a double-stroke steam engine having the follow¬ 
ing specifications: cylinder diameter, 12 in.; length of stroke, 2.0 ft; speed, 300 rpm; 
average steam pressure, 66 lb/in. 2 

28. The mean effective pressure of steam in the cylinder of a steam engine (Fig. 

is 26 lb in. - The diameter of the piston is 6.0 in. and the length of stroke 12 in. 

! the power indicated when the engine is running at 200 rev/min. 

Ans. 8.9 hp 

9 ' hur is the thermodynamic efficiency of a steam engine which operates with a 

■•wiicr temperature of i“7'C and a condenser temperature of 77°C? 

H). A cum! ination mercury-steam turbine takes saturated mercury' vapor from a 
boiler at AA 1 and exhausts it to heat a steam boiler at 460°F. The steam turbine 
receives steam at this temperature and discharges it to a condenser at 100°F. What 
is the maximum efficient v of the combination? i4tu. 58.0% 

31. An ideal gas engine operates in a Carnot cycle between 227°C and 127°C. 
It absorbs 5.0 X !0 4 cal it the higher temperature. What amount of work (joules) 
is this engine theoretically capable of performing? 

32. The temperature of steam from the boiler of an engine of 10 hp is 390°F and 
the condenser temperature is 1~6 F. How much heat must leave the boiler per hour 
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if the efficiency is 20% of that of a reversible engine working between the same limits 
of temperature? Ans. 5.1 X 10 s Btu 

33. An engine works in a Carnot cycle between the temperatures 105°C and 15°C. 
If the work done in the cycle is 1200 newton-m, how much heat is taken in at the 
higher temperature? 

34. In a mechanical refrigerator the low-temperature coils are at a temperature 

of — 37°C, and the compressed gas in the condenser has a temperature of 62°C. 
What is the theoretical maximum efficiency? Ans. 30% 

35. Consider a mechanical refrigerator as a heat engine transferring heat from 
the cooling coils at — 10°C to the room whose temperature is 20°C. How many 
kilowatt-hours of electric energy are needed to form 4.0 lb of ice at — 10°C from 
water at 20°C? 

36. Consider an ideal, reversible heat engine which transfers heat from a room at 
17°C to the outdoors at — 5°C. ( a ) What is the maximum efficiency of this engine? 
(b) If the heat engine is reversed and is used to pump heat from outdoors into the 
room, energy being supplied by an electric motor, how many joules of heat will be 
delivered to the room for the expenditure of 1.0 joule of electric energy? 

Ans. 0.076; 13 joules 

37. A one-cylinder four-cycle gas engine operates at an average effective pressure 
of 175 lb/in. 2 It has a 6.0-in. stroke, a piston area of 12.0 in. 2 , and a speed of 2600 
rev/min. What is the indicated horsepower of the engine? 

38. At what temperature are the readings on the Fahrenheit scale and the Kelvin 

scale the same? Ans. 574° 
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Meteorology 


Meteorology is 1 In- .study of weather and the atmospheric conditions that 
contribute to it. I ho phenomena of weather are subjects not only of never- 
ending interest but oi great importance, since weather is one of the chief 
elements in man's lile \lthough foreknowledge of weather will not enable 
us to make am change in the conditions that eventually arrive, we can, in 
many cases, so adjust our activities that adverse weather will produce a 
minimum of ill effect. This is the main reason the Weather Bureau was 
established to observe and forecast weather conditions. For many years these 
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reports have been of great value to those engaged in agriculture or marine 
navigation. At the present time, however, the most important application of 
meteorology is in connection with airplane flight. The great dependence of 
the airplane upon the weather makes accurate observation and forecast 
essential. This need has caused great extension in the number of stations 

reporting and in the scope of the observations. 

The Ocean of Air. The human race lives at the bottom of an ocean 
of air. Just as the inhabitants of the ocean of water are subject to pressure 
and water currents, so are we subject to air pressure and air currents. As 
the pressure in the ocean of water increases with increasing depth (P = hD), 
so also the pressure of the atmosphere increases as the depth below its “sur¬ 
face” increases. But as one rises from the bottom of the ocean ot air, the 
decrease of pressure with altitude is not uniform, as it would be under water, 
because the density of the air diminishes with decreasing pressure. The 
atmosphere is held to the earth by gravitational attraction and therefore has 
weight, which is evidenced by atmospheric pressure. The height of the earth's 
atmosphere is estimated from the duration of twilight as 40 mi; meteors 
indicate the presence of gases at a height of 200 mi; and auroras at 300 mi. 
Actually there is no definite upper limit to the earth’s atmosphere. But it is 
calculated that the pressure 50 mi above the surface is less than 0.03 mm of 
mercury. So great is the compressibility of air that the top of Mt. McKinley 

(20,300 ft) is above more than half of the atmosphere. 

The pressure of air is measured by means of a barometer, described in 
Chap. 17. The most reliable kind is the mercury type and this instrument is 
commonly used in weather observation. The aneroid barometer is used 
when the instrument must be portable. Normal barometric pressure at sea 

level is about 1013 millibars or 29.92 in. of mercury. 

The variation in pressure with altitude is a phenomenon with which all 
arc somewhat familiar. If one rides rapidly up a hill, he can feel the change 
in the pressure at the eardrums-for the pressure inside the ear fails to change 
as rapidly as that outside. Table I shows the way the atmospheric pressure 
varies with height above sea level. Note that, although the decrease m pres¬ 
sure as the altitude increases is not quite uniform, it is approximately 1 in. of 
mercury per 1000 ft. This is a convenient figure to remember for rough cal¬ 
culation. For purposes of comparison, observations taken at different levels 
are always reduced to the equivalent reading at sea level before they are 

reported. 

This variation of pressure will, altitude is the basis of the common instru¬ 
ment for measurement of altitude, the altimeter (Fig. 1). It is simply a 
sensitive aneroid barometer whose dial is marked off in feet above sea level 
rather than in inches of mercury. 
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TABLE I. RELATIONSHIP BETWEEN PRESSURE AND HEIGHT 


Altitude, ft 
above sea level 

Pressure, in. 
of mercury 

Pressure, 

millibars 

Sea level 

29.92 

1013.2 

1,000 

28.86 

977.2 

2,000 

27.82 

942.0 

3,000 

26.81 

907.8 

4,000 

25.84 

874.9 

5,000 

24.89 

842.8 

6,000 

23.98 

812.0 

7,000 

23.09 

781 .8 

8,000 

22.22 

752.4 

9,000 

21.38 

723.9 

10,000 

20.53 

696.8 

15,000 

16.88 

571 .6 

20,000 ! 

13.75 

465.6 



At a single elevation the barometric pressure varies from day to day and 
from time to lime during the day. The lowest sea-level pressure ever recorded 
is 26.16 in. of mercury (892 millibars), while the highest is 31.7 in. (1078 

millibars). This variation greatly affects 
the use of an altimeter. If the altitude 
reading is to be at all reliable, the 
instrument must be set for the current 
pressure each time it is to be used. For 
example, an airplane in taking off from 
a field at which the pressure is 29.90 
in. has an altimeter that is set correctly 
at the altitude of the field. If it then 
flies to another field where the pressure 
is 29.50 in., the altimeter will read 400 
ft above the field when the plane lands. 
Such an error would be disastrous if the 
pilot were depending upon the instru 
inent for safe landing. In practice the 
pilot must change the setting en route 
to correspond to the pressure at the landing field. 

Solar Radiation. Heat comes from the sun to the earth by radiation. 
A part of the solar radiation is absorbed by the atmosphere, a part is reflected 
or absorbed by clouds, and about half is absorbed at the earth's surface. The 


Ik;. A sensitive altimeter. The 
three hands lead in hundreds, thou¬ 
sands, and ten thousands of feet, 
respectively. 
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earth gives up this heat mostly as radiation of longer wavelength, which is 
largely absorbed as it passes through the atmosphere. Owing to the absorp¬ 
tion, the temperature of the earth and its atmosphere rises much above that 
of surrounding space (2°K). 

If no heat were radiated by the earth, the temperature rise would continue 
indefinitely. However, on the average, over a long period of time and for 
the earth as a whole, as much energy is radiated as is received. Certain parts 
of the earth, for example the equatorial regions, receive more energy than 
they radiate. Others, such as the polar regions, radiate more than they 
receive. The balance is maintained by the transfer of heat from one region to 
the other by convection. The convection currents are set up by unequal 
heating of the different parts of the surface of the earth. 

The unequal heating of adjacent areas may be the result of unequal dis¬ 
tribution of the radiation or of unequal absorption of radiation. If the radia¬ 
tion strikes a surface perpendicularly, the amount of energy per unit area is 
greater than it would be for any other angle. Thus regions (equatorial) 
where the sun is overhead receive more energy for each square foot of area 
than do the polar regions where the angle that the rays make with the ground 
is smaller. In equatorial regions the surface temperature is, on the average, 
higher than in surrounding regions. The layer of air adjacent to the ground 
is heated by conduction and expands, becoming less dense than the surround¬ 
ing air at the same level. The lighter air is then forced upward, its place being 
taken by surrounding colder air; this in turn is heated and is pushed upward. 
The unequal heating sets up a circulation that constitutes the major air move¬ 
ment of the world. 

Circulation of the Atmosphere. The major circulation of the atmos¬ 
phere is shown diagranunatically in Fig. 2. Over the equatorial region heated 
air rises, causing a low-pressure area of calm or light fitful winds, called 
doldrums. Both north and south of the doldrums air rushes in to take the place 
of the rising air, thus forming the trade winds. If the earth were not rotating, 
these would be from the north in the Northern Hemisphere and from the 
south in the Southern Hemisphere. The rotation of the earth, however, 
causes a deflection of the moving air: to the right in the Northern Hemisphere, 

to the left in the Southern. Thus the trade winds blow almost constantlv 

/ 

from the northeast in the Northern Hemisphere and from the southeast in 
the Southern. 

The air that rises in the doldrums moves out at high altitude and about 25° 
from the equator begins to descend. This region of descending air is an area 
of calm or light winds and high pressure and is called the horse latitudes. Part 
of the descending air moves back toward the equator while the remainder 
continues to move away from it near the surface. Again the rotation of the 
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earth causes a deflection to the right (in the Northern Hemisphere), hence 
the wind comes mostly from the west or southwest. The winds of this region 
are known as prevailing westerlies. A part of the air moving out from the 
equator continues at high level until it reaches the polar area. As it returns 
toward the equator, it is deflected by the rotation of the earth to form the 
polar easterlies. 

Layers of the Atmosphere. Since the atmosphere is principally heated 
from below, the temperature normally decreases as the altitude increases 
for several thousand feet. This region of changing temperature is known as 
the troposphere. Above the troposphere is a layer in which the temperature 



fluctuates only slightly. This layer is called the stratosphere. The surface of 
separation between the troposphere and the stratosphere is called the 
ti'ipnj -"/v. 1 be altitude of the tropopause varies from about 25,000 ft to 
p iu rlifl"<-rent parts of the earth, the highest values being above the 
eqihVorinl regions and the lowest over the poles. The stratosphere extends 
' ; ""<• . i mi above the tropopause. Rocket flights have given information 

f b.'U' be variations in temperature at very great altitudes. Over White Sands, 
New Me.vei . the sir itospherc temperatures arc in the region of — 63°F. In 
the layer t»a 1 1 about 2 m to 30 mi above the surface, the temperature is around 
65°F. At sii.l nigh' r altitudes, the temperature again falls until it is about 
— 150°F at 50 mi but rises to 212°F at 75 mi. 

Temperature Change in Rising Air. The rate at which the tempera¬ 
ture decreases with altitude is called the lapse rate. The value of the lapse rate 
varies over a wide range, depending upon local conditions, but the average 
value is about 3.6°F per 1000 ft in still air. 

If air rises, the pressure to which it is subjected decreases, and it expands. 
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In this process there is little loss of heat to the surroundings or gain from 
them. In accordance with the general gas law (Chap. 19), the temperature 
decreases as the air expands. Such a change is called an adiabatic change, the 
word implying “without transfer of heat.” In a mass of rising air, the tem¬ 
perature decreases faster than the normal lapse rate. If the air is dry, this 
adiabatic rate of decrease is about 5.5°F per 1000 ft. If the air rises because of 
local heating, as occurs over a plowed field, it will rise until its temperature 
is the same as that of the surrounding air at the same level. 

Example: The temperature of air at the surface of a plowed field is 80°F, while 
that over adjacent green fields is 70°F. How high will the air current rise? 

The rising air must cool 80° - 70° = 10°F more than the still air. For each 
1000 ft the rising air cools 5.5° - 3.6° = 1.9°F more than the still air. The number 
of thousand feet at which their temperatures will be the same is 

10°F 

1.9°F " ^ 

h = 5.3 X 1000 ft = 5300 ft 

Since there is always some water vapor in the air near the surface, condi¬ 
tions in the rising air may be quite different than in dry air. If no condensa¬ 
tion takes place before the rising air reaches the temperature of the surround¬ 
ing air, it behaves in the same manner as dry air. If condensation occurs in 
the rising air, there is a gain in heat from the heat of vaporization and there¬ 
fore the expansion is no longer adiabatic. During the condensation, the rising, 
saturated air cools at a moist adiabatic rate that is smaller than the dry adia¬ 
batic rate. How much smaller depends upon the rate at which condensation 
takes place. If there is little water vapor present, there will be some condensa¬ 
tion and the rate of temperature change will be less than the dry rate but 
greater than the normal lapse rate. In this condition the air is stable since, as 
it rises, its temperature approaches the temperature of the surrounding air. 
If there is much vapor present, the rapid condensation may reduce the rate 
of change of temperature below the normal lapse rate. 1 he aii is then un¬ 
stable since the difference in temperature between it and its surroundings 
increases as the air rises. Such an unstable condition may cause very high 
speed vertical air currents and consequent high surface winds. The common 
thunderstorm is an example of unstable conditions. The tornado and hurri¬ 
cane are results of extreme instability. 

Cyclones and Anticyclones. As large masses of air move along the 
surface of the earth, areas of low pressure and other areas of high pressure 
are formed. The air moves from the high-pressure areas toward the low- 
pressure areas. As in larger air currents, the rotation of the earth causes the 
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wind to be deflected (to the right in the Northern Hemisphere) so that the 
air does not move in a straight line from high to low but spirals out from the 
high and spirals into the low. The low-pressure area with its accompanying 
winds is called a cyclone; the high-pressure area with its winds is called an 
anticyclone. The deflection to the right causes the winds to move counterclock¬ 
wise in the cyclone and clockwise in the anticyclone. These high- and low- 
pressure regions cover very large areas, having diameters of from 200 to 
600 mi. 

The presence of cyclones and anticyclones is shown on weather maps. 
Lines called isobars arc drawn connecting points of equal pressure. Figure 3 
is a reproduction of a weather map. Where the isobars are close together, the 
pressure is changing rapidly and high winds are expected. Where they are 
far apart, the pressure is more uniform and there is usually less wind. 

Formation of Clouds. Whenever the temperature of the air is reduced 
to the dew point, condensation occurs. When the dew point is above the 
freezing point, water droplets are formed; when it is below, ice crystals are 
formed. The formation of dew, frost, clouds, and fog are examples of this 
process. The cooling may be caused by contact with a cold surface, by mixing 
with cold air, or by expansion in rising air. If the droplets are sufficiently 
small, the rate of fall is very slow and there is a cloud. When the cloud is in 
contact with the earth’s surface, we call it Jog. One of the most common 
causes of cloud formation is the expansion and consequent cooling of a rising 
air column. Each of the small fair-weather clouds of a bright summer day 
is at the top of a column of rising air. Its base is flat, at the level at which the 
dew point is reached. The glider pilot may use these clouds as indicators to 
show the position of the rising currents. Clouds form on the windward side 
of mountains where the air is forced to rise, while on the leeward side where 
the air is descending the clouds evaporate. 

Whenever the temperature and dew point are close together, the relative 
humidity is very high and cloud or fog formation is very probable. The pilot, 
m planning a flight, avoids such areas because of the low visibility and ceiling 
to i ic e\prrted there. 

Aii Masses. Modern methods of weather analysis and forecasting are 
based upon the faci that in the general circulation of the atmosphere huge 
bodies of air acquire fairly uniform (horizontal) physical properties, notably 
temperature and humidity. Such a homogeneous body of air is called an 
air mass. 

Initially the properties of an air mass are determined by the characteristics 
of the region in which it forms. As the air mass moves away from its source 
area, it is modified by the conditions of the surface over which it passes. If 
it passes over a warm surface, its temperature is increased; if over a cold 
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surface, it is decreased. The humidity is usually increased if the air mass 
passes over water or a snow-covered region. 

An air mass is designated by its source region and by the temperature 
relative to the surface over which it passes. The weather in North America 
is influenced by polar and tropical air masses. As the names indicate, the polar 
masses are formed in the north while the tropical masses are formed in the 
south. Both these classes of air masses are divided into continental and mari¬ 
time , depending upon whether the source area is over land or over sea. In 
addition to these two distinctions, the air masses are classified as warm or 
cold. A mass is called warm if it is warmer than the surface over which it 
passes and cold if its temperature is lower. Thus an air mass whose source is 
the north Pacific Ocean might be classified as “maritime polar cold” ( mPk ). 
Another air mass formed over the Gulf of Mexico may be called “maritime 
tropical warm” ( mTw ). On the map (Fig. 3) arc shown several air masses 
with their appropriate designations. 

Fronts. The boundary between two air masses is called a front. In North 
America polar air masses usually travel southeast, while the tropical air 

COLD 


A T » t n T 

WARM 




I i iri/ontal profile showing development of a wave cyclone. 


masses tra\« i northeast. As two such masses come together, the warm tropical 
air is lilted !>•. the denser cold air. The rising air currents result in a low- 
pressure area, and air spirals in to take the place of the rising air. This 
constitutes a cyclone (Fig. 4). 


Air masses do not travel at uniform speeds. The boundaries are conse¬ 
quently changing as one mass overtakes or draws away from another. A 
front is named from the overtaking mass. If a warm air mass overtakes a cold 
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air mass, it overruns the cold mass and is gradually forced upward (Fig. 5). 
As the warm air rises gradually, it is cooled and reaches the dew point where 
clouds are formed. Such a front is likely to produce steady precipitation just 
ahead of it, with clearing skies as it passes. As a cold front approaches (Fig. 
5), the warm air is lifted, causing condensation. The cold front tends to 
become steeper as it advances, and the warm air is lifted quickly, causing 
high winds and sudden violent squalls. 



Fig. 5. Vertical profile showing warm and cold fronts. The cold front overtakes the warm 
front, forming an occlusion. 




Fig. 6. Vertical sections through occlusions: (a) warm-front type of occlusion; (A) cold- 
front type of occlusion. 

If one cold air mass overtakes another, the warm mass between them may 
be lifted away from the ground. This results in an occlusion as shown in Fig. 6. 
When an occlusion occurs, intense storms are probable. 

SUMMARY 

Meteorology is the study of weather and the atmospheric conditions that 
contribute to it. 

Important factors in the weather are barometric pressure , temperature , wind , 
and humidity. 

The barometric pressure, which is measured in inches oj mercury or millibars , 
decreases with increase in altitude. The decrease is about 1 in. of mercury 
per 1000 ft in the lower levels. 

Solar radiation is the principal cause of circulation in the atmosphere. 

The temperature of the air is normally highest at the surface of the earth. 
The rale at which it decreases with increase in altitude is called the lapse 
rate. Its average value is about 3.6°F per 1000 ft. 

Rising air is cooled by expansion, its temperature decreasing about 5.5°F 
per 1000-ft rise for dry air. Moist rising air cools at a lower rate after con¬ 
densation begins. 
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A cyclone is a low-pressure area with its accompanying winds while an 
anticyclone is a high-pressure area and its winds. In the Northern Hemisphere 
winds spiral counterclockwise into a cyclone and clockwise out of an anticyclone. 

Isobars are lines on the weather map connecting points of equal barometric 
pressure. 

Water vapor condenses to form a cloud or fog whenever the temperature 
is reduced to the dew point. 

An air mass is a homogeneous body of air. 

The boundary between two air masses is called a front. 

An occlusion occurs when one cold air mass overtakes another and the 
warm air mass between them is lifted away from the ground. 


QUESTIONS 

1 . What is actually meant by the term “falling barometer”? 

2. Why is it impossible to use an altimeter intelligently without knowledge of the 
terrain and the weather map? Explain fully. 

3. What may lie the result of flying over mountains, in “thick” weather, if the 
altimeter is reading too high? 

4. Would an altimeter show increase in altitude if there were no decrease in 
barometric pressure during a climb? Why? 

5. Discuss factors affecting the temperature of a given locality. 

6 . W hen side by side*, over which will the stronger up-currents be found during a 
period of sunshine, a plowed field or a meadow? Why? 

7. I here are arid belts some 25° north and south of the equator. Explain the lack 
of rainfall in these regions. 

8 . How can a bird soar without beatings its wings? 

9. In a coastal region there is usually a breeze from the ocean in the daytime 
and a breeze from the land at night. Explain. 

10 . Discuss the eflect of the rotation of the earth on the general circulation of the 

atmosphere. 


II. hat becomes of the air that spirals into a low-pressure area? 

n. \ I'n does the air come from that spirals out of a high-pressure area? 

>3. W hy ts summer heat often more oppressive before a shower? 

' " !ia: 11 1 °f weather would you expect to find where the dew point and the 

air t« inp rature are the same? 

N ! ate the bases of several neighboring cumulus clouds at about the same 

height? H -w is such a cloud formed? 


side- 


16. W hy is the leeward side of a mountain range usually drier than the 


wmawara 


17. How are variations in pressure indicated on the weather map? 

18. Is it possible for a cold air mass to become a warm air mass, or vice versa? 
If so, how could it happen? 

19. For the conditions shown in Fig. 3 in this chapter, what weather would you 
predict for New York City a day later? 


20. What scientific basis has each of the following weather proverbs? 


1. Weather varies every hundred miles. 

2. A mackerel sky, not twenty-four hours dry. 

3. Rain before seven, clear before eleven. 

4. Rainbow in morning, sailors take warning; 

Rainbow at night, sailors delight. 

5. Evening red and morning grey 
Cheer the traveller on his way; 

Evening grey and morning red 
Bring down rain upon his head. 

6. The number of stars within the moon's halo denotes the number of days 
until rain. 


PROBLEMS 

1. The total window area in a room is 300 ft 2 . If during a storm the barometer 
reading outside suddenly decreased 0.50 in., what force would tend to push the 
window glass out if no air escaped? 

2. A window pane 40 in. square is made of two sheets of glass separated by an air 
space and sealed at the edges. If this was sealed at sea level and then taken to an alti¬ 
tude of 3000 ft, what would be the net force on the pane due to the trapped air? 

Arts. 2450 lb 

3. Normal barometric pressure at sea level is 760 mm of mercury. Convert this 
pressure to millibars. 

4. What is the pressure in millibars on Mt. Hood (11,245 ft) when the mercury 

barometer indicates 510 mm? Ans. 680 millibars 

5. A decrease of 1.06 in. of mercury in barometric pressure will cause what 
change of altitude reading on an altimeter at rest on the ground? 

6. An altimeter, correctly set at zero for an airport on one day, reads 200 ft on 
the next day. What has been the change in barometric pressure? 

Ans. Decrease of 0.20 in. of mercury 

7. If atmospheric pressure decreases exponentially, with a decrease to one-half 
at 18,000 ft, what will be the pressure at 50,000 ft? 

8. Atmosphere pressure diminishes exponentially with altitude: half the atmos¬ 
phere (by weight) is below 18,000 ft, half the remainder is left behind in the next 
18,000 ft, etc. At what elevation will 95% of the atmosphere l>c left behind? 

Ans. 78,000 ft 

9. If the temperature is 40°F at the surface of the earth, (a) what will it be at 
30,000 ft altitude under normal conditions? (b) at 15,000 ft? 

10. If there arc no vertical air currents and the surface temperature is 20°C, what 

will lie the temperature at 5000 ft? Ans. 10°C 

11. The temperature of the air at the surface of a landing field is 92°F, while that 
over adjacent wooded land is 78°F. Ideally, how high will the air current rise over 
the field if there is no condensation? 

12. The temperature over a plowed field is 100°F while that over an adjacent 
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green wheat field is 80°F. If there is no condensation in the rising air, how high will 
it rise? Ans. 10,500 ft 

13. At an observation field the temperature is 60°F and the dew point is 55°F. 
A mountain near the field rises 5000 ft above the field. The wind blows toward the 
mountain. At what height on the mountain would a cloud form? 

14. On a certain day the temperature at the base of a rising column of air was 

80°F and the dew point 70°F. The temperature of the surrounding air was 74°F. 
(a) At what level in the rising air current would condensation begin? ( b ) If, during 
condensation, the moist adiabatic rate is 4.5°F per 1000 ft, how high will the top of 
the cloud be? Ans. 1800 ft; 4600 ft 
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Wave Motion 


One of the problems of modern industry is the transportation of energy from 
the place at which it is available to the place at which it can be used most 
effectively. The principal methods by which energy is transferred from place 
to place are by motion of particles, by a bodily motion of large masses of 
material, and by wave motion. Each of these types of transmission is of great 
importance in its proper place. 
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The transfer of electric energy by wire is an example of particle transmis¬ 
sion. Charged particles (electrons) move through the wire to supply energy 
to any point in the circuit. Heat energy is conducted through a metal bar 
by the collisions between molecules as they are agitated in the metal. Air 
currents set up by unequal heating of the surface of the earth transmit energy 
that can be harnessed at any place the wind blows. The ocean tides are 
another source of energy of a fluid body. 

Energy' from the sun reaches us in large amounts. By far the greatest part 
of this comes as a wave motion. Radiant energy' traverses the space between 
sun and earth with neither particles nor bodily motion of a fluid. Sounds 
reach our ears by means of waves in the air around us. Radio signals arc 
waves that are used to transmit music or speech. Waves in strings or air 
columns are used in producing musical sounds. All waves have certain 
properties in common. 

Waves. If a stone is dropped into a quiet pool of water, a disturbance 
is created where the rock enters the liquid. However, the disturbance is not 
confined to that place alone but spreads out so that it eventually reaches all 
parts of the pool. 

When the stone enters the water, it sets into motion the particles of water 
with which it comes in contact. These particles set into motion neighboring 
particles. 1 hey in turn produce similar motion in others and so on until the 


disturbance reaches particles at the edge of the pool. In all this disturbance 
n° particle moves far from its initial position. Only the disturbance moves 
through the water. I his behavior is characteristic of all wave motions. The 
particles move over short paths about their initial positions and as a result 
a wave moves through the medium. A wave is a disturbance that moves through 

1 rne d>um. I he medium as a whole docs not progress in the direction of motion 

of the wave. 

i h< o are several types ol waves, their classification being made in accord¬ 
ance with the motion of the individual particles. The most common types are 
-/tn itriM' waves and longitudinal waves but other types arc frequently'observed. 

i tansverse Waves. W hen the motions of the individual particles of the 
mer.iuin are perpendicular to the direction in which the wave advances, the 
wave is called a transverse wave. Such a wave travels along a stretched cord 
if one section is displaced slightly in a direction at right angles to the cord 
and then released. In Fig. 1 arc depicted several successive stages in the 
motion ol the particles of a medium through which a transverse wave is 
passing. Each particle is assumed to be vibrating with simple harmonic 
motion about its equilibrium position on the straight line, the path of vibra¬ 
tion being perpendicular to that line. 1 he arrows indicate the magnitude and 
direction of the velocity of each of the particles pictured. In Fig. 1 a the 
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position and velocity of selected particles of the medium are shown at a given 
instant. Starting at the left, the first three particles shown are moving down¬ 
ward, the fourth is at the end of its path and momentarily at rest, the next 
five are moving upward, and so on. In Fig. \b, r, and d are shown the posi¬ 
tions and velocities of these same particles at successive equal intervals of time 
after a. We note that while no single particle moves to the right, the shape of 
the medium, that is, the wave, moves to the right. As the up-and-down motion 
of the particles continues, the wave moves farther and farther to the right. 
The wave is thus a transverse wave. 






It is only when the particles are close enough to exert relatively large 
forces on one another that they are able to set each other into this type of 
vibration. In a gas the molecules arc too far apart to transmit such motion, 
and hence a transverse wave does not travel through a gas. 

Longitudinal Waves. When the motions of the individual particles of 
the medium are parallel to the direction in which the wave travels, the wave 
is called a longitudinal wave. In Fig. 2, successive positions of selected particles 
are shown. In a, the particles are in their equilibrium positions. Their posi¬ 
tions at some instant after they start to vibrate with simple harmonic motion 
are shown in h. Successive positions after equal intervals of time are shown in 
c, d, and e. We note that while each particle merely vibrates about its equilib- 
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rium position a configuration , or arrangement of particles, moves steadily to 
the right. The longitudinal wave moves to the right through the medium. 

In b , c , d , and e, the distribution of particles is not uniform. In places they 
are closer together than normal and in others they are farther apart than 
normal. These compressions and rarefactions follow each other through the 
medium. This type of wave is also called a compressional wave. Sound waves 
are longitudinal or compressional waves. 

Any elastic medium is able to transmit a compressional wave. Solids, 
liquids, and gases are all suitable mediums for the propagation of compres- 

M •—-—• — ----— ----— --—•— -------•—•—* 

(b) .-.-.-.—»-« — -« — —.-.-.-.-.-.-.—. « « > - 

(c) -------•—- - —•-----•------——— 

(d) -•-•-*-•- •—. . . .—.—■ - - ■ . . ...—• 

(e) •-------•-•—•————•—•-•-•-•- —— « • 

Fig. 2. Particle motion in a longitudinal wave. 

sional waves. Elastic waves in gases and liquids are longitudinal; in solids 
they may be either longitudinal or transverse, or both. 

Water Waves. In a liquid the motion of the particles may be neither 
purely transverse nor purely longitudinal but a combination of the two. 
In the latter case the path followed by the particle is either a circle or an 
ellipse. In Fig. 3 are shown the paths of selected particles, their positions and 
the wave shape at two different times, the wave having traveled to the right 
between these instants. Waves in deep water are of this type. 



Fig. 3. Particle motion in a water wave. 


v\ ave Properties. In observing waves, we note several of their charac¬ 
teristics. Waves travel uniformly with a definite speed through the medium. 
Also, il we watch a single spot we see that waves pass that spot at regular 
intervals ot time. In the wave motion such factors as wave speed, frequency, 
phase, wavelength, and amplitude must be considered. 

Wave Speed. 1 he speed ot a wave is the distance it advances per unit 
time. The speed depends upon the type of wave, properties of the medium, 
and, in some cases, the frequency of the wave. A few cases are of sufficient 
interest to warrant consideration of the factors that determine the wave speed. 
One common type of wave is a transverse wave in a flexible cord. The 
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speed of this type of wave is determined by two factors, the tension in the 
cord and its mass per unit length 

■ - V3 (i) 

where v is the speed of the wave, T is the tension in the cord, and m/l is the 
mass per unit length of the cord. In the metric system of units, T is expressed 
in dynes, m/l in grams per centimeter, and hence v is in centimeters per 
second. In the usual British units, m is in slugs ( W/g ), T is in pounds, l in 
feet, and v in feet per second. 

From Eq. (1) we note that increasing the tension increases the speed, 
while increasing the mass per unit length, that is, using a heavier cord, 
decreases the speed. These effects may be observed by experiments with 
cords, one end fixed, the other arranged so that the tension may be varied. 

Example: A cord 80 cm long has a mass of 0.288 gm. What is the speed of a trans¬ 
verse wave in this cord when it is stretched by a load of 2.0 kg? 

" = yfiO/i 

7 = - 00036 ««/“ 

T = mg = 2000 gm X 980 cm/sec 2 

sec 

The speed of a compressional wave in an elastic medium depends only on 
the modulus of elasticity E of the medium and its density d. The speed is 
given by the expression 



For an extended medium (solid, liquid, or gas), E represents the bulk 
modulus. For a solid rod, E represents Young’s modulus. In the metric 
system, if E is expressed in dynes per square centimeter and d in grams per 
cubic centimeter, Eq. (2) gives the speed in centimeters per second. In the 
British system, E is expressed in pounds per square foot rather than pounds 
per square inch. The density d , {D/g), must be expressed in slugs per cubic 
foot. The speed will then be in feet per second. 

Example: Find the speed of a compressional wave in an iron rod whose specific 
gravity is 7.7 and whose Young's modulus is 27.5 X 10 5 lb/in. 2 

v = 


12000 gm X 980 cm/scc 2 „ , , - 

= J -0.0036 gnT/^n- = 2 3 X 10 * cm/sec = 230 
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V 


E = (27.5 X 10 6 ) lb/in. 2 = (27.5 X 10 fi X 144) lb/ft 2 
D = (7.7 X 62.4) lb/ft 3 
g = 32 ft/sec 2 


1 27.5 X 10' X 144 lb/ ft 2 X 32 ft/sec 2 
\ 7.7 X 62.4 lb/ ft 3 


= 16,000 ft/scc 


Phase, Frequency, Period, and Wavelength. All the particles of the 
medium in which there is a wave motion vibrate about their respective posi¬ 
tions of equilibrium in the same manner, but they reach corresponding posi¬ 
tions in their paths at different times. These relative positions represent the 
phase of the motion. Two particles arc in the same phase if they have the same 
displacement and are moving in the. same direction. In Fig. 1 a the second and 
the fourteenth particles are the same distance above the axis and both are 
moving downward and hence they are in the same phase. In the successive 
diagrams, these two particles are always in phase. Similarly the third and 
fifteenth are in phase, the fourth and sixteenth, etc. The twelfth particle is 


the same distance from the axis as the second but is below the axis rather 
than above. Hence these particles are not in the same phase. If two waves are 
moving through the same medium, they are said to be in phase if the motions 
of the particles due to the two waves are in phase. 

II we observe the waves as they pass a point, we note that they are regularly 
spaced in time. I he number of waves which pass a point per unit time is the 
/requeue) /of the wave motion. I he time required for a single wave to pass is 
called the period I of the wave motion. The frequency is thus the reciprocal 
of the period 



M 
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• phas * 1 ot the vibrating particle can be expressed in terms of the period 
• ' n ' !• K tha (t action ot the period that has elapsed since the particle 
—« <i ''’Ugh its position ol equilibrium moving in the positive direction. 

‘ ■ expressed in time, that is, as a fraction of a period, or in angular 
one complete cycle represents 360° or 2ir radians. Thus in 
1 tg. h th'- e vemh and nineteenth particles are passing through the equilib¬ 
rium position and m- vmg in the positive direction. The phase of each of 
these particles i>. zero, (fiic-twclfth of a period has elapsed since the sixth 
particle was in tin- equilibrium position. Its phase is thus one-twelfth period 
or 30° or 2ir/\- radians ahead of the seventh in phase. Similarly particle 
four has a phase of one-fourth period or 90° or tt/ 2 radians. The eighth 
particle is onc-twcllth period behind the seventh in phase. Its phase would 
be negative one-twelfth period or -30° or -tt 6 radians. 
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The displacement of the particle can be expressed in terms of the phase 
angle. l(y represents the displacement of a given particle and A the maximum 
displacement, 

y = A sin 0 (4) 


The angle 0 is zero when the phase is zero as defined above. Since 0 changes 
from 0 to 2tt in the time of one period T, we may write 


or 0 = 27i -jt. Then 


Z7T 


= f' 


2tt 


y = A sin — t = A sin 2ir/t 



where t is the time in seconds after zero phase. 

The wavelength is the distance between two successive particles that are in 
the same phase. In Fig. 1, the wavelength is the distance from the second to 
the fourteenth particle, from the third to the fifteenth, etc. We shall represent 
wavelength by the Greek letter X (lambda). 

There is a simple relationship between speed, frequency, and wavelength, 
which holds true for all types of waves. It is given by the important equation 

v=f\ (6) 

If the wave passes from one medium into another, the speed changes. In 
this process the frequency remains the same, but the wavelength will change 
in proportion to the speed; if v increases, X also increases. 

Example: What is the wavelength in the iron rod of the preceding example for a 
compressional wave whose frequency is 250 per sec? What will he its wavelength when 
it emerges into air where the speed is 1100 ft/sec? 


In iron 


v = 16,000 ft/sec 
J = 250/sec 


v =J\ X = 

16,000 ft/se 
250/sec 



v = 1100 ft/sec 
/ = 250/sec 

_ 1100 ft/sec 
A ” 250/sec 


4.4 ft 


In air 
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Amplitude; Transmission of Energy. The amplitude of a wave is iden¬ 
tical with the amplitude of vibration of the particles of the medium. The 
amplitude is the maximum displacement of the particle from its equilibrium 
position. In a study of wave motion, consideration of amplitude is important 
because of its relation to the transmission of energy. 

In all waves energy travels through the medium in the direction in which 
the wave travels. The transfer of energy per second per unit area perpendicu¬ 
lar to the direction of motion is called the intensity of the wave. The intensity 
/ is proportional to the square of the amplitude. 

7 = kA- (7) 

The value of k depends upon the system of units used and also upon the fre¬ 
quency of the wave. For coinpressional waves a more complete expression 
for the intensity is 

/ = Iv-vpdA 2 (8) 

where v is the speed of the wave,/is the frequency, and d is the density of the 
medium. When these factors are given in the customary cgs units, / is in ergs 
per square centimeter per second. 

When a wave travels out from a point source, the energy at some instant 
is passing through the surface of a sphere. At a later instant the same energy 
is passing through a larger spherical surface. The amount of energy per 
square centimeter per second is less at the second surface than at the first. In 
fact, since the total energy per second is the same at the two surfaces, that per 
square centimeter is inversely proportional to the area 47rr 2 of the surface 



1 h.e amplitude .1 is inversely proportional to the distance from the source 



r 



i( ' n phace < ! a point source we have a line source, the energy is spread 
over a cyiindr.rnl surface. Again the energy spreads over successively larger 
surfaces and t! ' energy per square centimeter per second is inversely propor- 


square centimeter pci 
tional to the area 1-rl of the cylindrical surface 


and 




Cl 

r~ 

V r 


(10) 
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that is, the amplitude is inversely proportional to the square root of the dis¬ 
tance from the line source. 

If the source is large, that is, large compared to the distance from the 
source, the surface over which the energy spreads is a plane, and the areas of 
successive planes are the same. In this case the energy per square centimeter 
per second, and hence the amplitude, is independent of the distance. 

As a wave passes through any material medium, energy is absorbed by 

through each surface, and hence the 


the medium. Thus the energy passing 
amplitude, decreases faster than is ex¬ 
pected from the change in area. This 
decrease in amplitude due to absorp¬ 
tion is called damping and a wave 
whose amplitude decreases for this 
reason is called a damped wave. 

Interference. If disturbances are 
created at two points in a single 
medium, a wave starts out from each 
point. Each of the waves travels out 
through the medium. The motion of 
any given particle in the medium is a 
combination of the motions involved in 
each of the waves. The two waves arc 
said to interfere. 

The behavior of a particle as the 
two waves pass is determined by the 
relative phases of the waves. If the two 
waves are in the same phase as they 
reach the particle, the amplitude of 
motion is increased and the interfer¬ 
ence is said to be constructive. If the two 
waves are 180° out of phase, the ampli¬ 


h f d b d f h 



Fic. 4 . Interference of waves from two 
sources. 


tude is decreased and the interference is destructive. The resultant amplitude 
will be decreased to zero if the two waves have equal amplitudes. 

When the two waves have the same frequency, a stationary interference 
pattern is set up. In Fig. 4 is a diagram of this type of pattern. The two sources 
.S'i and Si are in phase with each other. At all points equidistant from Si and 
S-i the waves will also be in phase, since there will be the same number of 
waves between each source and the point in question. Thus at every point 
along the perpendicular bisector of the line joining the two sources, the two 
waves are in phase and there is a maximum disturbance. Similarly the two 
waves will be in phase if the paths from Si and Sa differ by one wavelength 
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or by two wavelengths or by any other whole number of wavelengths. In 
Fig. 4, the lines cd are drawn through points whose distances from the two 
sources differ by one wavelength, the lines ef through points whose distances 
differ by two wavelengths, and so on. At all points on the lines, the dis¬ 
turbances always add to produce maximum disturbance. In between the 
lines, the waves are out of phase and the disturbance is lessened. The disturb¬ 
ance is least approximately midway between the lines. There the difference 
in path is one-half wavelength or three halves wavelength or some odd number 
of half wavelengths. At these points, the waves differ in phase by 180° and 
hence produce the least disturbance. 

When there are more than two sources, the pattern becomes much more 
complicated but at every point the resultant motion is the sum of the indi¬ 
vidual motions. 

If the two sources do not have the same frequency, no stationary pattern 
will be produced. The waves continue to interfere; but at any one point 
although the waves are in phase at one instant, a little later they are 180° 
out of phase. 1 hus the disturbance increases to a maximum, then decreases 
to a minimum, and then the process is repeated. 


NORMAL 

I 


V..1VL 


I 


Reflection and Refraction. When a wave reaches the boundary of a 

medium, it cannot continue to travel as before. 
I he effect of the boundary on the wave depends 
upon the properties of the two mediums. The 
wave may continue to travel into the second 
medium but with a new speed and wavelength; 
or it may be reflected into the first medium and 
travel without change in speed or wavelength, 
or the energy may be absorbed in the second 
medium. Usually, if the second medium is able 
to transmit the wave, all three of these phe¬ 
nomena occur. Part of the energy is reflected, 



1 Regular icfirction of 


' i t onsn lit ted into the new medium, and part is absorbed. 

1 '- ” f1< c t * on waves, it is convenient to use the idea of rays. 

“ ; ’ aun * n l ^ c direction in which the wave is traveling. Within 
a single homogeneous medium, the waves do not change direction; hence the 
ia\s i■' ‘“.light does. (>nly at the. boundary or in a region where the prop¬ 
erties of the Medium arc changing do the rays deviate from the straight 
line. 


Suppose a line is drawn perpendicular to the boundary surface. The angle 
between an incoming ray and this normal is called the angle of incidence i 
(fig. 5). The angle which the reflected ray makes with the normal is called 
the angle of reflection r. \\ henever any wave is reflected, it is reflected in such a 
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direction that the angle of incidence is equal to the angle of reflection. If 
the reflecting surface is rough, small sections of the surface reflect according 
to this law but, since these surface areas have normals in various directions, 
the wave is scattered in many directions. 

While we frequently think of light when we speak of reflection, it is equally 
common in other waves. For example, echoes are caused by reflection of 
sound waves. Reflected waves in water are common, and waves in strings arc 
reflected at the ends. 

In some cases of reflection of waves there is an abrupt change of phase of 
180°. For example, if a compressional wave in a tube of air reaches a closed 
end, it is reflected as a compression. However, if it reaches an open end of 
the tube, it is reflected as a rarefaction 
rather than as a compression. Light 
waves are reflected without change of 
phase as the wave reaches a boundary 
passing from a more dense medium to 
a less dense one, but it suffers a 180° 
change at a surface where it goes from 
the less dense to the more dense 
medium. 

The wave that is transmitted through 
the boundary into the new medium 
proceeds with a new speed, a new wave¬ 
length and, except when the rays are 
normal to the surface, a new direction. The change in direction of propaga¬ 
tion caused by a change in speed of the wave is called refraction. In Fig. 6, two 
rays ab and eg are shown in the first medium. The edge of the wave at the left 
reaches the boundary first and is slowed down as it goes into the second 
medium. While the wave travels the distance fg in the first medium, it travels 
the smaller distance be in the second medium. The result is that the wave is 
turned into a new direction. The refracted ray bd makes a smaller angle with 
the normal than the incident ray does. If the wave is traveling from the 
medium of slow speed to that of larger speed, the ray will be bent away from 
the normal. 

Diffraction. Waves travel in straight lines in a homogeneous medium. 
However, if an obstacle is inserted into the medium, the wave will bend 
around the obstacle. This is called diffraction. 

If we draw a surface through points all of which are in the same phase, 
the surface is called a wave front. Each point on such a wave front may be 
thought of as a new source of disturbance sending out wavelets. The new wave 
front is tangent to all these wavelets. Such a construction is shown in Fig. 7. 
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The surface AB is a wave front with the small arcs representing the wavelets 
from AB. The new wave front CD is drawn tangent to all the wavelets. This 
construction was devised by a Dutch physicist, Christian Huygens (1629- 
1695), and hence is called Huygens’ construction. 

If an obstacle is interposed as in Fig. 8, the wavelets below 0 are cut off 
but the wavelets near 0 continue to advance behind the obstacle. Thus the 
wave front is bent into the “shadow” region behind the obstacle. The bending 
is due to interference between wavelets, and the amount of bending depends 
upon the wave length. Very short waves are turned only slightly while long 
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' ' r ' " 111 in ich more. Diffraction of light waves will be discussed in 

C hap. 49. 

' /i’.i’on. 1 bus far the wave properties we have discussed have 

( : ’ 1 ll VP rs of waves. Other properties are characteristic of 

i: 1 .'m i-itype.-. of waves and hence can be used to distinguish 
one type " .m. 'her. One such property is polarization. 

We note '.cat i:i a transverse wave, the individual particles vibrate in a 
direction at r 1 ingles to the diret tion in which the wave moves. There are, 
however, ma uths in which the particle may vibrate and yet always be 
moving perpe nlar to the direction of the wave. If the motion of the 
particle is confi to a single path, the wave is said to be polarized. In Fig. 9 

we represent son if these possible modes of vibration as we look in the direc¬ 
tion the wave is n. mg. If, however, we force the particles to vibrate in only 
one plane (F ig. 10), .tie wave is said to be plane polarized. Only one single plane 


direction at r 
however, in;, 
moving perpe 
particle is confi 
we represent son 
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can be selected that includes both the line of travel of the wave and the paths 
of vibration of the particles. 

In a longitudinal or compressional wave, the path of vibration of the 
particle is parallel to the direction of travel of the wave. Hence the path does 
not serve to orient a plane passed through the line of advance. Any number 
of planes can be selected that include both the line of advance and the path 
of vibration. The compressional wave cannot be polarized. 

If there is doubt as to whether a wave is transverse or longitudinal, the 
test of polarization may be applied. If the wave can be polarized, it is 
transverse. 



Fig. 9. Possible paths of 
vibration in a transverse 
wave. 


♦ 


t 

Fig. 10. Vibrations 
in a plane-polarized 
transverse wave. 


Standing Waves. If two waves of the same frequency and amplitude 
move in opposite directions through a medium, standing waves may be set up. 
As the waves move through the medium, they interfere. At certain points 
they are in the same phase while at others they are 180° out of phase. Since 
the amplitudes are equal, when the two waves act in opposite directions on 
a particle there will be no motion of the particle. Therefore, in the standing 
or stationary wave, at certain points there is no vibration. These points are 
called nodes. At other points, called antinodes , the two waves reinforce and 
produce maximum vibration. 

Standing waves can be set up by waves from two separate sources traveling 
in the same medium. They are more common, however, when waves from 
a single source are reflected. For example, one may tie an end of a string to 
a hook in a wall and set up waves in the string by moving the free end. The 
waves travel to the fixed end of the string and are reflected there. If the fre¬ 
quency is properly adjusted, standing waves are set up. The appearance 
of a section of such a vibrating string is shown in Fig. 11. The lines represent 
the limits of vibration at the various points along the string. At the points 
marked A (nodes), the initial and reflected waves always cancel the eflects 
of each other, while at the points marked A (anlinodes) the two waves add 
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up to give maximum disturbance. The distance between successive nodes 
(or between successive antinodes) is a half wavelength. 

Most vibrating bodies normally vibrate in such a manner that standing 
waves are set up in the body. In musical instruments the strings or the air 



columns or other vibrating members have sets of standing waves with their 
nodes and antinodcs. 

SUMMARY 

A wave is a disturbance that travels through a medium. 

Energy is transmitted by waves. 

In transverse waves, the particles of the medium vibrate in paths perpen¬ 
dicular to the direction the wave moves. In longitudinal waves, the paths in 
which the particles vibrate are parallel to the direction of motion of the wave. 

The speed of a wave is the distance it moves per unit time. The speed 
depends upon the kind of wave and the properties of the medium. For a 
transverse wave in a string 


v 



For a longitudinal or compressional wave 


v 


Frequency is the number of waves per second which pass a point. 
Period is the time required for one wave to pass the point in question. 




II 'avelength X is the distance between two adjacent particles in the same 

phase. 

I wo particles are in the same phase if they have the same displacement 
from the equilibrium position and are moving in the same direction. 
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The displacement at a time t is given by 

. . 2tt 

y = A sin — t = A sin 

Speed v, frequency/, and wavelength X are related by the expression 

v = f\ 

Amplitude is the maximum displacement of a particle in the wave motion. 

The intensity of a wave is the transfer of energy per second per unit area 
perpendicular to the direction of motion of the wave. The intensity is pro¬ 
portional to the square of the amplitude 

/ = kA 2 

When two waves travel through the same medium, they interfere. The 
displacement of any particle is the vector sum of the displacements for the 
two waves. 

At the boundary of a medium, the wave may be reflected , or refracted. 

Waves are diffracted by obstacles in the medium. 

A wave is said to be polarized if the vibrations of its particles arc confined 
to certain paths that arc perpendicular to the direction of propagation of the 
wave. 

Transverse waves can be polarized but longitudinal waves cannot. 

Standing waves may be set up when two waves of equal frequency and 
equal amplitude travel in opposite directions through a medium. In the 
standing wave, there are nodes and antinodes. A node is a point of no vibra¬ 
tion, while an antinode is a point of maximum vibration. The distance between 
successive nodes (or antinodes) is a half wavelength. 

QUESTIONS 

1. Describe a simple experiment that illustrates longitudinal waves; transverse 
waves. Of what docs each wave consist? 

2. Wind blowing over a wheat field sets up a series of waves. Describe the motion 
of the waves and that of the heads of grain. 

3. Draw a diagram representing some form of wave motion, and indicate five 
characteristics of a wave. Define each. 

4. Could a wave motion lx.* set up in which the parts of the medium vibrate with 
angular simple harmonic motion? If so, describe such a wave. 

5. In discussing transverse and longitudinal waves, it was assumed that the par¬ 
ticles vibrate in simple harmonic motion. Could either type of wave exist if the vi¬ 
bratory motion were not simple harmonic? 

6. If a single disturbance sends out both transverse and longitudinal waves that 
travel with known speeds in the medium, how could the distance to the point of 
disturbance be determined? 
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7. Draw a diagram showing two transverse waves (a) having the same wave¬ 
length but amplitudes in the ratio of 2/1, ( b ) with the same amplitudes but wave¬ 
lengths in the ratio of 1 /2, and (c) with the same amplitude and the same wavelength 
but differing in phase by 90°. 

8. As water waves spread out over the surface of a pond, how does the intensity 
vary with the distance from the source? How does the amplitude vary? 

9. When two waves interfere, does one change the progress of the other? Explain. 

10. What happens to a wave motion when it comes to the boundary of a medium? 
Distinguish between the effects at a “free” and a “fixed” boundary. 

11. Assuming that the solid wall between two rooms will not transmit a sound 
wave, is it possible for sound produced in one room to be heard in the other? If so, 
what wave processes are involved? 

12. When a new phenomenon is observed in which there is a transfer of energy, 
there may be a question as to whether it is a particle or a wave phenomenon. What 
experiments could be used as tests? 

13. How are standing waves produced? 

PROBLEMS 

1. A 50-ft rope that weighs 2.0 lb is stretched by a force of 150 lb. A wave is 
started down the rope by plucking it. What is the speed of the wave? 

2. A piano string is 2.5 ft long and weighs 6.0 oz. If it is stretched by a force of 
1000 lb, what is the speed of the wave set up when the hammer strikes ^he string? 

Ans. 460 ft/sec 

3. A 16-lb wire cable 100 ft long is stretched between two poles under tension of 
500 lb. If the cable is struck at one end, how long will it take for the wave to travel 
to the far end and return? 

4. Find the speed of a compressional wave in an aluminum rod. 

Ans. 17,000 ft/sec 

5. An explosion of powder set off in rock sends out a compressional wave that 
travels with a speed of 5.3 km/scc. Find the effective modulus of elasticity if the spe¬ 
cific gravity of the rock is 2.7. 

6. From the speed of a compressional wave in water, 4750 ft/scc at 20 G, com¬ 

pute the adiabatic bulk modulus for water. Compare it with the isothermal value 
listed in Table II, Chap. 14. Ans. 0.31 X 10 6 lb/in. s 

7. What must be the stress in a stretched steel wire in order for the speed of 
longitudinal waves to be equal to 100 times the speed of transverse waves? 

8. Two waves w hose frequencies arc 20.0 and 30.0/sec travel out from a common 

point. How will they differ in phase at the end of 0.75 sec? Ans. 180 

9. Two waves whose frequencies are 500 and 511 /sec travel out from a common 
point. Find their difference in phase after 1.40 sec. 

10. A wave has a frequency of 13 sec and an amplitude of 2.0 in. Assuming the 
motion of the particles of the medium to be simple harmonic, find the displacement 
and the speed of the particle 0.33 sec after it is in\he equilibrium position. 

Ans. -1.9 in.; 40 in./sec 
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11. A wave has a period of 0.030 sec and an amplitude of 0.50 in. .Assuming the 
particle motion to be harmonic, find the displacement and speed of the particle when 
the phase is 60°. 

12. What is the wavelength in water of a compressional wave whose frequency is 
400/sec? The speed of the compressional wave in water is 1450 m/sec. Ans. 362 cm 

13. A string 2.0 ft in length weighs 1.0 oz. Find the speed of the wave in the string 
when the tension is 100 lb. If the wavelength is twice the length of the string, what is 
the frequency of vibration? 

14. What is the wavelength in air under standard conditions of a compressional 

wave whose frequency is 250/sec? .Assume that the bulk modulus for air is 1.40 X 10 6 
dynes/cm 2 and the density of air is 1.29 gm/liter. Ans. 132 cm 

15. Compute the intensity of a compressional wave in air, at 0°C and pressure 76 
cm of mercury, if its frequency is 1056/scc and its amplitude is 0.0010 cm. The den¬ 
sity of the air is 1.29 gm/liter, and the speed of the wave in air is 331 m/sec. 

16. If the intensity of a compressional wave is 16 crgs/cm 2 -sec at a distance of 

10 ft from a small source, what is the intensity at a distance of 100 ft? In solving this 
problem, what assumptions have you made that would not be valid if the wave were 
produced in a closed space? Ans. 0.16 erg/cm 2 -sec 

17. A string 4.0 ft long is attached to a tuning fork vibrating with a constant fre¬ 
quency of 50/sec. When a stretching force of 5.0 lb is applied, the string vibrates in 
four segments. How many segments will there be if the force is increased to 20.0 lb? 

18. A string which weighs 1.0 oz for 16 ft is attached to a vibrator whose constant 

frequency is 80/sec. How long must the string be in order for it to vibrate in two 
segments when the stretching force is 16.0 lb? Ans. 4.5 ft 

19. A 3.6-grn siring is 64 cm long. What should be the tension in the string in order 
for it to vibrate transversely in one segment with a frequency of 256/sec? 

20. A stretched wire vibrates in one segment with a frequency of 512/sec. What 

would be the corresponding frequency if the wire were half as long, twice the diam¬ 
eter, and subject to one-fourth the tension? Ans. 256/sec 
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Sound Waves 


W c learn much about the world around us through the reception of minute 
amounts ol energy in sound waves. I he vibration of objects causes waves in 
the air and many ol these waves act on the drums of our ears, which transmit 
the vibrations to the nerves that give us the sensation of sound. There is a 
physical basis for sound in the production and transmission of waves in a 
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medium, and there is a physiological or psychological aspect in the interpre¬ 
tation of sounds by the brain. We are here concerned chiefly with the 
physical nature of sound in its production, propagation, and detection. 

Nature of Sound. All sounds originate from vibrating bodies. When a 
bell is struck, or a violin string plucked, or an organ pipe sounded, a material 
body (bell, string, or air column) is set into vibration and transmits pulses to 
the surrounding air. 

As an aid in visualizing the production of sound, suppose a small rubber 
balloon is partly inflated and attached to a bicycle pump. If the piston is 
pushed downward quickly, the balloon expands and the layer of air next to 
it is compressed. This layer of air will, in turn, compress the layer beyond it 



Fio. 1. Comprcssional waves produced by an expanding and contracting balloon. 

and so on. The compression that was started by the expansion of the balloon 
will thus travel away from the source in the surrounding medium. If the 
piston is drawn upward, the balloon contracts and the adjacent layer of air 
is rarefied. As in the case of the compression, the rarefaction travels out from 
the source. If the piston is moved up and down at regular intervals, a suc¬ 
cession of compressions and rarefactions will travel out from the source 
(Fig. 1). Such a regular succession of disturbances traveling out from a 
source constitutes a wave motion. The compression and the following rare¬ 
faction make up a comprcssional wave. 

If the up-and-down motion of the piston is made rapid enough, an ob¬ 
server in the neighborhood will lie able to hear a sound as the disturbance 
reaches his ear. These comprcssional waves are able to cause the sensation of 
hearing and are referred to as sound wanes. 

The Medium. Since a sound wave involves compression and expansion 
of some material, sound can be transmitted only through a material medium 



334 


COLLEGE PHYSICS 


having mass and elasticity. No sound can be transmitted through a vacuum. 
This fact can be demonstrated experimentally by mounting an electric bell 
under a bell jar and pumping the air out while the bell is ringing (Fig. 2). 
As the air is removed, the sound becomes fainter and fainter until it finally 
ceases, but it again becomes audible if the air is allowed to reenter the jar. 

Sound waves will travel through any elastic material. We are all familiar 
with sounds transmitted through the windows, walls, and floors of a building. 
Submarines are detected by the underwater sound waves produced by their 
propellers. The sound of an approaching train may be heard by waves 



Fig. 2. Sound is not transmitted through a vacuum. 

carried through the rails as well as by those transmitted through the air. In 
all materials the alternate compressions and rarefactions are transmitted in 
the same manner as they are in air. 

Speed of Sound. If one watches the firing of a gun at considerable 
distance, he will sec the smoke of the discharge before he hears the report. 
This delay represents the time required for the sound to travel from the gun 
to the observer (the light reaches him almost instantaneously). The speed of 
sound may be found directly by measuring the time required for the waves 
to travel a measured distance. The speed of sound varies greatly with the 

TABLE I. SPEED OF SOUND AT 0°C (32°F) IN VARIOUS MEDIUMS 


Air. 

Hydrogen.... 
Carbon dioxide 

Water. 

Iron. 

Glass. 
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material through which it travels. Table I shows values for the speed of 
sound in several common substances. 

Since sound waves are longitudinal, or compressional, waves, the speed v 
is given by Eq. (2), Chap. 24, 

(i) 


where E is the bulk modulus for fluids and extended solids, or Young’s 
modulus for solid rods, and d is the density of the medium. 

If E is expressed in dynes per square centimeter and d in grams per cubic 
centimeter, Eq. (1) gives the speed in centimeters per second. If E is ex- 




COMPRESS'/ON 



RAREFACTION 



pressed in pounds per square foot and d, (D/g)> in slugs per cubic foot, 
Eq. ( 1 ) gives the speed in feet per second. 

In a gas at constant temperature, the bulk modulus (Chap. 17) is the 
pressure P of the gas. When sound waves travel through a gas, the compres¬ 
sions and rarefactions (Fig. 3) occur so rapidly that the changes are practi¬ 
cally adiabatic. The adiabatic modulus of elasticity is y times the isothermal 
modulus P, where y is the ratio of the specific heat of the gas at constant 
pressure to the specific heat at constant volume (7 = 1.40 for air and other 
diatomic gases). For gases, then 

■ == (2) 

Example: Compute the speed of sound in the steel rails of a railroad track. The 
weight-density of steel is 490 and Young's modulus for steel is 29 X 10® 

lb/ in 3 . 
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ff [Tg 1(29 x 10 6 lb/in. 2 )(144 in. 2 /ft 2 )(32 ft/sec 2 ) 
0 ~yjd~yjD~ j \l 490 lb / ft3 

v = 16,000 ft/sec 

Example: Find the theoretical speed of sound in hydrogen at standard atmospheric 
pressure and 0°C. 


From Table I, Chap. 17, the density of hydrogen is 0.090 gm/liter. 
d = 0.090 gm/liter = 0.000090 gm/cm* 

cm cm dynes 

P = 76.0 cm of mercury = 76.0 cm X 13.6 —- X 980 —; = 1.01 X 10 6 -=- 

' cm 3 sec- cm 1 

r~P [i .40(1.01 X 10 6 dynes/cm 2 ) 

V “ \J y d ~ \ 0.000090 gm/cm 5 

v = 120,000 cm/scc = 1200 m/sec 

The speed of sound varies with the temperature of the medium transmitting 
it. For solids and liquids this change in speed is small and usually can be 
neglected. For gases, however, the change is rather large. The general gas 
law gives a relation between pressure, temperature, and density 



By substituting this for P/d in Eq. (2), we find that the speed of sound in a 
gas at constant pressure varies according to the relation 



where and v 2 arc the speeds at the absolute temperatures T\ and 7*2, 
respectively. 

Example: What is the speed of sound in air at 25°C? 

From Table I, the speed at 0°C is 1087 ft/sec. 

p.jt /273° + 25° 1298° 

1087 ft/sec ~ \ 273° " \ 273° 

z'as'c = (1087 ft/sec) — 1140 ft/scc 

For small differences in temperature we can consider the change in speed 
to be a constant amount for each degree change in temperature. In air this 
is about 2 ft/scc per °C (1.1 ft/sec per °F) for temperatures near 0°C. The 
change is to be added if the temperature increases and subtracted if the 
temperature decreases. 
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Resonance. The phenomenon of resonance already mentioned in con¬ 
nection with mechanical vibrations (Chap. 13) is especially important in 
increasing the loudness of sounds. Whenever a source of sound is coupled 
to a body whose natural frequency of vibration is the same as the frequency 
of the source, the sound is greatly reinforced. 

The amplification of sound by resonance is so marked as to suggest an 
inquiry into the source of the additional energy. The energy must come from 
the vibrating body, which is the source of the sound. Whenever a vibrating 
body is coupled to a resonator, the vibrator releases more energy per unit 
time. Hence the external power supplied to the vibrator in a resounding 
system must be increased, otherwise its vibrations will be quickly damped. 

The reinforcement of sound by resonance with its accompanying release 
of large amounts of energy has many useful and many obnoxious conse¬ 
quences. Resonance of a radio loud-speaker to certain frequencies produces 
an objectionable distortion of speech or music. But the resonance of the air 
column in an organ pipe amplifies the otherwise almost inaudible sound of 
the vibrating air jet. 

Sources of Sound. Any vibrating body that has the proper frequency 

may be a source of sound. All elastic ____ 

substances can support such vibra- (ai ' c '~--_ 

tions. The vibration may be described _ _ 

in terms of one or more sets of stand- (b) 
ing waves produced in the medium 
of which the body is composed. These <c) 

waves may be cither longitudinal or Flo 4> Modes of vibration of a string, 
transverse. 

One of the common sources of sound is a vibrating string. If a stretched 
cord is plucked, waves travel along the string and are reflected at the ends. 
Many sets of standing waves can be established; in fact, all standing waves 
are possible for which the two ends are nodes. In Fig. 4 are shown three such 
waves. P’or each there is a node at each end. In a there is no other node and 
hence the length of the string is a half wavelength. In b there is a node in the 
middle as well and the length of the string is a whole wavelength, while in c 
it is two wavelengths. The length of the string determines the wavelengths of 
the standing waves that can be set up in it. These wavelengths are those for 
which the length / of the siring is an integral number of half-wavelength 
segments. 

1 = n \ (4) 


where n is any whole number. 
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The possible frequencies are a lowest value v/41 and the odd multiples of this 
lowest frequency. Only odd harmonics are present and the first overtone is 
the third harmonic. 

For an air column that is open at both ends there must be an antinode at 
each end (Fig. 6). In a the length is one half wavelength 



In b the length is two half wavelengths and in c three half wavelengths. As 
in the case of the vibrating string, a lowest frequency and all its multiples 
are possible. 

In each vibrating body whether string, air column, rod, plate, bell, or 
other body a set of nodes and antinodes is present in the body. 

Refraction of Sound. In a uniform medium at rest sound travels with 
constant speed in all directions. If, however, the medium is not uniform, 




Fio. 7. Rrfracton of sound due to temperature difference. 

the sound will not spread out uniformly but the direction of travel changes 
because the speed is greater in one part of the medium. The bending of 
sound due to change of speed is called refraction. 

The nonuniform spreading of sound in the open air is an example of this 
effect. If the air were at rest and at a uniform temperature throughout, sound 
would travel uniformly in all directions. Rarely, if ever, does this occur, 
for the air is seldom at rest and almost never is the temperature uniform. On 
a clear summer day the surface of the earth is heated and the air immediately 
adjacent to the surface has a much higher temperature than do the layers 
above. Since the speed of sound increases as the temperature rises, the sound 
travels faster near the surface than it does at higher levels. As a result of this 
difference in speed the wave is bent away from the surface, as shown in 
Fig. la. To an observer on the surface, sound does not seem to travel very 
far on such a day since it is deflected away from him. 
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. On a clear night the ground cools more rapidly than the air above, hence 
the layer of air adjacent to the ground may become cooler than that at a 
higher level. As a result of this condition sound travels faster at the higher 
level than at the lower level and consequently is bent downward, as shown 
in Fig. lb. Since the sound comes down to the surface, it seems to travel 
greater distances than at other times. 

Wind is also a factor in refraction of sound. In discussing the speed of sound 
in air, we assume that the air is stationary. If the air is moving, sound travels 
through the moving medium with its usual speed relative to the air but its speed 
relative to the ground is increased or decreased by the amount of the speed 
of the air, depending upon whether the air is moving in the same direction 



Fig. 8. Refraction of sound due to wind. 


ns the sound or in the opposite direction. If the air speed is different at vari- 
nus levels, the direction of travel of sound is changed, as shown in Fig. 8. 
Friction causes the wind speed to be lower at the surface than at a higher 
level, hence sound traveling against the wind is bent upward and leaves the 
surface while that traveling with the wind is bent downward. As a result, the 
observer on the surface reports that sound travels farther with the wind than 
against the wind. 

( ombinations ol the two phenomena just discussed may cause some effects 
that seem very peculiar. Sound may carry over a mountain and be heard on 
the other side while similar sounds arc not transmitted in the opposite direc¬ 
tion. Frequently sound “skips" a region, that is, it is audible near the source 
and also at a considerable distance but at intermediate distances it is not 
audible. Such an efleet is quite troublesome in the operation of such devices 
as foghorns. Refraction effects increase the difficulties in locating airplanes, 
guns, or submarines bv means of sound waves. 

Reflection ol Sound Waves. Sound waves are reflected from surfaces 
such as walls, mountains, clouds, or the ground. A sound is seldom heard 
without accompanying reflections, espcciallv inside a building where the 
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walls and furniture supply the reflecting surfaces. The “rolling” of thunder 
is largely due to successive reflections from clouds and land surfaces. 

The ear is able to distinguish two sounds as separate only if they reach it 
at least 0.1 sec apart; otherwise, they blend in the hearing mechanism to give 
the impression of a single sound. If a sound of short duration is reflected back 
to the observer after 0.1 sec or more, he hears it as a repetition of the original 
sound, an echo. In order that an echo may occur, the reflecting surface must 
be at least 55 ft away, since sound, traveling at a speed of 1100 ft/sec, will go 
the 110 ft from the observer to the 
reflector and back in 0.1 sec. 

Use is made of the reflection of 
sound waves in the fathometer , an 
instrument for determining ocean 
depths (Fig. 9). A sound pulse is 
sent out under water from a ship. After 
being reflected from the sea bottom, 
the sound is detected by an under¬ 
water receiver also mounted on the 
ship, and the time interval is recorded 
by a special device. If the elapsed 
time and the speed of sound in water 
are known, the depth of the sea at 
that point can be computed. Meas¬ 
urements may thus be made almost continuously as the ship moves along. 

Sound waves may be reflected from curved surfaces for the purpose of 
making more energy travel in a desired direction, thus making the sound 
more readily audible at a distance. The curved sounding board placed behind 
a speaker in an auditorium throws forward some of the sound waves that 
otherwise would spread in various directions and be lost to the audience. In 
the same way, a horn may be used to collect sound waves and convey their 
energy to an ear or other detector. 

Interference of Waves; Beats. Whenever two wave motions pass 
through a single region at the same time, the motion of the particles in the 
medium will be the result of the combined disturbances of the two sets of 
waves. The effects due to the combined action of the two sets of waves are 
known in general as interference and arc important in all types of wave motion. 

If a shrill whistle is blown continuously in a room whose walls are good 
reflectors of sound, an observer moving about the room will notice that the 
sound is exceptionally loud at certain points and unusually faint at others. 
At places where a compression of the reflected wave arrives at the same time 
as a compression of the direct wave their effects add together and the sound 
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Fig. 9. Measuring ocean depth by means 
of a fathometer. 
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is loud; at other places where a rarefaction of one wave arrives with a com¬ 
pression of the other their effects partly or wholly cancel and the sound is 
faint. 

Contrasted with the phenomenon of interference in space, we may have 
two sets of sound waves of slightly different frequency sent through the air at the 
same time. An observer will note a regular swelling and fading of the sound, 
a phenomenon called beats. Since the compressions and rarefactions are 
spaced farther apart in one set of waves than in the other, at one instant two 
compressions arrive together at the ear of the observer and the sound is loud. 
A little later a compression of one set of waves arrives with the rarefaction of 






the other and the sound is faint. The number of beats occurring each second 
is equal to the difference of the two frequencies. Thus, in Fig. 10, two sets of 
waves of frequency 10 vib/scc and 12 vib/sec, respectively, combine and 
give a resultant sound wave that fluctuates in amplitude 12 minus 10, or 
2 times per second. Beats arc readily demonstrated by sounding identical 
tuning forks, one of which has been loaded by placing a bit of soft wax on one 
prong, thus slightly reducing the frequency of this fork. 

Absorption of Sound. As a wave motion passes through a medium, 
some of the regular motion of particles in the wave motion is converted into 
irregular motion (hear). This constitutes absorption of energy from the wave. 
In some materials there is very little absorption of sound as it passes through, 
in others the absorption is large. Porous materials, such as hair felt, are good 
absorbers of sound, since much of the energy is changed to heat energy in 
the pores. Whenever it is necessary to reduce the sound transmitted through 
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walls or floors or that reflected from walls, a material should he used that is 
a good absorber. Rugs, draperies, porous plasters, felts, and other porous 
materials arc used for this purpose. 

Doppler’s Principle of Frequency Shift. Anyone who has stood by 
the track and heard the bell or whistle of a passing train or who has listened 
to the horn of a passing automobile may have noticed the remarkable fall in 
pitch that occurs as the source of sound passes him. It is the relative motion 
of the source of sound and the observer that causes this change in pitch. 
Doppler (1845) clarified the principles underlying this effect for sound. The 
Doppler effect can occur in any wave motion, and indeed it leads to par¬ 
ticularly important consequences in the study of light. 

The relative motion responsible for the Doppler effect may be produced 
by motion of the sound source or by motion of the observer (or by both). If 
source and observer approach each other, the apparent frequency is increased 
while if they recede from each other it is decreased. 

SUMMARY 

Sound is a disturbance of the type capable of being detected by the car. 
It is produced by the vibration of some material body. 

Sound is transmitted through air or any other material in the form of 
longitudinal (comprcssional) waves. 

The speed of sound in air at ordinary temperatures is about 1100 ft/sec. 

I he speed of sound in a gas depends on the particular gas and the temper¬ 
ature. It is independent of pressure and frequency. 



The speed of sound in a gas at constant pressure is proportional to the 
square root of the absolute temperature. 

v .± = \h 

V2 \ T 2 

The increase in loudness when a source of sound is coupled to a body of 
the same natural frequency is the result of resonance. 

Bodies may vibrate in such a manner that there is a fundamental fre¬ 
quency and certain overtones. The fundamental and its overtones are called 
harmonics. In strings or open tubes, all harmonics are possible. In closed tubes, 
only the odd harmonics can appear. 

A sound wave may be refracted if the speed is not the same in all parts of the 
medium or if parts of the medium are moving. It may also be refracted as it 
passes from one medium to another. 
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An echo occurs when a reflected sound wave returns to the observer 0.1 sec 
or more after the original wave reaches him, so that a distinct repetition of 
the original sound is perceived. 

Two sets of waves of the same frequency may mutually reinforce or cancel 
each other at a given place. This is called interference. 

Beats occur when two sources of slightly different frequency are sounded at 
the same time. The resultant sound periodically rises and falls in intensity 
as the waves alternately reinforce and cancel each other. 

Absorption occurs when the regular motion of the particles in a wave is con¬ 
verted into irregular motion (heat). 

The apparent frequency of a source of sound is changed if there is relative 
motion between source and observer. This statement is called Doppler's 
/principle. The frequency is raised when source and observer approach, 
lowered if they recede. 

QUESTIONS 

1. Explain why stroking the tip of a fingernail across a linen book cover produces 
a musical tone. 

2. Explain how windows may be broken by an explosion several miles away. 

3. Explain how the distance, in miles, of a thunderstorm may be found approxi¬ 
mately by counting the number of seconds elapsing between the flash of lightning 
and the arrival of the sound of the thunder and dividing the result by five. 

4. Why docs sound travel faster in solids than in gases? 

5. (a) If a person inhales hydrogen and then speaks, how will the characteristics 
of his voice be changed? (6) How would the situation be changed if carbon dioxide 
were used? 

6. Why docs the speed of a sound wave in a gas change with temperature? 

7. Give some common examples of resonant vibrations. 

8. Mention some illustrations of the importance of resonance in musical instru¬ 
ments? 

9. Under what circumstances should resonance be avoided in musical instru¬ 
ments? 

10. Explain the vibration in an organ pipe. 

11. Is it true that we can hear better on a cool, damp day than on a hot, dry day? 
Explain. 

12. Explain clearly, using suitable diagrams, the conditions that are necessary 
for “skipping" of sound. 

13. How can energy of a sound wave be brought to a focus? 

14. In Statuary Hall of the Capitol at Washington, a person standing a few feet 
from the wall can hear the whispering of another person who stands facing the wall 
at the corresponding point on the opposite side, 50 ft away. At points between, the 
sound is not heard. Explain. 

15. How arc beats useful in tuning a musical instrument? 
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16 . The intensity of the sound from a small source diminishes as the square of the 
distance. How does absorption in the medium affect this relation? 

17 . From a consideration of Fig. 11a, show that the apparent frequency /' of a 
source moving with speed v, toward a stationary receiver is 

r - 

where vo is the speed of sound. 





Fig. 11. Doppler’s principle of frequency shift. 


18 . Show that for an observer moving with speed v, away from a stationary sound 
source (Fig. 11 b) the apparent frequency is 



PROBLEMS 

(Assume temperature to be 20 U C unless it is stated otherwise.) 

1. The sound of a gun is heard by an observer 6.0 sec after the flash of the gun is 
seen. Calculate the distance from gun to observer. The temperature is 20°C. 

2 . Thunder was heard 2.0 sec after the lightning. If the temperature was 24°C, 

how far away was the lightning? Arts. 2300 ft 

3. A stone is dropped into a mine shaft 400 ft deep. How much later will the 
impact be heard? 

4 . A plane flies east through clouds at 250 mi/hr at a height of 8000 ft. At a 
certain instant the sound of the plane appears to an observer on the ground to come 
from a point directly overhead. What is the approximate position of the plane? 

Ans. 2700 ft east of the observer 

5 . In foggy weather a lighthouse sends sound signals simultaneously under water 
(0°C) and through the air (10°C). A vessel is 1000 m from the lighthouse. How much 
later docs one signal arrive than the other? 

6. The sound of the torpedoing of a ship is received by the underwater detector 

of a patrol vessel 18 sec before it is heard through the air. How far away is the ship? 
Take the speed of sound in sea water to Ik- 4800 ft/sec. Ans. 4.9 mi 

7. By means of F.q. (3) verify the statement that the speed of sound in air increases 
about 2 ft/sec for each centigrade degree rise in temperature from 0°C. 

8. The density of oxygen is 16 times that of hydrogen. For both y = 1.40. If 
the speed of sound is 1041 ft/sec in oxygen at 0°C, what is the speed in hydrogen? 

Am. 4160 ft/sec 
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9. (a) Compute the frequency of the tone produced when air is blown through the 
holes of a rotating disk if there are 20 holes and the disk is turning at the rate of 1800 
rev/min. ( b ) What is the wavelength of this sound in air when the speed of sound is 
1120 ft/scc? 

10. A tuning fork vibrates 200 times per second and sends out a compressional 

wave that travels with a speed of 1100 ft/sec. Find (a) the period and (b) the wave¬ 
length. Arts. 0.00500 sec; 5.50 ft 

11. A stretched steel wire vibrates with a fundamental frequency of 240 vib/sec. 
What is the frequency of vibration if the tension in the wire is doubled? 

12. A string 36 in. long subjected to a tension of 30 lb vibrates 500 times per second. 
What will be the rate of vibration of the string if the tension is reduced jto 15 lb? 

Ans. 350 vib/sec 

13. A string 40.0 cm long has a mass of 0.125 gm. What is the frequency of its 
fundamental vibration when the tension is 5.00 X 10 6 dynes? What is the wavelength 
of the sound in the surrounding air? 

14. A string 60 cm long has a mass of 0.125 gm. What must be the tension in the 

string so that the fundamental frequency will be 250 vib/sec? What is the wavelength 
in air of the sound produced? Ans. 1.9 X 10® dynes; 130 cm 

15. The prong of a tuning fork vibrates 50.0 times per second in a direction at 
right angles to a string attached to the prong, causing the string to vibrate in one 
segment when it is under a tension supplied by a 400-gm body suspended at the other 
end. (a) What stretching force would be needed to give four segments in the vibrating 
string? (b) What would be the stretching force and frequency of the string if it were 
vibrating in one segment when attached to the fork at right angles to the prong? 

16. Calculate the tension in a stretched cord that is vibrating with a frequency 

whose third overtone is equal to the frequency of the second overtone produced when 
the tension is 12 lb. Ans. 6.8 lb 

17. Calculate the tension in a stretched string for which the frequency of the 
fundamental vibration equals the frequency of the second overtone when the tension 
is 4.96 X 10 B dynes. 

18. What is the frequency of the tone emitted by a chime if it produces resonance 

in a tube 8.0 in. long when the tube is closed at one end? Ans. 410 vib/sec 

19. A sounding tuning fork is held over a vertical glass tube into which water is 
slowly poured. The shortest column of air in the tube which produces resonance is 
found to be 6.0 in. (a) What is the wavelength of the sound produced by the fork? 
(b) What is the frequency of the tuning fork? 

20. A whistle dosed at one end has a fundamental frequency of 160 vib/sec. What 

is the frequency of the first possible overtone? Ans. 480 vib/sec 

21. A musical instrument produces a fundamental tone C = 264 vib/sec. Assum¬ 
ing the speed of sound to be 336 m/sec, what is the shortest closed tube that will 
resonate to the first overtone (second harmonic) C' emitted by the instrument? 

22. The first overtone of an open organ pipe has the same frequency as the first 

overtone of a closed pipe 12 ft in length. What is the length of the open pipe? 

Ans. 16 ft 
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23. A signaling bell produces a tone of 440 vib/scc. A resonance tube closed at 
one end is used to reinforce the sound. ( a ) What is the wavelength of the sound pro¬ 
duced by the bell? ( b ) What is the length of the resonant air column in the closed tube? 

24. A pipe open at one end is closed at the other by a movable plunger. A vibrating 
rod is held near the open end. The air column resonates when the plunger is in any 
of several positions spaced 11.0 cm apart. The speed of sound in air is 333 m sec 
at the temperature of observation. What is the frequency of vibration of the rod? 

Ans. 1510 vib/scc 

25. When a sound wave enters a medium of different acoustical density, its speed 
changes, but the frequency remains constant. What will be the change in wavelength 
when sound of frequency 1000/sec passes from air to carbon dioxide? 

26. The echo of a gunshot is heard 5.0 sec after the gun is fired by the hunter. 

How far from him is the surface that reflects the sound? Ans. 2800 ft 

27. A boat approaches a high vertical cliff. When the anchor is dropped, an echo 
is heard 1.5 sec later. How far is the boat from the clifl? 

28. A depth-measuring device emits a signal of frequency 36,000 vib/scc in water. 
The impulse is reflected from the ocean bed and returned to the device 0.60 sec after 
the signal is emitted. ( a) What is the depth of the water? (b) What is the wavelength 
of the wave in water? (c) What is the frequency of the wave in air? (</) What is the 
wavelength of the wave in air? Ans. 1400 ft; 0.13 ft; 36,000 vib/sec; 0.028 ft 

29. A device for determining ocean depths produces a signal of 60,000 vib/sec 
in water. The speed of the wave in water is 4600 ft/sec. An impulse is reflected from 
the ocean floor and returns to the device 0.75 sec after the signal is emitted, (a) What 
is the depth of the water? ( b) What is the wavelength of the wave in water? (c) What 
is the frequency of this wave in air? 

30. An experimenter connects two rubber tubes to a box containing an electrically 

driven tuning fork and holds the other ends of the tubes to his ear. One tube is grad¬ 
ually made longer than the other, and when the difference in length is 7.0 in., the. 
sound he perceives is a minimum. What is the frequency of the fork? (Use v = 1100 
ft/scc.) Ans. 940 vib/sec 

31. A siren disk has a ring of holes, uniformly spaced. When the siren is rotating 
at either 1674 or 1686 rev/min, it produces 2.0 beats j>er second with a sound of con¬ 
stant frequency. What is the frequency of the constant source? 
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Acoustics 


The science of acoustics includes the production and transmission of sound 
and their relation to our sense of hearing. We have already discussed problems 
in production and transmission of sound and are now primarily interested 
in these phenomena in so far as they affect our sense of hearing. 

The hearing mechanism is able to receive compressional waves within the 
range to which it is sensitive and to convert the stimulus into a sensation of 
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hearing. The ear is able to analyze the waves that come to it, distinguishing 
between two or more sounds that arrive simultaneously when the sounds 
differ in one or more of the characteristics: pitch, quality (timbre), and loudness. 
Each of these characteristics is closely associated with the physical charac¬ 
teristics of the sound wave that comes to the ear. Pitch is primarily associated 
with frequency, quality with the complexity of the wave, and loudness with 
the rate at which energy is transmitted to the car. These are the principal 
associations between characteristics of sound and those of the waves. 
However, each of the three sound characteristics depends to a limited 
extent upon the other two physical characteristics not primarily related 
to it. 

Not all compressional waves are able to excite the sensation of hearing. 
Some waves may not transmit sufficient energy to excite the sensation 
although this threshold is remarkably low. Others may transmit too much 
energy and the sensation becomes one of pain rather than one of sound. If 
the frequency is too low, no sensation of sound is produced but one can feel 
the changes in pressure. On the other hand, if the frequency is too high, no 
sensation of sound is produced. It is possible to detect these high-frequency 
waves by means other than the ear and extensive studies of them have been 
made. These waves are called ultrasonic waves. 

Musical Tones. The sensation that we describe as a musical tone is pro¬ 
duced by a regular succession of compressions and the following rarefactions 
that come to the car. If the vibrations of the 
source are regularly spaced, that source will 
produce a musical tone; it has a fixed frequency. 

Other vibrating sources may not maintain a 
single frequency and hence they do not produce 
musical tones even though they cause a sensa¬ 
tion of sound. If a jet of air is directed toward 
the outer, evenly spaced holes in the disk shown 
in Fig. 1, a regular succession of puffs of air will 
come through the holes as the disk is rotated. 

A sound wave is produced that will give rise to a 

musical tone. If the air jet is directed toward the inner circle where the holes 
are unevenly spaced, the puffs will be irregular and an unpitched sound is 
produced. Other sounds cannot be classed as musical tones because they 
arc of such short duration that the ear is unable to distinguish a regular 
succession of pulses. Such sounds as that produced by a rifle shot or a sharp 
blow on a table top with a ruler fall in this class. There is no sharp dividing 
line between such sounds and musical tones. When a single small piece of 
wood is dropped on a table, there is little evidence of tone, but when a 
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succession of sticks of varying lengths is dropped one after the other, the 
ear readily detects the variation in sound. 

A noise may be defined as any undesired sound. On the basis of this definition, 
any sound can be a noise to some observer whether or not it is a musical tone. 

Pitch and Frequency. Pitch is the characteristic of sound by which the 
ear assigns it a place in a musical scale. The ear assigns such a place to each 
musical tone but not to other sounds. When a stretched string is plucked, 
sound is produced that causes a given pitch sensation. If the tension of the 
string is increased, the pitch becomes higher. We have found that increasing 
the tension in a string increases its frequency of vibration. The principal 
physical characteristic associated with pitch is the frequency of the sound wave. 

The range of frequency to which the human ear is sensitive varies con¬ 
siderably with the individual. For the average normal ear, it is from 20 to 
20,000 vib/sec. These limits are determined by testing a large number of 
seemingly normal individuals. The upper limit decreases, in general, as the 
age of the individual increases. 

The satisfactory reproduction of speech and music does not require a range 
of frequencies as great as that to which the ear is sensitive. To have perfect 
fidelity of reproduction a range from 100 to 8000 vib/sec is required for 
speech and from 40 to 14,000 vib/'sec for orchestral music. 

The frequency range of most sound-reproducing systems, such as radio, 
telephone, and phonograph, is considerably less than that of the hearing 
range of the ear. A good radio transmitter and receiver in the broadcast band 
will cover the range from 40 to 8000 vib/sec. This limited range allows it to 
reproduce speech faithfully but it does detract from the quality of orchestral 
music. If the frequency range is further restricted, the quality of reproduction 
is correspondingly reduced. 

Although pitch is associated principally with frequency, other factors also . 
influence the sensation. Increase in intensity raises the pitch of a high- 
frequency tone but lowers the pitch of a low-frequency tone. The pitch of a 
complex tone depends upon its overtone structure; in some cases the pitch 
corresponds to a frequency that is not present. Tones of very short duration 
have a lower pitch than those of longer duration for the same frequency. 

Quality and Complexity. It is a fact of experience that a tone of a given 
pitch sounded on the piano is easily distinguished from one of exactly the 
same pitch sounded, for example, on the clarinet. The difference in the two 
tones is said to be one of tone quality. This characteristic of sound is associated 
with the complexity of the sound wave that arrives at the ear. 

We have found (Chap. 25) that sound waves are produced by vibrating 
bodies. In a few cases the body vibrates with a single frequency but most 
bodies vibrate in a very complex manner. The sound wave that is sent out 
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from such a vibrating body is a combination of all the frequencies present in 
the vibration. If we plot a curve of change in pressure (that is, difference 
between the pressure in the wave and the normal pressure in the air) against 
time for the wave sent out by a tuning fork, the curve is that shown in Fig. 2. 
Since the tuning fork vibrates with only a single frequency, the curve is a 
simple sine curve whose frequency is the same as that of the fork. If a second 
fork whose frequency is three times as great as the first but with amplitude 
only half as great is sounded with the 
first, the two waves combine as shown 
in Fig. 3. The pressure at each point 
is the algebraic sum of the individual 
pressures. By adding the ordinates of 
a and b at every point, we get the 
ordinate of the complex wave c. 

body that vibrates with more 
than one frequency sends out a com¬ 
plex wave. The complexity, which determines the quality of the sound, is 
controlled by the number and relative intensity of the overtones that are 
present. A “pure” tone (no overtones) may not be as pleasing as the “rich” 
tone of a violin, which contains ten or more overtones. Any complex wave 
can be resolved into a number of simple waves. The more complex the wave, 
the greater is the number of overtones that contribute to it. 

In Fig. 4 are shown the wave forms and overtone structure of sound pro¬ 
duced by different instruments. Such wave forms can be obtained by means 





Fig. 2. When pressure is plotted against 
time for a sound wave of a single fre¬ 
quency, a simple sine curve is obtained. 


of a cathode-ray oscilloscope (Chap. 41). The sound wave is received by a 
microphone, which converts the pressure changes into electrical impulses. 
These in turn are amplified and cause motion of a spot on a sensitive screen 
to make a record of the wave form. 

Loudness and Intensity. I he loudness of a sound is the magnitude of the 
auditory sensation produced by the sound. The associated physical quantity, 
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intensity , refers to the rate at which sound energy flows through unit area. 
Intensity may also be expressed in terms of the changes in pressure, since the 
rate of flow of energy is proportional to the square of the pressure change. 

The loudness of sound depends upon both intensity and frequency. For a 
given frequency an increase in intensity produces an increase in loudness but 
the sensitivity of the ear is so different in the various frequency ranges that 
equal intensities produce far different sensations in the different regions. In 
Fig. 5 is shown a diagram giving the relations between frequency, intensity, 
and hearing. Intensities below the line indicating the threshold of hearing 
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Fig. 4 . Wave forms and frequency distribution in sounds produced by musical instru¬ 
ments. 


are insufficient to produce any sensation of hearing. The curve indicates that 
the normal car is most sensitive in the frequency range 2000 to 4000 vib/sec, 
that is, in this range it requires the least energy to cause a sensation of sound. 
The intensity necessary for hearing in the regions near the high and low 
limits of audibility is many times as great as that necessary in the region of 
greatest sensitivity. 

The smooth threshold curve represents the average of many individuals. 
For a single person the curve would not be smooth but would show numerous 
dips and peaks. The threshold curve in Fig. 5 is one for the most sensitive 
cars. Of a large group tested only 1 per cent were able to hear sounds of 
intensity less than this threshold. The broken line indicates thresholds below 
which 50 per cent of the group were unable to hear. 

11 the intensity becomes too great, the sensation becomes one of feeling or 
pain rather than of hearing. This is indicated by the upper curve showing 



the threshold of feeling. Only in the region of intensity and frequency 
bounded by the two curves is there a sensation of hearing. 

In the region of maximum sensitivity, the ear is able to hear sounds over 
an extremely wide range of intensity. At the threshold of audibility the 
intensity at the ear is almost unbelievably small, about 10 -16 watt/cm 2 . At 
the threshold of feeling, the maximum intensity that the ear records as sound 
is about 10 -4 watt/cm 2 . The maximum intensity in this range is thus a thou¬ 
sand billion times the minimum. The sensitivity of the ear to pressure changes 
is very great. At the threshold of audibility the pressure in the wave varies 



Fic. 5. Limits of audibility. Only within the region of frequency and intensity enclosed 
by the curves is the sensation of sound excited. 

from normal only by about 0.0002 dyne/cm 2 , and for the most intense sounds 
by about 200 dynes/cm 2 . For the most intense sounds the pressure change 
is about a million times as great as for the least intense. 

In a sound wave the particles of air that take part in the vibration move 
neither far nor fast. Using Fq. (8), Chap. 24, we can calculate the amplitude 
of the particles at a moderate frequency, say 2000 vib/sec. For the most 
intense sounds (threshold of feeling) the displacement is only about 5.4 
X 10~ 3 cm, while at the threshold of hearing it is about a millionth of this 
value. The corresponding maximum speed calculated from simple harmonic 
motion is about 68 cm/sec. 

The measurement of loudness is important for practical purposes but is a 
difficult one to achieve. There is an approximate law of psychology, which 
states that the magnitude of a sensation is proportional to the logarithm 
of the intensity. 
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S=\ogj (1) 

io 

where S represents the magnitude of the sensation (for sound loudness), 
I the intensity, and In the intensity at a reference level. This law is called the 
Weber-Fechner law. It does not exactly represent the relationship between 
loudness and intensity for sound, but is a fair approximation for pure tones 
at most frequencies. For complex however, there is no simple relation¬ 

ship. In place of the sensation S , we use intensity level a, 

« = log j (2) 

There is a gain of one unit in intensity level when the actual power of the 
second sound is 10 times as great as the first. Hence it is now customary to 
state the differences in the intensity levels of two sounds as the exponent of 10, 
which gives the ratio of the powers. The unit exponent is called the bel, 
for Alexander Graham Bell (1847-1922), whose researches in sound arc 
famous. If one sound has 10 times as much power as a second sound of the 
same frequency, the difference in their intensity levels is 1 bel. The bel is an 
inconveniently large unit and hence the decibel (0.1 bel) is the unit that is 
generally used in practice. A 26 per cent change in intensity alters the level 
by 1 db (decibel). This is practically the smallest change in energy level that 
the ear can ordinarily detect. Under the best laboratory conditions a 10 per 
cent (0.4 db) change is detectable. 

Intensity level is measured from an arbitrarily chosen intensity. An in¬ 
tensity of 10 -10 microwatts/cm 2 is chosen as a zero level or 0 db. It is roughly 
the intensity of the threshold of audibility for tones between 500 and 2500/sec. 
The intensity levels of familiar sounds are given in Table I. 

TABLE I. INTENSITY LEVELS OF CERTAIN SOUNDS 

Decibels 


Barely audible sound. 0 

Calm evening in country. 10 

Ordinary conversation. 60 

Trolley car. 80 

Boiler factory. 100 

Threshold of pain. 120 


For any disturbance carried by waves spreading uniformly in all directions 
in space, the intensity is inversely proportional to the square of the distance 
Irom the source. 1 hus at a point 3 yd from a small source of sound, the 
intensity will be one-ninth (^ 3 2 ) of its value at a distance of 1 yd. If the source 
of sound is not small the intensity decreases less rapidly than predicted by 
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the inverse square law. Also in actual practice, reflected sounds usually con¬ 
tribute to the intensity, especially indoors. 

Example: At what rate must a small source of sound emit energy if the intensity 
12 m away is to be 4.5 microwatts/cm 2 ? Neglect reflections. 

The energy is spread over the surface of a sphere 12 m in radius. The area is 

A = 4ir r- = 4tt( 1200 cm) 2 = 18 X 10 6 cm 2 
P = IA = 4.5 X 10 ' 6 “^T x 18 x 106 cm2 = 82 watts 

The Ear. The car is essentially a device which transmits and magnifies 
the pressure changes which come to it in sound waves. It consists of three 



Fic. 6. Diagram of the car. The parts of the car arc not drawn to scale. 

sections, the outer car, the middle ear, and the inner ear (Fig. 6). The outer 
section consists of the external car or pinna and the canal. The canal is 
separated from the middle ear by a membrane called the ear drum T. In the 
middle ear are three small bones, the hammer , the anvil, and the stirrup , which 
transmit the pressure changes to the inner ear. The hammer is attached to 
the ear drum, the stirrup to a membrane 0 that separates the middle and 
inner ear. The three bones make up a system of levers that is so arranged as to 
increase the force. In addition, the area of the stirrup bearing on the mem¬ 
brane at the inner ear is much smaller than the ear drum. By these means 
the pressure changes are increased 30 to 60 times. The inner ear is filled with 
liquid. The semicircular canals .S' are organs of balance and take no part in 
hearing. The cochlea C is really the end organ of hearing where the nerve 
enters. Here the pressure changes in vibrations excite the sensation of sound. 

It is possible for sound vibrations to by-pass the outer and middle ear and 
be conducted through the bone directly to the inner ear. One type of hearing 
aid is designed to make use of such bone transmission. Others are amplifiers 
that increase the energy that reaches the ear drum. 
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Voice Sounds. Voice sounds are formed by passage of air through the 
vocal cords, lips, and teeth. As the air stream passes through the vocal cords, 
they are set in vibration. The cavities of the nose and throat impress resonant 
characteristics on these vibrations to produce speech sounds. All the vowel 
sounds and some of the consonant sounds are produced in this manner. 
Other sounds called unvoiced sounds, for example, f, s, th, sh, t, and k arc 
produced by passage of air over the teeth and tongue without use of the vocal 
cords. Voiced consonants, such as b, d, g, j, v, and z, are combinations of 
the two processes. 



FREQUENCY 

Fio. 7. Frequency chart for a vowel sound. 

The various vowel sounds are made by changing the shape of the resonant 
chamber so that different frequencies arc enhanced. Each of the vowel sounds 
has certain characteristic frequency groups as shown in the frequency chart 
in Fig. 7 and in Table II. 

TABLE II. CHARACTERISTIC FREQUENCIES OF VOWEL SOUNDS 


Vowel sound 

Low frequency 

High frequency 

a (tape). 

550 

2100 

a (father). 

825 

1200 

c (cat). 

375 

2400 

e (ten). 

550 

1900 

i (dp). 

450 

2200 

0 (tone). 

500 

850 

u (pool). 

400 



The values given are average values and there is considerable variation for 
different individuals and for a single individual at different times. If one of 
these speech sounds is passed through a sound filter that absorbs frequencies 
in the neighborhood of one of the characteristic frequencies, the vowel sound 
is no longer recognizable. 

Musical Scales. The simplest music consists of a succession of musical 
tones of the same or different pitches. This constitutes a melody. Any succes- 
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sion of pitches can be chosen but it is found that the effect is most pleasing if 
the ratio of the frequencies of succeeding tones is a ratio of small integers. 
By use of this fact we construct a musical scale and in the melody only fre¬ 
quencies that appear in the scale are used. 

Two tones sounded in succession or together constitute an interval. The 
ear recognizes intervals in the musical scale by ratios of frequencies rather 
than by differences in frequency. The interval between frequencies 600 and 
1200 /sec is the same as the interval between 150 and 300/sec since the ratio 
in each case is This is the simplest ratio other than Other simple ratios 
used in our common musical scale are ^ 3 , ^ 3 , 5 4> an d 1 %• 

A Diatonic Scale. A diatonic scale is made up of eight notes, which 
have frequencies such that the intervals between the first note and the others 
are those just given. The frequency of the first note may be chosen arbitrarily. 
The others are then fixed. Suppose middle C on the piano is fixed at 256 
vib/sec. Then, the frequencies and intervals are those given in I able III. 


TABLE III. FREQUENCIES AND INTERVALS IN THE DIATONIC SCALE 


Note. . . 

c 

D 

E 

F 

G 

A 

B 

C' 










Frrnurncv scientific oiten. 

256 

288 

320 

341 

384 

427 

480 

512 

concert nitch .. 

264 

297 

330 

352 

396 

440 

495 

528 

Ratio to C . 

1 

% 

H 

X 

H 

H 

l H 

2 

Ratio to preceding frequency. . 

4 

% 

5 

10 A 5 

% 

6 i 


% 

16 A 5 

Triads . 




4 


5 


6 



(6) 



4 


5 



We note that there are three intervals between successive notes, % the 
major tone, 10 «, the minor tone, and ,r ^5 the semitone. Intervals between 
the basic frequency and the other frequencies are also given names. Since 
the ratio ' l \ occurs at the eighth note, this interval is called the octave. Simi¬ 
larly, the ratio is called the major third, % the fourth, ? 2 the major fifth, 
and 5 -;{ the major sixth. 

The ear recognizes as harmonious three notes when the frequencies arc 
proportional to the three numbers, 4, 5, and 6 . This combination is called a 
major triad. The major diatonic scale is made up of three major triads as 
indicated in Table III. 

Consonance and Dissonance. When two notes are sounded together or 
consecutively, they seem pleasing if the interval is a simple ratio. Such a 
combination is a consonance. All other combinations are dissonances. There is no 
sure test as to whether the ratio of frequencies is “simple” since the decision 
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depends upon the past training of the observer. What seems dissonance fo one 
observer may seem consonance to another. 

Dissonances appear when beat frequencies between about 10 and 50 are 
formed as the two notes are sounded together. The beat frequency may be 
formed by the fundamental frequencies or by any pair of overtones present in 
the complex tones. Dissonances thus will not be present in pure tones except 
at low frequencies. Consonance represents the absence of dissonance. 

Evenly Tempered Scale. The intervals of the diatonic scale are larger 
than is desirable in much music. However, if we try to split the larger inter¬ 
vals by semitones, it is not possible to find a single frequency that will divide 
the interval satisfactorily. For example, the semitone above G would not 
have the same frequency as the semitone below A. In other words, on this 
scale would differ from A^. To overcome this difficulty, a scale of 12 equal 
intervals or semitones is set up. If x represents the semitone interval, then 
(x) 12 = 2 or x = 2^ 3 = 1.059, approximately. This scale of even intervals is 
called the evenly tempered scale ana is that actually used in music at the present 
time. Bach wrote his compositions for the “well-tempered clavichord” to 
demonstrate the usefulness of the evenly tempered scale in changing from 
one key to another. Only a very acute car will recognize the difference be¬ 
tween the evenly tempered and diatonic scales. In Table IV is a comparison 
of the intervals. 

TABLE IV. FREQUENCY INTERVALS IN MUSICAL SCALES 


Note 



C 


D 

E5 1 

D<« 

E 

F 

G5 

F# 

G 

A 5 
G # 

A 

B? 

A 4 

B 

C' 

Diatonic ; 

interval... 
Tempered 
interval. . 

1.000 

1 .oooj 

1.059 

1.125 

1.122 

1.200 

1.189; 

1.250; 

1.260 

1.333 

1.335 

. 

1.414 

1.500 

1.498 

1.600 

1.587 

1.667 

1.682 

1.782 

1.895 

1.888 

2.000 

2.000 


Sound Production. Any vibrating body whose frequency is within the 
audible range will produce sound provided that it can transfer to the medium 
enough energy to reach the threshold of audibility. Even though this limit 
is reached it is frequently necessary to amplify the sound so that it will be 
readily audible where the listener is stationed. For this purpose sounding 
boards and loud-speakers may be used, the purpose of each being to increase 
the intensity of the sound. 

When a sounding board is used, the vibrations are transmitted directly 
to it and force it to vibrate. The combined vibrations are able to impart 
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greater energy to the air than the original vibration alone. If the sounding 
board is to reproduce the vibrations faithfully, there must be no resonant 
frequencies, for such resonance will change the quality of sound produced. 

The loud-speaker is used to increase the intensity of sound sent out, either 
by electrical amplification or by resonance. Two general types arc used: the 
direct radiator, such as the cone loud-speaker commonly used in radios, and 
the horn type. The direct radiator is used more commonly because of its 
simplicity and the small space required, and is usually combined with 
electric amplification. The horn speaker consists of an electrically or mechani¬ 
cally driven diaphragm coupled to a horn. The air column of the horn pro¬ 
duces resonance for a very wide range of frequencies and thus increases the 
intensity of the sound emitted. The horn loud-speaker is particularly suitable 
for large-scale public address systems. 

Sound Detectors. The normal human ear is a remarkably reliable and 
sensitive detector of sound, but for many purposes mechanical or electrical 
detectors are of great use. The most common of such detectors is the micro¬ 
phone in which the pressure variations of the sound wave force a diaphragm 
to vibrate. This vibration, in turn, is converted into a varying electric current 
by means of a change of resistance or generation of an electromotive force. 
For true reproduction the response of the microphone should be uniform 
over the whole frequency range. Such an ideal condition is never realized 
but a well-designed instrument will approximate this response. Microphones 
are used when it is necessary to reproduce, record, or amplify sound. 

Parabolic reflectors may lx* used as sound-gathering devices when the 
intensity of sound is too small to affect the ear or other detectors or where a 
highly directional effect is desired. The sound is concentrated at the focus of 
the reflector and a microphone is placed there as a detector. Such reflectors 
should be large compared to the wavelength of the sound received and 
hence they are not useful for low frequencies. 

Location of Sound. Although a single ear can give some information 
concerning the direction of a source of sound, the use of two ears is necessary 
u great accuracy is desired. The judgment of direction is due to a difference 
between the impression received at the two ears, these differences being due 
to the differences in loudness or in time of arrival. This is sometimes called 
the binaural effect. Certain types of sound locators exaggerate this effect by- 
placing two listening trumpets several feet apart and connecting one to each 
ear. The device is then turned until it is perpendicular to the direction of the 


sound. In this way the accuracy of location is increased. 

Reverberation; Acoustics of Auditoriums. A sound, once started in a 
room, will persist by repeated reflection from the walls until its intensity is 
reduced to the point where it is no longer audible. If the walls are good 
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reflectors of sound waves—for example, hard plaster or marble—the sound 
may continue to be audible for an appreciable time after the original sound 
stops. The repeated reflection that results in this persistence of sound is called 
reverberation. 

In an auditorium or classroom, excessive reverberation may be highly 
undesirable, for a given speech sound or musical tone will continue to be 
heard by reverberation while the next sound is being sent forth. The practical 
remedy is to cover part of the walls with some sound-absorbent material, 
usually a porous substance like felt, compressed fiberboard, rough plaster, 
or draperies. The regular motions of the air molecules, which constitute the 
sound waves, are converted into irregular motions (heat) in the pores of such 
materials, and consequently less sound energy is reflected. 

Suppose a sound whose intensity is one million times that of the faintest 
audible sound is produced in a given room. The time it takes this sound to die 
away to inaudibility is called the reverberation time of the room. Some rever¬ 
beration is desirable, especially in concert halls: otherwise the room sounds 
too “dead.” For a moderate-sized auditorium the reverberation time should 
be of the order of 1 to 2 sec. For a workroom or factory it should, ot course, 
be kept to much smaller values, as sound deadening in such cases results in 
greater efficiency on the part of the workers, with much less attendant nervous 
strain. 

The approximate reverberation time of a room is given by the expression, 

0.049 V 


7 = 


S(*.4j 


( 3 ) 


where T is the time in seconds, V is the volume of the room in cubic feet, 
and IkA is the total absorption of all the materials in it. The total absorption 
is computed by multiplying the area .4, in square feet, of each kind of ma¬ 
terial in the room by its absorption coefficient k (see Table V) and adding these 
products together. 

The absorption coefficient is merely the fraction of the sound energy that 
a given material will absorb at each reflection. For example, an open window 
has a coefficient of 1, since all the sound that strikes it from within the room 
would be lost to the room. Marble, on the other hand, is found to have a 
value of 0.01, which means it absorbs only 1 per cent of the sound energy at 
each reflection. Equation (3) usually gives satisfactory results except for very’ 
large or very small halls, for rooms with very large absorption, or for rooms 
of peculiar shape. 

By means of Eq. (3) we can compute the amounts of absorbing materials 
needed to reduce the reverberation time of a given room to a desirable value. 
The absorbing surfaces may be placed almost anywhere in the room, since 
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TABLE V. ABSORPTION COEFFICIENTS FOR SOUNDS 

OF MEDIUM PITCH 


Open window. 1.00 

Ordinary plaster. 0.034 

Acoustic plaster. 0.20-0.30 

Carpets. 0.15-0.20 

Painted wood. 0.03 

Hair felt, 1 in. thick. 0.58 

Draperies. 0.40-0.75 

Marble. 0.01 


the waves are bound to strike them many times in any case. In an auditorium, 
however, they should not be located too close to the performers. 

In addition to providing the optimum amount of reverberation, the de¬ 
signer of an auditorium should make 
certain that there are no undesirable 
effects due to regular reflection or focusing 
of the sound waves. Curved surfaces of 
large extent should in general be avoided, 
but large flat reflecting surfaces behind 
and at the sides of the performers may 
serve to send the sound out to the audience 
more effectively. Dead spots, due to inter- 
ferencc of direct and reflected sounds, F,c .\, 8 \ RipplMank ' nodcl ° f an 

. .. . ’ auditorium showing reflections from 

should be eliminated by proper design of t |, c wa || s 



the room. 

T he acoustic features of the design of an auditorium may be investigated 
before the structure is built by experimenting with a sectional model of the 
enclosure in a ripple tank (Fig. 8). In this way the manner in which waves 
originating at the stage are reflected can be observed and defects in the design 
remedied before actual construction is undertaken. 


SUMMARY 

Sounds differ in pitch, quality, and loudness. 

A musical lone is produced by a regular succession of compressions and the 
following rarefactions. 

An unpitched sound is produced by an irregular succession of compressions 
and rarefactions or by a disturbance of such short duration that the car is 
unable to distinguish a regular succession. 

A noise is any undesired sound. 

The pitch of a sound is associated with the physical characteristic of fre¬ 
quency of vibration. The average human ear is sensitive to frequencies over a 
range of 20 to 20,000 vib/scc. 
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The quality of a sound depends upon the complexity of the wave, that is, 
upon the number and relative prominence of the overtones. 

The loudness of sound is the magnitude of the auditory sensation. 

The intensity of sound is the energy per unit area per second. For direct 
sound from a small source, the intensity varies inversely as the square of the 
distance from the source. 

Intensity level is the logarithm of the ratio of the intensity of a sound to an 
arbitrarily chosen intensity. The bel and decibel are units of intensity level. 
One bel is the change in intensity level which represents a tenfold ratio of 
power , 

“ = log f. 

A musical scale is a succession of tones, which bear a simple relation to each 
other. 

Reverberation is the persistence of sound in an enclosed space, due to 
repeated reflection of waves. It may be reduced by distributing sound ab¬ 
sorbent material about the enclosure. 

QUESTIONS 

1 . Not all compressional waves can be called sound waves. In what respects can 
they differ from sound waves? 

2. If two pure tones have the same frequency and amplitude, can the ear dis¬ 
tinguish one from the other? 

3. Draw a simple wave and its first harmonic overtone along the same axis, 

making the amplitude of the latter half as great as that of the fundamental. Combine 
the two graphically by adding the ordinates of the two curves at a number of different 
points, remembering that the ordinates must be added algebraically. If the resulting 
curve is taken to represent a complex sound wave, what feature of the curve reveals 
the quality of the sound? o 

4. Draw a simple wave and its first harmonic overtone, making the latter 45 
out of phase with the fundamental and the amplitude half that of the fundamental. 
Combine the two graphically by adding the ordinates at a number of different points. 
Compare the curve obtained with that of question 3. Is the wave form the same? 
Is the complexity the same? Will the two combinations ordinarily be distinguishable? 

5. By what means can the overtones of a musical note be isolated and identified? 

6. What is the purpose of the horn that is sometimes used as a hearing aid? 

7. A noise meter is calibrated in decibels. What docs the meter measure? 

8 . What advantages has the evenly tempered scale over the diatonic scale? 

9. Why is the absorption of sound waves an important consideration in archi¬ 
tecture? What is the physical meaning of absorption? How is it accomplished? What 
becomes of the energy of the sound wave absorbed? 
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10. In an auditorium with wooden seats how does the presence of a large audience 
affect (a) the reverberation and (b) the average loudness of the sound? 

11. Which of the following actions would be more effective in decreasing the 
reverberation time in an auditorium in which the audience occupies wooden chairs: 
(a) requiring the audience to rise from their seats, (b) opening the windows, or (c) 
opening doors to adjoining rooms? * 

12. One hall is considered ideal for music, another for speaking. Which hall is 
likely to have the longer period of reverberation? 

13. If the period of reverberation in an auditorium is too long, how can it be 
shortened appreciably? 


PROBLEMS 


1. The human car can respond to sound waves over a range of frequencies from 
about 20 cycles/sec to about 20,000 cycles/sec. Calculate the wavelengths corre¬ 
sponding to these frequencies (a) for sound waves in air and ( b ) for sound waves in 
water. 

2. What is the wavelength in air of sound to which the ear is most sensitive? 

Arts. 0.36 ft 

3. In a certain concrete grandstand the distance from one riser back to the next 
is 30 in. If a person claps his hands in front of this grandstand, what is the frequency 
of the note that comes back to him? 


4. Sound of a single frequency is reinforced by reflection from stone steps each 

IS in. deep. If the speed of sound is 1080 ft/sec, what is the frequency of the reflected 
notc ? Am. 360 cycles/sec 

5. Calculate the amplitude in air under standard conditions of a sound wave 

whose frequency is 400/scc at (a) the threshold of audibility and ( b ) the threshold 
of feeling. 

6. Calculate the amplitude in air under standard conditions of a sound wave 
whose frequency is 1200/scc at the intensity level of ordinary speech. 


Ans. 0.90 X 10 -6 cm 

7. A relation between the maximum gauge pressure P (pressure amplitude) and 
the displacement amplitude A for a sound wave in a gas may be written P = lirvjdA. 
The pressure amplitude of a sound wave of frequency 100/sec just detectable by a 
person of good hearing is about 0.010 dyne/cm 2 , (a) What is the displacement ampli¬ 
tude of the wave in air? The pressure amplitude of the loudest tolerable sound wave 
of frequency 100/sec is about 200 dynes/cm 2 . What is its displacement amplitude 
( b ) the wave is in air and (c) if the wave is in water? 

8. I wo sounds of the same frequency have intensities of 10~ IC and 10 12 watt/cm 2 . 
Wliat is the difference between the intensity levels of these sounds? Ans. 40 db 

9. At a certain point the power received from one loud-speaker is 100 times as 
great as that from a second. What is the difference in intensity level lx*tween the two 
sounds at that point? 

10. I he intensity level at unit distance from a small source is 50 db. Assuming 
that the sound travels uniformly in all directions, what will be the intensity level at 
a distance of 10 units? Neglect absorption. / \ nim 30 db 
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11. (a) What is the ratio of the sound intensity measured 2.0 ft from a small 
whistle to the sound intensity measured 20 ft from the whistle? (A) What is the differ¬ 
ence in intensity levels? 

12. For ordinary conversation the intensity level is given as 60 db. What is the 

intensity of the wave? Arts. 10~ 10 watt/cm 2 

13. The intensity level of a certain sound* of frequency 200/sec lies 30 db above 
the threshold of audibility. What is the intensity of this sound? 

14. The first note of a diatonic scale has a frequency of 480/sec. Compute the fre¬ 
quencies of the other seven notes. Ans. 540, 600, 640, 720, 800, 900, 960/sec 

15. Compute the frequencies of the major diatonic scale based on E as 320/sec. 
What notes of this scale are common to the scale based on C as 256? 

16. A minor diatonic scale is made up of three triads each having frequency 

ratios of 10/12/15. Compute the frequencies of each of the notes in an octave if the 
lowest note is 256/sec. Ans. 256, 288, 307, 241, 384, 410, 462, 512/sec 

17. Compute the frequencies of an evenly tempered scale starting with E as 

320/sec. _ _ 

18. What is the reverberation period for a room of 100,000-ft 3 volume and 20,000- 
ft 2 area if the average absorption coefficient of the surfaces is 0.20? Ans. 1.2 sec 

19. A classroom 30 by 25 by 12 ft has a cork tile floor (absorption coefficient 0.030) 

and plastered walls. ( a ) What is the reverberation time for this room? (A) How many 
square feet of draperies (absorption coefficient 0.60) must be placed on the walls of 
the room to make the reverberation time 2.0 sec? _ 

20. What is the reverberation time of a hall whose volume is 100,000 ft 3 and whose 

total absorption is 2000 ft 2 ? How many square feet of acoustic wallboard of absorption 
coefficient 0.60 should be used to cover part of the present walls (ordinary plaster) 
in order to reduce the reverberation time to 2.0 sec, assuming that Eq. (3) holds for 
this hall? Ans. 2.5 sec; 800 ft 2 

21. A concert hall whose volume is 30,000 ft 3 has a reverberation time of 1.50 
sec when empty. If each member of an audience has a sound absorption equivalent 
to 4.0 ft 2 of ideal absorbing material (absorption coefficient unity), what will the 
reverberation time be when 200 people are in the hall, assuming that Eq. (3) holds 
for this hall? 

22. An auditorium is rectangular in shape, 115 by 75 ft, and 30 ft high. It has 

plaster walls and ceiling, a wood floor, and 750 seats, each with an equivalent com¬ 
plete absorption area of 0.10 ft 2 , (a) Find the reverberation time of the empty audi¬ 
torium. (A) What is the reverberation time when the auditorium is filled if each 
auditor has an equivalent area of 4.0 ft 2 ? Ans. 13 sec; 3.2 sec 
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Magnetism 


Magnetism is not only among the oldest but today it is probably one of the 
most vital fields of science. The Electrical Age, with all the conveniences 
which it has brought to our lives, was made possible by our increasing knowl¬ 
edge of magnetism and of the magnetic effects of electric currents. Economical 
ways of generating and transmitting huge quantities of electric energy be¬ 
came feasible when we learned the relationships between the older laws of 
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magnetism and the more recendy discovered facts relating to the phenomena 
of electric currents. Most electrical measuring instruments depend upon 
magnetic forces. Large electromagnets and tiny permanent mapiets are 
commonplace in modern industry. It is therefore appropriate to introduce 
the subject of electricity with some consideration of the laws of magnetism. 

Classes of Magnets. Several centuries before the beginning of the 
Christian era it was known that a certain iron ore possessed the peculiar and 
then mysterious property of attracting small bits of iron. This material 
became known as a natural magnet. Such a substance, called magnetite (FesO^, 
retains its magnetic qualities almost indefinitely and is therefore an example 
of a permanent magnet. Artificial permanent magnets are made in a variety 
of ways, one of the simplest being to stroke a steel rod with another natural 
or artificial magnet. Temporary magnets, such as electromagnets and induced 
magnets, will be described later. 

Magnetic Poles. When a magnetized steel bar (bar magnet) is rolled 

in iron filings, bunches of the filings 
cling to the bar at and near the ends 
(Fig. 1). Few filings adhere to the middle 
of the bar. The external magnetic effects 
of the bar are concentrated at regions 
near the ends. These regions arc called 
magnetic poles. If the bar magnet is sus¬ 
pended so that it is free to turn, it will 
always take a position with its axis along 
an approximate north and south line 
with the same end always toward the 
north. The pole that turns toward the 
Fig. 1. Bar magnet that has been nQ rth is called a north-seeking , N , pole, 
dipped in iron filings. wh ij e the other pole is called a south-seek¬ 

ing , S, pole. The steel bar acts as a compass needle; in fact, most magnetic 

compasses are essentially magnetized steel bars. 

Attraction and Repulsion. If the A - pole of a magnet is brought near the 
.V pole of another magnet, it is found that the like poles repel each other. 
But if the .S' pole of one magnet is presented to the ./Vpole of the other magnet, 
there is a force of attraction. The general rule correlating these observations 
is one of the oldest laws of science. It may be stated: Unlike magnetic poles 
attract each other while like poles repel one another. A popular example of these 
forces between magnets is illustrated in a modern “Mohammed’s coffin 

(Fig- 2) - ... , 

According to modern theory most forces between magnets are bene\ 
to be caused by the forces which moving electric charges in atoms exert on 
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each other. The possibility that such forces exist because of elementary 
atomic currents was pointed out by Ampere in 1820. Some authorities prefer 
not to use the concept of magnetic poles and to explain all magnetic phe¬ 
nomena in terms of the forces between these Amperian currents. However, 
the idea of poles in magnets is well established 
in elementary practice, and this useful concept 
is likely to be retained, even though such poles 
have no objective reality. 

Forces between Poles; Coulomb’s Law. 

A quantitative study of the force between 
magnetic poles by the French physicist 
Coulomb (1736-1806) showed that this force 

is directly proportional to the strengths of the respec¬ 
tive poles and is inversely proportional to the square 
of the distance between the poles. This basic law of 
magnetism is known as Coulomb's law. If F is 
the force between poles, rn is the magnetic pole 
strength of one pole, m the magnetic pole 

strength of the second pole, and i is the distance between the points where 
the poles may be assumed to be “localized,” Coulomb’s law of magnetism 
may be written symbolically 


Fic. 2. Magnetic repulsion. 
The upper magnet remains 
suspended by the magnetic 
repulsion of the like poles of 
the lower magnet. (The end 
guides are merely to keep the 
magnets from moving side¬ 
ways.) 


F = 


mm 


US 


0 ) 


where the symbol ^ designates a quantity called the permeability , which de¬ 
pends on the medium in which the poles interact. 

Electromagnetic Units. A system of units used in magnetism and elec¬ 
tricity and known as electromagnetic units (emu) is based upon the arbitrarily 
selected concepts of length, mass, time, and permeability. In the cgs electro¬ 
magnetic system the standard of permeability is arbitrarily chosen as unity 
for empty space. For air, n differs from 1 by only a few parts in a million and 
other “nonmagnetic” substances also have permeabilities very close to 1. 
But for iron, steel, and many special'alloys, n has values up to the thousands. 

Unit Magnetic Pole. From Coulomb’s law (Eq. 1) it is possible to 
define a unit pole. A unit pole is one oj such strength that it exerts a force of 1 dyne 
on another unit pole 1 cm away in a medium of unit permeability (vacuum, or air 
approximately). 

No particular names have thus far been chosen for the units of either 
magnetic pole strength or for permeability, although both are dimensional 
quantities and not pure numbers. Hence it is customary to refer to such units 
by their “family” name as electromagnetic units. To minimize this difficulty of 
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naming units, the designation unit pole (u.p.) will be used, for example, “a 
pole of strength 100 u.p.” For the sake of convenience, n will be referred to 

% 

in this book as a mere numeric. But it does have dimensions, the electro¬ 
magnetic unit of permeability, as seen from Eq. (1), is the (u.p.) 2 /dyne-cm. 2 

Example: A magnetic pole of strength 50.0 u.p. exerts a force of 200 dynes upon 
a second pole placed 5.00 cm, in air, away from the first pole. What is the strength of 
the second pole? 





200 - 50 -° X ^ • 

1.00 x (5.00)2 

m = 100 u.p. 


Example: A north-seeking pole A of strength 10 u.p. is placed midway between 
an S pole B of strength 300 u.p. and an N pole C of strength 500 u.p. Poles B and C 
are 20 cm apart in air. What force does pole A experience? 


Force on A due to B = 
Force on A due to C = 


10 X 300 ™ ^ 

1.0 X 10 2 = 30 dynes 

10 x 500 

1.0X10 S 50dynCS 


(toward B) 
(toward B) 


Since these two component forces arc in the same direction the net force is their sum, 
namely, 80 dynes in the direction toward the pole B. 

Magnetic Fields. A magnetic field is a region in which a force is exerted upon 
a magnetic pole introduced into that space. Such fields exist around magnets. They 
also exist in the vicinity of electric currents. 

4 



Fig. 3. Magnetic field around a bar magnet. 


The direction of a magnetic field is specified as the direction of the force on an 
N pole at the point considered. 

A piece of iron placed in a magnetic field is found to become magnetized 
temporarily. This process is known as magnetization by induction. For example, 
when iron filings are introduced into a magnetic field, each little piece of 
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iron becomes a magnet by induction. The JV' and S poles of these small 
magnets arc acted upon by forces in accordance with Coulomb's law. Since 
the filings arc easily moved, they tend to line up, like a compass needle in a 
magnetic field. The direction of a field at various points may be shown by 
moving a small compass from place to place or by the way iron filings would 
arrange themselves when sprinkled on a glass plate laid over a bar magnet 
(Fig. 3). Note the way in which the filings cluster near the poles, indicating 



0 >) 

Fia. 4. Magnetic field near two poles: (<i) unlike poles; ( b ) like poles. 


the fact that the magnetic field is more potent in that section. The appearance 
of magnetic fields in other typical cases is shown in Fig. 4. 

Magnetic Field Strength. I he strength (or intensity) of a magnetic 
field is expressed in terms of the force that the field exerts upon an jV magnetic 
pole in the field. Magnetic field strength II is defined as the force per unit N pole that 
the field exerts on the pole. 


m 


( 2 ) 


The oersted is the unit of magnetic field strength. An oersted is the strength 
"f that field in which a force of 1 dyne is exerted upon a unit pole at that point. It should 
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be noted that field strength is a term which applies to a particular point 
in the field; the strength usually varies greatly from point to point in any 
given field. Field strength is a vector quantity, since it has both magnitude and 
direction. When there are several poles or other factors that set up a magnetic 
field, the resultant field strength at any particular point is the vector sum of all 
the component field strengths. 

Example: A force of 1000 dynes is exerted upon a magnetic pole of strength 
250 u.p. placed at a point in a magnetic field. What is the strength of the magnetic 
field at that point? 



1000 dynes , , 

—zxx - = 4.00 oersteds 

250 u.p. 


Example: A magnetic field of strength 1.73 oersteds is mapped by iron filings. 
Then another field of strength 1.00 oersted is superimposed at an angle of 90° upon 
the first field. What is the resultant field? Through what angle will the iron filings be 
rotated? 

//2 = //,2 + h 2 2 = 1.73* + 1.00* 

H = 2.00 oersteds 


The angle Q between the first field and the resultant field is the angle through 
which the filings arc rotated. It is given by 


cos 6 


1.73 

2.00 


= 0.866 


0 = 30° 


Torque on a Magnet in a Magnetic Field. When a magnet is placed 
in a magnetic field, there will be a force on the N pole tending to move it in 
the direction of the field and a force on the S pole in the opposite direction. 
This gives rise to a torque which tends to rotate the magnet until it lines up 
with the field. If the field is uniform, the two forces will be equal in magnitude 
and opposite in direction. The resultant torque is known as a couple. Its 

magnitude is the product of one of 
the forces by the perpendicular dis¬ 
tance between the lines of action of 
the two forces. The following example 
will illustrate such a case. 

Example: Calculate the torque which 
acts upon a bar magnet 15.0 cm long and 
having a strength of 360 u.p. when the magnet is placed at an angle of 45° to a uni¬ 
form field of strength 0.800 oersted (Fig. 5). 

Fn = Uni = 0.800 oersted X 360 u.p. = 288 dynes 
L = Fs = 288 dynes X 15.0 cm X sin 45° = 3050 cm-dynes 




c§A‘V m '^ 60u P- 
-- 


H* 0.800 OERSTED 


*”2 ~ 360 u.p. 

V 


Fig. 5 . Torque on a magnet in a uniform 
magnetic field. 
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Field Strength Near an “Isolated” Pole. While it is impossible to have 
completely isolated poles, they may be approximated in practice and are a 
very convenient academic fiction. One may obtain the measure of the 
magnetic field strength near an isolated pole by figuratively placing a small 
U pole mi at the point considered and applying Eqs. (1) and (2). 



mm\/tis- _ m 
m i ns 2 



It should be emphasized that the equation H = m/ns 2 is not the defining 
equation for field strength. It is a special application of the defining equation 
H = F/m and of Coulomb’s law. 

Strictly speaking, all of these equations apply only to point poles , that is, 
those whose effects may be considered as acting around a point. As a rough 
approximation in elementary problems, the N and S poles of a bar magnet 
are considered to be point poles of equal value and localized at the ends of 
the magnet. 


Example: What is the magnetic field strength 4.0 cm, in air, from an isolated 
pole of strength 320 u.p.? 



320 

1.0 X 4.0'- - 20oCrSteds 


Example: A bar magnet 8.0 cm long has poles of strength 250 u.p. Determine 
the magnetic field strength at a point P which is 5.0 cm distant from each pole 

(Fig. 6). 



8 


Fla. (>. Resultant field intensity in terms of components. 


The field intensity II s due to the pol 
given by 

rj _ m_ __ 

* 1.0 X 5.0* 


250 


I-- 


= 10 oersteds 


The field II H due to the .S’ pole is also 10 oersteds in magnitude but has the direction 
along PS as represented by the vector PC. The resultant field II is represented by the 
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vector PA, in accordance with the usual parallelogram construction. Since triangles 
ASP and PAB are similar, the following proportion may be written 

H _ 8.0 cm 
10 oersteds 5.0 cm 

16 oersteds (parallel to magnet) 

Magnetic Lines of Force. A small magnetic compass will assume a 
definite position in a magnetic field. If the compass be moved always in the 
direction its JV pole points, the path traced is called a line of force. More tech¬ 
nically, a magnetic line of force is a line so drawn that it shows at every point the 
direction of the field. A tangent to the line at any point gives the direction of the 
force on an N pole at that point, namely, the direction of the magnetic field. 



Fig. 7. Lines of force around a bar magnet. 


The general appearance of the lines of force around a bar magnet is shown in 

Fig- 7. 

Some of the phenomena of magnetism can be described by giving to these 
lines of force the properties of having a tendency to contract in the direction 
of their length and to exert sidewise forces perpendicular to their lengths. 
Lines of force never intersect in a magnetic field. 

A convenient arbitrary convention for graphically portraying magnetic 
field strength is to agree to represent the strength of the field by the number 
of lines of force drawn through unit area (1 cm 2 ) normal to the field (see 
Chap. 36). Thus the region near a bar magnet would have many more lines 
of force per unit area than a place farther away from the magnet. 

The term magnetic flux is applied to the aggregate number of lines of 
force (Chap. 36). 

Example: How many lines of force would pass through a circle of radius 1.5 min 
normal to a magnetic field of strength 300 oersteds? What would this number be if 
the circle were inclined at an angle of 30° with the direction of the field? 


or 

PB NP 

H = X 10 oersteds = 
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Number of lines = field strength X normal area 

= 300 oersteds X 7r(0.15 cm) 2 
= 22 lines of force 

When the area makes an angle with the field, the number of lines through the area 
normal to the field varies with the sine of the angle between the direction of the field 
and the area. Hence the number of lines in the second case would be 

22 X sin 30° = 11 

Terrestrial Magnetism. Many centuries ago it was observed that a 
compass needle aligns itself in a north-south position. About 1600, William 



Fig. 8 . Isogonic chart of the United States. 

Gilbert, physician to Queen Elizabeth, published results of his experiments 
which indicated that the earth acts as a great magnet and gave the first 
satisfactory evidence for the existence of terrestrial magnetism. 1 he observed 
magnetism of the earth can be roughly portrayed as if it were due to a huge 
bar magnet within the earth with its axis displaced about 17 from the 
earth’s axis and considerably shorter than the earth’s diameter. 1 he two 
magnetic poles of the earth are located in northern Canada and in Antarctica, 
both at considerable distances from the geographical poles. 

On his first voyage to America, Columbus observed that a compass needle 
docs not point directly north and that it does not everywhere point in the 
same direction. This variation of the compass from the true north is called 
magnetic declination. Lines drawn on a map through places that have the same 
declination arc called isogonic lines. On the map in l'ig. 8 are shown a series 
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of isogonic lines. The line drawn through places that have zero declination 
is known as an agonic line. In the United States places east of the agonic line 
have west declination and those west of this line have east declination. The 
navigator who uses a magnetic compass must continually make allowance 
for this variation of the compass. 

The actual direction of the magnetic field of the earth at most places is 
not horizontal and only the horizontal component of the field is effective in 
the indications of the ordinary compass. If a magnetized needle is mounted 
on a horizontal axis through its center of gravity, the needle will dip from the 
horizontal. In the vicinity of New York City the needle would come to rest 



Fig 9. Dip needle. 



Fig. 10. Horizontal and ver¬ 
tical components of the earth’s 
field H. 


dipping at an angle of about 72° below the horizontal. Such a needle, as 
shown in Fig. 9, is known as a dip needle. 

The horizontal component Hh of the earth’s field //, the vertical component 
H Vi and the angle of dip 6 are shown diagrammatically in Fig. 10. At the 
earth’s magnetic equator the dip is zero. At the magnetic poles it is 90 . 

The strength and direction of the earth’s magnetic field not only vary 
from place to place but also vary in time. There is a very small and periodic 
daily variation, an even smaller annual variation, but a very material, 
though erratic, secular variation, or long-time change. For example, at 
London, England, the declination in 1580 was 11°E, in 1655 it was zero, in 
1810 it became 24°\V, and in 1940 was about 8°W. Large and very erratic 
variations occur at certain times. These are known as magnetic “storms. 
They do not necessarily occur simultaneously with meteorological storms, but 
are probably related to variations in electric currents in the earth’s atmos- 
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phere. There is correlation in time between magnetic storms and the occur¬ 
rence of sunspots and it is generally agreed that the two are intimately 

related. 

The facts of terrestial magnetism are so complex and the observed data 
are comparatively so meager and contradictory that theories as to the origin 
and nature of the earth’s magnetism are not at present on a firm basis. 

SUMMARY 

Magnets may be classified as natural or artificial and as permanant or temporary. 

Magnetic poles are the regions, usually near the ends of magnets, where 
their magnetic effects are most evident. The end of a freely suspended magnet, 
which turns toward the north, is called a north-seeking or N pole while the 
south-seeking end is designated the S pole. 

Like poles repel; unlike poles attract. 

Coulomb's law for the force between magnetic poles is expressed by 


In the electromagnetic system of units, n is arbitrarily assigned a value of 
unity for empty space. 

A unit pole is one of such strength that it exerts a force of 1 dyne on 
another unit pole when placed 1 cm away in empty space. 

A magnetic field is a region possessing such properties that a force is exerted 

on a magnetic material placed in the region. 

The direction oj a magnetic field is specified as the direction of the force on an 

N pole placed at the point considered. 

Magnetic field strength is force per unit N pole 



m 


The electromagnetic unit of magnetic field strength is called the oersted. One- 
oersted is the strength of the magnetic field in which a force of 1 dyne is 

exerted upon 1 u.p. at that point. 

The magnetic field strength near an isolated pole is given by 



rn 



Magnetic lines of Jorce are drawn so as to indicate at all points the direction 
of the field. The strength of the field is conventionally represented by the 
number of lines per unit area normal to the field. 
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The earth acts as a great magnet. A magnetic compass indicates the direc¬ 
tion of the magnetic north; this differs from the geographic north by an angle 
known as the declination. In works on navigation this angle is frequently called 
the variation. 

QUESTIONS 

1. What are the reasons for the appearance of a lodestone which has been dipped 
in iron filings? 

2. Describe a simple demonstration which could be used to illustrate the molecu¬ 
lar theory of magnetism. 

3. How could one demonstrate that the two poles of a magnet are of equal 
strength? 

4. Describe and explain what happens when a bar magnet is repeatedly broken 
into smaller pieces and the pieces rolled in iron filings. 

5. Is magnedc attraction as satisfactory a test for polarity as magnetic repulsion? 
Why? 

6. A cylindrical bar magnet is placed at the foot of an inclined plane. A second 
magnet is allowed to roll down the plane, with its poles placed in the same sense as 
the stationary magnet. Explain what will happen. 

7. An unmagnetized bar of steel and an exactly similar magnetized bar are 
available but there is no other apparatus to be used. How could one show which of 
the bars is the permanent magnet? 

8. Explain why it is that if the N pole of a strong magnet is brought near the N 
pole of a weak magnet, the initial force of repulsion changes to one of attraction when 
the poles are very near each other. 

9. Why are the tops of steam radiators S magnetic poles, as proved by their re¬ 
pulsion of the S pole of a compass? 

10 A strong bar magnet is fixed in a vertical direction. An iron paper clip is 
fastened to a string below the magnet. If the string is of such a length that the clip 
is barely unable to touch the magnet, explain what will happen. Explain what hap¬ 
pens when plates of iron, copper, glass, and paper are consecutively inserted between 
the magnet and the clip. 

11. Determine the cgs unit of permeability from the units of the quantities in the 
Coulomb-law equation. 

12. Derive the dimensional equation for magnetic pole strength, that is, express it 
in terms of length, mass, time, and permeability. 

13. Sketch a rough graph showing the variation of the magnetic field intensity 
near an isolated pole as a function of the distance away from the pole. 

14. Sketch the lines of force around an isolated A' pole; around an isolated ^ pole. 

15. Show why lines of force in a magnetic field never intersect each other. 

16. 1 lot a curve to show the variation of the number of lines of force through a 
coil as the coil is rotated with constant speed in a uniform magnetic field. 

17. A small magnetic compass needle is mounted on a cork and floated on water. 
How will it behave? Will the needle as a whole move toward the north or south if the 
field is uniform? Why? Is your statement still true if the field is nonuniform? Why? 
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18. How might the rate of oscillation of a magnetic needle suspended by a fiber 
attached at the center of the needle be used in locating deposits of iron ore beneath 
the surface of the earth? 

19. A red-hot iron rod when allowed to cool while lying in a north-south position 
in the earth’s magnetic field is found to be left weakly magnetized. What will its 
polarity be? State the reasons why the bar becomes a magnet. 

20. Why are gyrocompasses and radio compasses now so commonly used in navi¬ 
gation instead of the conventional magnetic compass? 


PROBLEMS 

1. An N magnetic pole of strength 50 u.p. is 25 cm, in air, away from an S pole 

of strength 200 u.p. What is the direction and magnitude of the force on the N pole? 
on the S pole? 

2. An isolated magnetic pole exerts a force of 40 dynes upon a second pole of 
strength 100 u.p. when the poles are 30 cm apart, in air. What is the strength of the 

f,rst P° le? . Ans. 360 u.p. 

3. Two magnetic poles each of strength 40 u.p. repel each other with a force of 

12 dynes when 10 cm apart in a certain medium. What is the permeability of this 
medium? 

4. A hrec points A, B, and C are on a straight line. At A there is an isolated 6’ pole 
°f strength 80 u.p. At /i, 16 cm from A, there is an isolated jV pole, also of strength 
80 u.p. At C, 4.0 cm from B and 20 cm from A, there is an isolated 6’ pole of strength 
20 u.p. What is the magnitude and direction of the force on the pole at C? 

Ans. 96 dynes 

5. Two isolated N poles of strength 500 u.p. are 30.0 cm apart. What is the mag¬ 
nitude and direction of the force on an S pole of strength 150 u.p. which is 10.0 cm 
from one A pole and 20.0 cm from the other? 

6. Two isolated poles of equal strength but unlike sign 12.0 cm apart, in air, exert 

a force of 6.25 dynes on each other. What force is there on an N pole of strength 10.8 
u.p. placed midway between these two poles? Ans. 18.0 dynes 

7. Two similar cobalt steel magnets 6.00 cm long have pole strengths of 325 u.p. 

Ihcse magnets arc arranged as in Fig. 2 with their like poles 1.40 cm apart. What is 
the mass of each magnet? 

8. Two bar magnets P and Q each 10 cm long are placed horizontally so that P 
is above (), and 7.5 cm away. The N pole of P is vertically over the 6’ pole of 0 and 
the .S pole of P is vertically above the A' pole of Q. If P has a pole strength of 25 u p 
and Q. a pole strength of 40 u.p., find the total force between the magnets. 

o ~ ... , Ans. 28 dynes 

9. Two similar bar magnets 8.00 cm long are freely suspended about an axis 

rough their A poles. The .9 poles repel each other so that the magnets are kept 

wf Cm T rt al thC,r ' OWCr CndS ’ The ma 8 ncts have equal pole strengths of 500 u.p. 
vvnat is the mass of each magnet? 

Iw . , A f pair of identical bar magnets, each 15 cm long and of mass 60 gm, are sus¬ 
pended from a common point at their .? pole ends. The X pole ends hang down and 
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are kept 5.00 cm apart by their mutual repulsion. Calculate the pole strengths of the 
magnets. Ans. 350 u.p. 

11. An N pole of strength 300 u.p. is situated 6.0 cm in air away from an S pole 
of similar strength. What is the magnetic field strength midway between these poles? 
What would be the field midway between the poles if they were both N poles? 

12. How far from an isolated N pole of strength 20 u.p. must one go in order that 

its field will just neutralize the earth’s magnetic field, which has a strength of 0.80 
oersted? Sketch the arrangement. Ans. 5.0 cm 

13. An isolated N pole A of strength 180 u.p. exerts a force of 500 dynes upon 
another isolated N pole, 6.00 cm away. At what point between A and B is the mag¬ 
netic field strength zero? 

14. A magnetic pole A when placed 10 cm in air away from a pole B of strength 
20 u.p. experiences a force of 8.0 dynes. If at another point A is acted upon by the 
earth’s field with a force of 30 dynes, what is the earth’s field strength at that place? 

Ans. 0.75 oersted 

15. An isolated N magnetic pole A exerts a force of 40 dynes upon an isolated S 
pole B of strength 100 u.p., situated 30 cm from A. What is the magnetic field strength 
at a point which is on the line joining A and B, 10 cm from A and 20 cm from B? 

16. Determine the strength of the magnetic field at a point 10 cm directly below 
the center of a bar magnet 20 cm long if the magnet has a pole strength of 40 u.p. 
and is placed horizontally with the N pole toward the right. Ans. 0.28 oersted 

17. A bar magnet is 10 cm long and has poles of strength 300 u.p. What is the 
strength of the magnetic field at a point 5.0 cm from the W pole measured along a line 
normal to the axis of the magnet? 

18. A magnet 25 cm long has pole strengths of 20 u.p. What torque acts on the 

magnet when it is placed at an angle of 40° with the magnetic lines in a field of 4.0 
oersteds? Ans. 1.29 X 10 3 cm-dynes 

19. A bar magnet 20.0 cm long is placed so that it makes an angle of 30° with a 
magnetic field of strength 50.0 oersteds. The magnet experiences a torque of 1.50 X 
10 J cm-dyncs. What is the pole strength of the magnet? 

20. A magnet 10.0 cm long has poles of strength 80 u.p. What torque is required 
to hold the magnet at an angle of 60° with the magnetic lines in a uniform field of 
5.0 oersteds? If the magnet is pivoted at its center, what force perpendicular to the 
magnet acting 3.0 cm from the pivot is required? Ans. 3500 cm-dynes; 1200 dynes 

21. A bar magnet 7.50 cm long, of strength 300 u.p., is suspended by a light cord 
attached to the center of the magnet. The magnet is originally parallel to a uniform 
magnetic field of 45.0 oersteds. What is the (approximate) work done in displacing 
the magnet through an angle of 5.0°? 

22. In a dynamo the magnetic lines of force pass normally from the poles into an 

iron armature (sec Fig. 6, Chap. 36). Assume that a certain armature is in the form 
of a uniform cylinder 25 cm long with a radius of 7.0 cm. The magnetic field in the 
air gap has a strength, constant in magnitude, of 150 oersteds. How many lines of 
force enter the armature? Ans. 8.2 X 10 4 

23. The poles of a bar magnet .\ r S have strengths 160 u.p. and are 8.0 cm apart. 
Calculate the number of lines of force which pass through an area of 2.5 cm* normal 
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to the field at a point 6.0 cm from .Yand 10.0 cm from S. What is the direction of these 
lines of force? 

24. At a point in central Pennsylvania the earth has a field strength of 0.82 oersted 

and the angle of dip is 70°. What are the horizontal and vertical components of the 
field strength at this place? Ans. 0.28 oersted: 0.77 oersted 

25. At a certain point the horizontal component of the earth's magnetic field has 
a strength of 0.35 oersted and the vertical component a strength of 0.50 oersted. ( a ) 
What is the angle of dip at this point? (b) Calculate the total strength of the earth's 
field at this place. 

26. The earth’s magnetic field in a laboratory is 0.75 oersted and the angle of dip 
is 60°. Find the number of magnetic lines passing through (a) the floor, (6) an east- 
west wall, and (c) a north-south wall, each of which has an area of 108 ft 2 . 

Arts. 6.5 X 10 4 ; 3.7 X 10 4 ; zero 

27. Show that the magnetic field strength due to a short bar magnet at a distance 
s from the mid-point along a line at right angles to the magnet is approximately 
ml/ns 3 . 

28. Show that the magnetic field strength at a point on the axis of a short bar 
magnet distant s from its mid-point is approximately 2 rnl/ns 3 . 

29. Derive an equation for the torque L which a magnet of strength m and length 
/ experiences when placed at an angle 0 to a uniform magnetic field of strength H. 

30. Two bar magnets, 10.0 cm and 15.0 long, placed in similar positions in iden¬ 

tical magnetic fields are ac ted upon by equal torques. If the poles of the shorter 
magnet have strength 300 u.p., what is the pole strength of the poles of the longer 
magnet? Arts. 200 u.p. 




KARL 

MANNE 

GEORG 

SIEGBAHN 

i 886- 


horn IN OREBRO, SWEDEN. PROFESSOR AT THE UNIVERSITY OF 
UPSAI.A, LATER DIRECTOR OF THE RESEARCH INSTITUTE FOR 
PHYSICS. STOCKHOLM. HIE I924 NOBEL PRIZE FOR PHYSICS WAS 

CONFERRED ON SIEGBAHN FOR Ills RESEARCH AND DISCOVERIES 
IN X-RAY SPECTROSCOPY. 


28 . 


Electricity at Rest 


r.isolim ti ucks dangk a chain along the road to prevent static electric 
c larges irom accumulating: to dangerous proportions. Lightning rods arc 
eflmive in discharging the electricity from low-hanging clouds and thus 
minimizing damage caused by lightning. Huge machines are today used for 
>111 c mg up high \oltages lor “atom-smashing” experiments. Electricity 
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stored temporarily in capacitors may be removed in a millionth of a second 
and replaced in the next instant, thus giving rise to electric and magnetic 
disturbances, which hurtle out through space with the speed of light and 
actuate our radio receivers. The phenomena of electricity at rest are both 
historically and practically of great significance in the development of science. 

Electrification. If a piece of sealing wax, hard rubber, or one of many 
other substances is brought into 
intimate contact with wool or cat’s 
fur, it acquires the ability to attract 
light objects such as bits of cork or 
paper. The process of producing this 
condition in an object is called 
electrification , and the object itself is 

said to be electrified or charged with 
electricity. charges attract. 

There are two kinds of electrification. If two rubber balls, electrified by 
being brushed against fur, arc brought near each other, they will be found 
to repel each other (Fig. 1 a). But a glass ball rubbed with silk will attract 
either of the rubber balls (Fig. 1 b), although two such glass balls will repel 
each other. The charge on the glass is evidently unlike that on the rubber. 
1 hese facts suggest the first law of electrostatics: objects that are similarly charged 
repel each other; bodies with unlike charges attract each other. 




tv/ 

I'io. 2. A charged body brought near an insulated conductor causes charges in the con- 
ductor to separate. I his results in an attraction of the conductor by the charge. 

The electrification produced in a glass rod by stroking it with silk is arbi¬ 
trary called positive electrification, while that produced in the rubber rod bv 
contact with wool is called negative electrification. It is ordinarily assumed 
that uncharged objects contain equal amounts of positive and negative 
electricity. When glass and silk are rubbed together, some negative electricity 
transferred from the glass to the silk, leaving the glass rod with a net positive 
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charge, and the silk with an equal net negative charge. Similarly, hard rub¬ 
ber receives negative electricity from the wool with which it is in contact, 
causing the rod to be negatively charged and leaving the wool positive. 
Though a similar explanation could be made by assuming a transfer of 
positive electricity, it has been shown that in solids only negative electricity 
is transferred. 

The effect of a charged object on one that is uncharged is illustrated in 
Fig. 2. Separation of positive and negative electricity within the uncharged 
object is produced by the charged rod, which exerts a force of repulsion on 
the like portion of the charge and an attraction on the unlike. In case a 
the negatively charged rubber rod causes the adjacent side of the uncharged 
object to become positively charged, while the opposite side becomes nega¬ 
tively charged. Because the unlike charge is nearer the rod, the force of 



Fig. 3 . Each atom consists of a positively charged nucleus surrounded by electrons. The 
three simplest atoms, hydrogen, helium, and lithium, arc represented diagrammatically. 

attraction will exceed that of repulsion and produce a net attraction of the 
uncharged object by the rod. In b is shown the case in which a positively 
electrified glass rod is used. It should be remembered that the separation of 
the charges described here does not alter the total amounts of positive and 
negative electricity in the uncharged object. No charge is gained or lost; all 
that occurs is a shift of negative electricity toward one side of the object, 
making that side predominantly negative and leaving the other side pre¬ 
dominantly positive. 

The Electron Theory and Atomic Structure. According to modern 
theory all matter is composed of atoms , tiny particles that arc the building 
blocks of the universe. There are many kinds of atoms, one or more for each 
chemical element. Each atom consists of a nucleus , a small, tightly packed, 
positively charged mass, and a number of larger, lighter, negatively charged 
particles called electrons , which revolve about the nucleus at tremendous 
speeds (Fig. 3). The centripetal force necessary to draw these electrons into 
their circular or elliptical paths is supplied by the electrical attraction be¬ 
tween them and the nucleus. The nucleus consists of a number of protons, 
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each with a single positive charge, and (except for hydrogen) one or more 
neutrons , which have no charge. Thus the positive charge on the nucleus 
depends upon the number of protons that it contains. This number is called 
the atomic number of the atom. An ordinary, uncharged atom contains equal 
numbers of electrons outside the nucleus and protons within the nucleus. 
Each electron carries a single negative charge of the same magnitude as the 
positive charge of a proton, so that the attraction between the nucleus of an 
atom and one of the electrons will depend on the number of protons in the 
nucleus. An electron has a mass of 9.106 X 10“ 28 gm. Since the mass of a 
proton or a neutron is about 1837 times that of an electron, the mass of the 
atom is almost entirely concentrated in the nucleus. The chemical properties 
of the atom are determined by the number and arrangement of the extra- 
nuclear electrons. 

Conductors and Insulators. A solid piece of material consists of an 
extraordinarily large number of atoms clinging together. Though these 
atoms may be vibrating about their normal positions as a result of thermal 
agitation, their arrangement is not permanently altered by this motion. Also 
present in solids are numbers of free electrons , so called because they are 
temporarily detached from atoms. The number and freedom of motion 
of these electrons determine the properties of the material as a conductor of 
electricity. A good conductor is a material containing many free electrons 
whose motion is not greatly impeded by the atoms of which the material is 
composed. As a result of the repulsive forces between them, free electrons 
spread throughout the material, and any concentration of them in any one 
region of the material will tend to be relieved by a motion of the electrons 
in all directions away from that region until an equilibrium distribution is 
again reached. 

In the best conductors the outer electrons of the atoms can easily be 
removed, so that a free electron colliding with an atom often causes an outer 
electron to leave the atom. When this happens, the ejected electron becomes 
a free electron, moving on, while its place in the atom is taken by another 
free electron that encounters the atom. An insulator , or poor conductor, is a 
substance that contains very few free electrons and whose atoms have no 
loosely held orbital electrons. 

In Table I some common substances are arranged roughly in the descend¬ 
ing order of their electrical conductivities. 

The reason for describing electrification as occurring through the transfer 
of negative electricity now can be seen. An uncharged object contains a large 
number of atoms (each of which normally contains an equal number of 
electrons and protons), but with some electrons temporarily free from atoms. 

If some of these free electrons are removed, the object is considered to be 
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TABLE I. ELECTRICAL CONDUCTORS 


Good conductors 

Poor conductors 

Insulators 

(very poor conductors) 

Silver 

Tap water 

Glass 

Copper 

Moist earth 

Mica 

Other metals 

Moist wood 

Paraffin 

Carbon (graphite) 

Dry wood 

Hard rubber 

Certain solutions 

Leather 

Amber 


positively charged, though actually this means that its negative charge is 
below normal. If extra free electrons are gained by an object, it is said to be 
negatively charged, since it has more negative charge than is normal. The 
positive charges in atoms are firmly bound in the nucleus and do not par¬ 
ticipate in ordinary conduction in solids. 

Electric Charge. The quantity of electricity or charge Q possessed by a body 
is simply the aggregate of the amount by which the electrons exceed (or 
are less than) the positive charges in the body. The phenomena of charges at 
rest constitute the subject of electrostatics. Later it will be noted that charges 

in motion constitute electric currents, 
with their varied effects. It must be 
clearly understood that charges and 
magnetic poles are very different concepts. 
For example, positive charges are not 
in any way to be confused with N 
poles. Furthermore, a charge at rest 
in a magnetic field experiences no 
force due to that field. 

The Leaf Electroscope. A com¬ 
mon device to study electrostatic phe¬ 
nomena is the leaf electroscope (Fig. 4). 

This instrument consists essentially of 
a strip of very light gold leaf or other thin metal foil hanging from a contact 
on a flat metal plate which terminates in a ball at the upper end. This plate 
is carefully insulated from the metal case, which has glass windows for 
observation. 

When a charged body of either sign is brought near the knob of the elec¬ 
troscope, the leaf diverges from the plate. This is because the charge in the 
body causes a separation of the charges in the electroscope plate. When 
the charging body is removed, the charges in the plate flow together and the 
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Fig. 4 . Loaf electroscope, showing de¬ 
flection caused by proximity of charged 
glass rod. 
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leaf collapses. To charge the electroscope permanently, one could touch the 
knob with a charged rod. If the charging rod has a positive charge, some 
electrons will leave the plate and flow into the charged rod. When the rod 
is withdrawn, the leaf will remain diverged for a considerable time because 
of the positive charge on the electroscope. A negatively charged body touch¬ 
ing the knob will leave the electroscope negatively charged since some of 
the extra electrons on the body will flow into the plate. Note the fact that in 
this process of charging by conduction the sign of the charge left on the electro¬ 
scope is the same as that of the charging body. Electroscopes can be made 
which have an amazingly high sensitivity, so that noticeable deflections 
can be observed from exceedingly small charges, for example, those met 
with in radioactive phenomena. 

Force between Charges. Coulomb (1736-1806) was the first investi¬ 
gator to place the law of force between electrostatic charges upon an experi¬ 
mental basis. His relatively rough experiments established the law, now 
known as Coulomb’s law of electrostatics, that the force F between two 
charges Q_ and Q,' varies directly with each charge, inversely with the square 
of the distance s between the charges, and is a function of the nature of the 
medium surrounding the charges. In symbols, Coulomb’s law is 

F = m 

Ks 2 

where the factor K is introduced to take care of the nature of the medium 
and represents a quantity usually called the dielectric constant. The term 
“constant” is not too well chosen since the dielectric constant varies from one 
medium to another and is not always constant even for a given material. 
Furthermore, K is not a pure number, but has dimensions and units in the 
systems of units ordinarily used in elementary work. 

The Electrostatic System of Units. It is convenient in dealing with 
electrostatic phenomena to introduce another cgs system of units known 
as electrostatic units (esu). In this family of units K is arbitrarily assigned a 
value of 1 esu for empty space. For air, K is approximately 1 esu. For other 
common dielectrics, A'ranges up to 10 esu. No special name has been assigned 
for the unit of dielectric constant. When a numerical value of K is stated 
without units, it is conventionally understood that the number refers to the 
electrostatic unit of dielectric constant. 

Names for other units of the quantities commonly dealt with in electro¬ 
statics are coined by prefixing “stat” to the name of the “practical” unit, as 
for example, stalvolt. Another example is the statcoulomb , to be defined in the 
following section. 
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Unit Quantity of Electricity, or Charge. A definition of the electro¬ 
static unit (esu) of charge, often called the “statcoulomb,” is readily available 
from Coulomb’s law. From Eq. (1), Qand Q,' are each unity when F, K , and 
s are unity. The statcoulomb is a charge of such a magnitude that it is repelled by a 
force of 1 dyne if placed 1 cm away from an equal charge in a vacuum. This charge is 
exceedingly tiny, in terms of practical values. For practical use a charge 
known as the coulomb is used. One coulomb is approximately 3 X 10 9 stat- 
coulombs. Although the statcoulomb is an exceedingly tiny unit and much 
too small for most purposes in conventional electricity, it is a very much 
larger unit than that which might seem to be a natural basic unit of quantity 
of electricity, namely, the charge of one electron. This value is 4.803 X 10 -, ° 
statcoulomb. 


Example: What is the force between two charges, one of 60 statcoulombs, the 
other of 80 statcoulombs, when they are 20 cm apart, in air? 



60 X 80 
1.0 X 20* 


= 12 dynes 


Example: A charge A of +250 statcoulombs is placed on a line between two 
charges B of +50.0 statcoulombs and C of —300 statcoulombs. The charge A is 5.00 
cm from B and 10.0 cm from C. What is the force on A? 

Force on A due to B = F x = | q ! q 2 = 500 dynes (toward C) 

Force on A due to C = F* = j^ y = 750 dynes (toward C) 

\ 

Since these two component forces are in the same direction, the resultant force is 
their arithmetical sum. 

Fi + F« = 1250 dynes (toward C) 

Electric Fields. I he region in the vicinity of a charged body possesses 
special properties because of the presence of the charge. For example, another 
charge brought into this region will experience a force. Such a space is known 
as an electric field. An electric field is defined as any region in which there 
would be a force upon a charge brought into the region. 

The direction of an electric field at any point is defined as the direction of the 
force upon a positive charge placed at that point. 

Electric Field Intensity. 1 his concept is analogous to magnetic field 
strength in magnetism. The intensity {or strength) of the electrostatic field at a point 
is defined as the force per unit positive charge at that point. The symbolic 
defining equation is 



(2) 
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where S is the electric field intensity 1 and F is the force exerted upon the 
charge q. Note that field intensity is a vector quantity. The esu of electric 
field intensity is the dyne per statcoulomb. 

Example: A charge of 30 statcoulornbs is placed in an electric field of intensity 
5.2 dynes/statcoulomb. What is the force on the charge? 

F = &q = (5.2 dynes/statcoulomb) X 30 statcoulornbs = 160 dynes 

Electric Field Intensity Near an Isolated Point Charge. A useful 
expression for the electric field intensity near an isolated point charge Q 
may be obtained as follows: Imagine a small positive charge q placed near 
Q. The force between these charges, by Coulomb’s law, is 

AT 2 


From the definition of electric field strength, 

_ F _ ( lq/Ks 2 

<7 


8 ? 


r _ JL 

b ~ Ks * 


(3) 


When a point is situated near a number of charges, the field intensity 
at that point is the vector sum of all such com- C 

ponent intensities. 

Example: What is the electric field intensity in oil 
of dielectric constant 2.0 at a point 4.0 cm from a 
charge of 960 statcoulornbs? 


ft _ 


960 


Ks * 2.0 X 4.0 1 


= 30 dynes/statcoulomb 



Example: Equal positive charges are placed at the O 

corners of an equilateral triangle. What is the electric & 

field intensity at a point equidistant from each corner? . ,G ‘ Electric inten¬ 
sity equidistant from three 

1 he component field intensities are shown in Eig. 5. c qual charges. 

I roin the symmetry of the figure it may be seen that the vector sum of the three 
components of the field is zero. 

Lines of Force. The direction of electric fields at various points may 
be represented graphically by lines of force. A line of force in an electric field 
is a line so drawn that a tangent to it at any point shows the direction of the 
electric field at that point. 

1 The symbol script C is used here rather than the italic F to avoid confusion when the 
latter symbol in used for electromotive force. 
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As an example of these definitions consider the isolated positive charge Q, 
placed at A in Fig. 6. A small, positive charge Q,' at b would experience a 
force of repulsion. Hence the region at b is an electric field. From symmetry 
it is evident that the direction of the force upon a positive charge anywhere 
near A would be radially away from A. Hence the lines of force are drawn in 




these directions. If A were the location of an 
\ / isolated negative charge, the electric field 

\ / would extend everywhere radially toward A. 

The diagram of Fig. 7 shows a plane section 

_ \£JF 0 f t h e electric field near a pair of charges equal 

' AX’ in magnitude but of opposite sign. The field 

s' / T \ at any point is the resultant of the superposi- 

/ \ tion of the two component fields due to the 

/ \ charges at A and B. For example, at point b 

the direction of the resultant force on a positive 
Fig. 6. Electric field near a t , , , , , , 

char ^ e charge would be along the vector drawn 

tangent to the line of force at that point. 

The similarities in the discussions of electric and magnetic fields are worth 
emphasizing. Indeed, most of the statements about magnetism would become 
correct statements about electrostatics if the following word substitutions 
were made: electric field for magnetic field; electric charge for magnetic pole; 
electric field intensity for magnetic field strength; electrostatic lines of force 
for magnetic lines of force; and dielectric constant for permeability. 


Fig. 6. Electric field near a 
charge. 



Fig. 7. Electric field near two equal charges of opposite sign. 


Lines of Force and Electric Field Intensity. As is the case in mag¬ 
netism, it is frequently convenient to represent graphically the intensity as 
well as the direction of the electric field by means of lines of force. This is 
done by the conventional agreement that the intensity of the field in dynes 
per statcoulomb will be represented by the number of lines of force per 
square centimeter normal to the field. 
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Electric Potential and Potential Difference. The difference of electric 
potential (PD) between two points is defined as the work done per unit quan¬ 
tity of electricity transferred between the points in question. The difference 
of potential across which 1 coulomb of electric charge can be transferred by 
1 joule of energy is called the volt. When the difference of potential between 
two points is expressed in volts, it is often referred to as the voltage between 
these points. Thus if an electric power line has a voltage of 120 volts it follows 
that 120 joules of work have to be expended for each coulomb of electricity 
which is transferred through any apparatus connected between the two wires. 

The defining equation for potential 
difference is 

W 

(4 ) 

where V is the potential difference, 

W the work done, and q the charge 
moved. Conventionally q is always 
understood to be a positive charge. In 
the electrostatic system, V is expressed 
in statvolts when W is in ergs and q in 
statcoulombs. One statvolt is approxi¬ 
mately equal to 300 volts. 

Potential Difference in Electric 
Fields. Consider the simple electric 
field illustrated in Fig. 8. The charge 
+ Q, produces an electric field with 

lines of force extending radially outward. A small test charge -\-q at any 

point in the field will be acted upon by a force. Hence it will be necessary to 

do work to move q between any such points as B and C. The work done per 

unit positive charge is a measure of the potential difference between these 
points. 



Fic. 8. Potential difference in an elec¬ 
tric field. 


Example: Two points in an electric field have a potential difference of 3.0 volts. 
Hhat work is required to move a charge of 5.0 coulombs between these points? 

W 

^ ~ ~ or W = V X q = 3.0 volts X 5.0 coulombs = 15 joules 

Absolute Potential. If the test charge q is at a point very far from A 
(I’ig. 8) the force on q is practically zero. Under these circumstances the PD 
between B and this point at an infinitely large distance away is called the 
absolute potential of the point B. The absolute potential of a point in an electric 
field is the work per unit charge required to bring a small positive charge from 
a point outside the field to the point considered. If, for example, it requires 
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20 ergs of work to bring 1.0 statcoulomb of charge from a point outside the 
field up to B, the absolute potential of B is 20 statvolts. If, similarly, the 
absolute potential of C were 30 statvolts, it is obvious that the PD between 
B and C would be 10 statvolts. 

Potential Difference Independent of Path. From the conservation of 
energy principle it must follow that the work done in moving a charge from 
one point to another in an electric field is independent of the path over which 
the charge is transported. Otherwise energy could be created or destroyed 
by moving a charge from one point such as B in Fig. 8 to C by path a> requir¬ 
ing an amount of work and returning by path b requiring a different amount 
of work. 

Since both work and charge are scalar quantities it follows that potential 
is a scalar quantity. The potential near an isolated positive charge is positive 


+800 -300 



Fig. 9. Potentials of points near two charges. 


in the sense that work must be done by an external source to move a positive 
test charge from a point outside the field up to any point near the first charge. 
The potential near an isolated negative charge is negative, since energy is 
supplied by the field in moving a positive test charge from a point outside 
the field to any point near the negative charge. 

Electric Potential Near an Isolated Point Charge. It is shown in 
Appendix III that the absolute potential V of a point near an isolated charge 
Q, is given by the equation 

v = £ (5) 


where s is the distance from the point in question to the charge that produces 
the field. The resultant potential of a point situated near a number of charges 
is the algebraic sum of all such component potentials; in symbols this may be 
stated 

■' - X (& (6) 

Example: In Fig. 9 is shown a charge A of +800 statcoulombs situated 30 cm 
from a charge B of —300 statcoulombs. (a) What is the potential at point D which 
is 10 cm from B and 20 cm from A? ( b) What is the potential at point C which is 
5.0 cm from A and 25 cm from B? 
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800 

+ 1.0 X 20 
800 

+ 1.0 X 5.0 


300 

1.0 X 10 
300 

1.0 X 25 



+40 - 30 = +10 statvolts 
+ 160 — 12 = +150 statvolts 


Example: How much work is required to move a charge of -*-50 statcouloinbs 
from D to C in the example above? 


W = Vq 


where V is the PD between D and C. 


Hence 


V = 150 statvolts — 10 statvolts = 140 statvolts 
IV = 140 statvolts X 50 statcoulombs = 7000 ergs, 


Eqiiipotcntial Surfaces. It is easily possible to find in an electric field 
a large number of points all of which have the same potential. If a line or a 
surface is so drawn that it includes such points only, the line or surface is 
known as an cquipotential line or surface. An equipotential surface is defined as a 
surface all points of which have equal potentials. 

Lines of Force Perpendicular to Equipotential Surfaces. Equi- 

potcntial surfaces in an electric field arc always perpendicular to the lines 

of force. This must be true because of the fact that the line of force shows, 

y definition, the direction of the force upon a test charge and there 

can be no force normal to this direction. Hence there is no work done in 

producing a small displacement of a test charge normal to a line of force, and 

this normal is therefore an cquipotential line. Hence, if the equipotential 

incs can be drawn the lines of force can be immediately constructed, they 

icing at all points perpendicular to the equipotential lines which they inter- 

'or c‘xampl<, in Fig. 10 there are shown the lines of force and the equi- 

potcntia incs in a plane surface containing two charges of equal magnitude 
and opposite sign. 

Charging by Induction. An insulated conductor may be given a perma- 
*nt c arge ^ induction. This process takes no charge from the object which 

I . * * . l C a *^ c * n tbc con ductor, as there is no electrical connection 

ween them. Hie method of charging by induction will be illustrated for 
c case of the leaf e ectroscope (Fig. 11). When a positively charged glass 
rod is brought near the electroscope, the electrons are attracted to the knob, 
aymg the leaf positively charged (case a). The net charge on the leaf and 

in* C H Z< r0 ’ S T n ° CharRC has bccn transferred to or from the surround- 
si nr/» ,; WCVCr : the potcnUal of thc entire plate and leaf is some positive value, 

eecl , S u C, ° r ,S ShUaU ' d nCar the positivc »V charged glass rod. The 
second step ,n the process is shown in h, where the plate is grounded. Elec- 
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trons flow up from the ground, attracted by the positively charged glass rod. 
This flow of electrons will cease in an instant when the previous positive 
potential of the plate has been reduced to zero. This potential must be zero 
since the plate and ground have a common potential which, by conventional 
agreement, is taken as zero. The third phase at c consists of breaking the 



I 


Fig. 10. Lines of force (solid lines, with arrows) and equipotential lines (shown broken) 
near two equal charges of unlike sign. 



Fig. 11. Successive steps in charging an electroscope by 



induction. 


ground connection. This does not change the potential or the charge. But 
when the charged glass rod is removed in d and the electrons in the knob 
redistribute themselves over the plate and leaf, the electroscope is left nega¬ 
tively charged and having a negative potential. Note that the sign of the 
final charge is opposite to that of the charging body, unlike the case of charg- 
ing by conduction. The source of the energy stored up in the charged electro¬ 
scope is represented by the additional work done in pulling the positively 
charged glass rod away from the negative charge on the electroscope. 
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SUMMARY 

Objects may be electrified or charged either positively or negatively by the re 
nioval or addition of electrons . 

Like charges repel, unlike charges attract. 

Coulomb’s law for the force between charges is expressed by 

f= Q3L 

Ks 2 


The value of K for empty space is arbitrarily assigned a value of 1 esu. 

The electrostatic unit charge (statcoulomb) is one that will act upon a 

similar charge with a force of 1 dyne when the charges arc 1 cm apart, in 
empty space. 

An electric field is a region in which a force is exerted upon a charge placed 
in the field. K 

The direction of an electric field is the direction of the force on a positive charge 
placed at the point considered. ° 

Electric field intensity is force per unit positive charge 



F_ 


The electric field intensity near an isolated point charge is given by 



Electric potential difference is work per unit charge 



W 

<1 


The potential difference between two points is independent of the path. 

The work done in moving a charge between points which arc at different 
potentials is given by 

W = Vq 

The absolute potential at a point is the work per unit charge necessary to 
wmg a positive charge from “infinity” to that point. 

The absolute potential near an isolated point charge is given by 
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An equipotential surface is a surface on which all points have the same poten¬ 
tial. The surface is everywhere perpendicular to the lines of force. A charge 
may be moved anywhere on an equipotential surface without work being 
performed on or by the field. 


QUESTIONS 

1. Mention a number of cases (other than those given in this book) in which 
static electricity is illustrated. 

2. When a charged rod is brought near bits of cork dust, the cork will at first 
cling to the rod. Very quickly thereafter the bits of cork will fly off from the rod. Ex¬ 
plain why this is true. 

3. A positively charged rod is brought near a ball suspended by a silk thread. 
The ball is attracted by the rod. Docs this indicate that the ball has a negative charge? 
Justify your answer. Would an observed force of repulsion be a more conclusive proof 
of the nature of the charge on the ball? Why? 

4. Will a solid metal sphere hold a larger electric charge than a hollow sphere of 
the same diameter? Where does the charge reside in each case? 

5. Explain why it is so much easier to remove an electron from an atom of large 
atomic weight than it is to remove a proton. 

6. As one gets out of an automobile, he sometimes gets a “shock” when he touches 
the car. Why is this? Is it likely to happen on a rainy day? Why? 

7. A positively charged rod is brought near the terminal of a charged electroscope 
and the leaves collapse as the rod approaches the terminal. When the rod is brought 
still closer (but not touching), the leaves again diverge. What is the sign of the charge 
on the electroscope? Explain its action. 

8. Make a rough sketch to show the main forces which act on the leaf of a charged 
electroscope when it is in equilibrium. 

9. Describe and explain an experiment in which a large and massive body can 
be set into motion by the use of the charge on a rubber rod. 

10. State some reasons why the use of the word constant in the term “dielectric 
constant” is not an appropriate choice. 

11. What proportionality constant would have to be introduced into the Coulomb- 
law equation if it is desired that the force be expressed in pounds? 

12. If instead of using statcoulombs of charge it were desired to use coulombs in 
the Coulomb-law equation, what proportionality constant would have to be inserted 
into the equation? 

13. State some similarities and some differences between the phenomena of electric 
fields and gravitational fields. 

14. Sketch the appearance of the lines of force ( a ) between two charged plates, 
one positive and the other negative, and ( b ) between a small positive charge and a 
negatively charged plate. 

15. Sketch an approximate curve to show how the electric field intensity near an 
isolated point charge varies as the distance away from the charge is increased. 
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16 . Can an electric potential exist at a point in a region where there is no electric 
field? Can the potential be zero at a place where the electric field intensity is not zero? 

17 . Draw a curve to portray the variation of electric potential with distance near 
an isolated point electric charge. 

18. Can two lines of force cross in an electric field? Why? Can two equipotential 
lines intersect? Why? 

19 . Given a positively charged, insulated sphere, how could you charge two other 
spheres, one positively, the other negatively, without changing the charge on the 
first sphere? What is the source of the energy represented by the charges acquired by 
the spheres? 

20. A glass ball and a copper ball are mounted on hard rubber insulating rod 
supports. Each is rubbed with a silk cloth. The electrification of each is tested at 
various places by means of a proof plane and an electroscope. Describe how the 
electrification is found to vary. 

PROBLEMS 

The term “insulated’ used in a number of these problems means that the object is 
not supposed to gain or lose charge by leakage through its supports. Unless otherwise 
stated, it should also be assumed that the charges are concentrated as point charges. 

1. Two concentrated charges of 300 statcoulombs and 500 statcoulombs are 12.5 
cm apart, in air. What force is there between them? 

2. Two similar small conductors have charges of +25 and —10 statcoulombs, 
respectively. 1 hey arc placed in contact and then separated until their centers are 
8.0 cm apart. What is the force between them at this position? Arts. 0.88 dyne 

3. I wo small conducting spheres of equal radii carry charges of +60 statcou- 
loinbs and —40 statcoulombs, respectively. If the spheres are brought into contact 

and their centers are then separated by 10 cm in air, what force is exerted by one 
sphere on the other? 

4. A small charged body, placed 3.0 cm vertically over a concentrated charge of 

4-100 statcoulombs, has its apparent weight increased by 49 dynes. What is the sign 
and magnitude of the charge on the body? Arts. —4.4 statcoulombs 

5 . When a charged pith ball is hung 15.0 cm above a charge of +300 statcou¬ 
lombs, its apparent weight is reduced 1.22 X 10 6 dynes. What is the sign and mag¬ 
nitude of the charge on the pith ball? 

6. Calculate die position of the point in the neighborhood of two point charges 

of +50 and —18 statcoulombs, situated 40 cm apart, where a third charge would 
experience no force. Arts. 60 cm from the second charge 

7. The coulomb is approximately equal to 3.0 X 10 9 statcoulombs. Mow much 

force, in tons, would there be between two such charges 1.0 cm apart, in air? Is such 
a thing feasible? Why? 

8. Assuming that a person could count two each second, how long would it take 
for a million people to count the electrons in 1 coulomb? Assume the people worked 
*n 10-hr shifts and the charge on an electron to be 1.60 X 10 _,# coulomb. 

Ans. 2.37 X 10** years 
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9 . Assume that the electron of charge e and mass m in the hydrogen atom revolves 
in a circular orbit of radius r and that the centripetal force is supplied by electrostatic 
attraction between the electron and the nucleus. Derive the expression for the speed 
v of the electron. 

10. Two small spheres having a mass of 300 milligrams (mg) each and having 
equal charges are suspended from the same point by silk strings 100 cm long. When the 
spheres are kept 15.0 cm apart by electrostatic repulsion, what is the charge on each? 

Ans. 70.5 statcoulombs 

11. Two small spheres, each having a mass of 150 mg and having equal charges, 
are suspended from the same point by silk threads 25 cm long. If the threads make an 
angle of 10° with each other, what is the charge on each sphere? 

12. Two gilded pith balls each having a mass of 100 mg are suspended in air by 
threads 30.0 cm long attached to a common point. When the balls are given equal 
charges, they are repelled to a distance of 1.80 cm from each other. ( a ) What is the 
force of repulsion? ( b) What is the charge on each ball? 

Ans. 2.94 dynes; 3.09 statcoulombs 

13. Two small metal spheres are supported from a common point by insulating 
cords 75 cm long. The spheres are charged with 60 statcoulombs each. Their electro¬ 
static repulsion forces them to remain apart a distance of 3.5 cm between the centers 
of the spheres. Calculate the mass of one of the spheres. 

14. What is the intensity of the electric field which will just support a water droplet 
having a mass of 10 micrograms (/xg) and a charge of 3.0 X 10 -4 statcoulomb? 

Ans. 33 dynes/statcoulomb 

15. A charge of —50 statcoulombs is situated in an electric field of intensity 
3.0 dynes/statcoulomb, directed horizontally toward the right. What is the magnitude 
and direction of the force on this charge? 

16. Three points A, B, and C arc on the corners of an equilateral triangle. At A 
there is a point charge of +300 statcoulombs. What is the magnitude of the electric 
field intensity at a point midway between B and C, if BC is 10.0 cm? 

Ans. 4.00 dynes/statcoulomb 

17. Charges Q, and — Q, of equal magnitudes are placed at points A and B which 
arc a distance s apart, in air. Derive the symbolic expression for the electric field 
intensity at a point C midway between the charges. A line CD is normal to AB. 
Derive the symbolic equation for the electric field intensity at point D which is at a 
distance r from C. 

18. Calculate the number of lines of force through a circle of 1.00 mm radius normal 
to the electric field at a point midway between two charges, one of +500 statcou¬ 
lombs, the other of —200 statcoulombs, placed 50.0 cm apart, in air. What force 
would be exerted upon a charge of +20.0 statcoulombs at that point? 

Ans. 0.0352; 22.4 dynes 

19. Derive an expression for the total number of lines of force which emanate 
from a point electric charge. 

20. \\ hat is the difference of potential between A and B if 125 ergs of work must be 
done to carry a charge of 6.40 statcoulombs from B to ^4? Ans. 19.5 statvolts 
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21. Two unlike point charges, each of strength 300 statcoulombs, are placed 40.0 
cm apart, in air. What is the electric field intensity at a point midway between the 
charges? What is the potential at that point? 

22. Two similar charges of 250 statcoulombs are situated on small spheres 15.0 cm 

apart. What is the electric field intensity midway between the spheres? What is the 
potential at this point? Ans _ zcro; 66 7 statvolts 

23. Determine the potential in empty space midway between two point charges 
24 cm apart when the charges are (a) +60 and -60, (b) +60 and +60, and (c) 
+80 and 60 statcoulombs, respectively. 

24. Calculate the electrostatic field intensity and potential midway between two 
point charges, one of +500 statcoulombs, the other of -200 statcoulombs, placed 
50.0 cm apart, in air. What work would be required to bring a charge of +23.5 
statcoulombs to this point from a very distant point? 

Ans - 1.12 dynes/statcoulomb; 12.0 statvolts; 282 ergs 

25. At point A there is a charge of 400 statcoulombs. At point B, 80.0 cm away. 

there is a charge of -800 statcoulombs. What is the electric field intensity and the 

potential at point C situated midway between A and B ? Point D is 30.0 cm away from 

’ on a line perpendicular to AB. How much work is required to move a charge of 
60 statcoulombs from D to C? & 

26. Two small metal spheres 25 cm apart have charges of 10 and 20 statcoulombs, 

respectively. Calculate (a) the electric field intensity and ( b) the potential, at a point 
midway between them. 

Ans. 0.064 dync/statcoulomb, toward the 10 statcoulomb charge; 2.4 statvolts 

27. Two small bodies A and B , having charges of +1000 and -216 statcoulombs, 
are 16.0 cm apart in air. (a) What is the electric field intensity at a point 20.0 cm 
Irom A and 12.0 cm from B? (b) What is the potential at that point? 

28. Compute the work required to bring a charge of 5.0 statcoulombs from a 
Point 24 cm from a charge of 60 statcoulombs to a point 3.0 cm from it. 

2 Q a Ans. 88 ergs 

# A smal1 spherical conductor in air has a charge of +200 statcoulombs. How 
much work is done in moving a unit positive charge from a point 50 cm from the 
center °f the sphere to a point 10 cm from the center of the sphere? 

30. Two point charges of +24 and —36 statcoulombs, respectively, are 50 cm 
apart in air. What is the electric field intensity and what is the potential at a point 
U Cm from thc former point and 40 cm from the latter? 

Ans ‘ 0.035 dynes/statcoulomb; —0.10 statvolt 

* ar gC3 of 1.00, 2.00, 3.00, and —4.00 statcoulombs, respectively, are placed 

2o l C corners of a square, taken in order. If the length of each side of the square is 
• em, find the potential at the middle point of the side joining charges 1 and 2 . 

* At cach corncr of a square 20 cm on a side is a small charged body. Going 

(a , T r f,T arC \ thC8C ChargCS arc + 60 ’ -3 °* + 60 > and -30 statcoulombs. Find 
e lcld intensity and (b) the electrostatic potential, at the center of the square. 

33 . , Ans. zero; 4.3 statvolts 

• A charge of 8.0 statcoulombs is moved 30.0 cm against a field which increases 
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uniformly from 12.0 to 50.0 dynes/'statcoulomb over that distance. How much work 
is done on the charge? 

34. The distance between concentrated charges of 125 statcoulombs and 150 
statcoulombs is changed from 75.0 to 25.0 cm. How much work is done? 

Arts. 500 ergs 

35. There is an electric field intensity of 7.50 dynes/'statcoulomb at a point A 
near a charge of 35.0 statcoulombs. A charge of 67.5 statcoulombs is placed so that 
the field at A is made zero. Locate A relative to both charges. What is the potential 
of the point A? 
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The Electric Current 


Jive in an age of electricity. I Ionics and factories are lighted by electricity; 
communication by telegraph, telephone, and radio depends upon the use of 
electricity; and the industrial applications of electricity extend from the 
delicate instruments of measurement and control to giant electric furnaces 
ar ‘d powerful motors. People seek recreation at theaters which utilize electric 
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current in many ways, and it is possible that television in future years will 
be as commonplace as is the radio of today. Electricity is a useful servant of 
man—a practical means of transforming energy to the form in which it 
serves his particular need. The effects of electricity both at rest and in motion 
are well known, and the means to produce these effects are readily available. 

This chapter is designed to give a preliminary and necessarily superficial 
preview of the major sources and effects of electric currents. The student is 
not expected immediately to become thoroughly familiar with all of these. 
But it has been found helpful to survey the field broadly before beginning 
more detailed studies of the individual portions. 

Electric Currents, Charges in Motion. In Chap. 28 the phenomena 
of electricity at rest were considered. When there is a flow of electricity 
through a substance, such as a copper wire, an electric current is said to exist 
in the wire. Such a current constitutes one of the most widely used means of 
transmitting energy in the modern world. The effects of electric currents are 
quite different from those of static electricity, just as the phenomena of water 
in motion differ from those of water at rest, as in a dammed-up stream. A 
famous American physicist Henry Rowland (1889) was the first to prove that 
electric charges in motion produce the characteristic effects of electric cur¬ 
rents, many of which were known at the time of his experiments. Some of 

the ways of producing electric currents and the effects of such currents are 
described in this chapter. 

In Chap. 28, the electron theory of the constitution of matter was discussed. 
This theory enables us to describe in very simple terms the main phenomena 
associated with electric currents. Conductors differ from insulators in the 
ease with which electrons leave their “parent” atoms and move through the 
conductor to constitute an electric current. Some of the details of the exact 
mechanism of the flow of electricity in solid conductors are not yet entirely 
clear. But in general modern physicists are agreed that the main facts of 
current electricity are elegantly described in terms of the flow of electrons 
through the conductor. 

Electric Current. Consider a circular loop of copper wire. The wire 
consists of a tremendous number of copper atoms along with a large number 
of free electrons. If energy is supplied to make these free electrons move 
around the circuit continuously, an electric current is said to be produced in the 
wire. It is to be emphasized that a source of electric current is simply a device for 
causing electricity to move around a circuit. The electrons themselves are already 
in a metallic circuit, hence a source of electric current merely causes a motion 
of electrons but does not produce them. Since electrons repel each other, a 
motion of those in one part of the circuit will cause those next to them to 
move, relaying the motion around the circuit. The individual electrons in a 
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current-carrying wire move with a relatively low speed (about 0.01 cm/sec 
for a current of 1 amp in a copper wire 1 mm in diameter), but the impulse 
of the electron movement travels around the circuit with a speed approaching 
that of light (186,000 mi/sec). 

Chemical Sources of Electric Current. Let us consider some of the 
methods by which electrons can be caused to move around a circuit. In Fig. 1 
is shown an electric circuit consisting of a dry cell, a push button, and a 
rheostat. A conventional wiring diagram for this circuit is shown in Fig. 2. 
The positive terminal of a cell is usually represented by a long, thin line and 
the negative terminal by a shorter (often heavier) line. The electrons are 
forced out of the negative terminal of the cell and around the circuit, return¬ 
ing to the positive terminal of the cell. Since the electrons leaving the cell 


RHEOSTAT RHEOSTAT 



Fio. 1. A simple electric circuit. F 10 . 2. A schematic diagram of 

the simple circuit. 


must push those just ahead (and thus those on around the circuit), the cell 
furnishes the driving force for the electrons throughout the circuit by pro¬ 
pelling each as it comes through. The cell thus does work on the electrons, 
communicating to them the energy released in the interaction of chemicals 
within it. This phenomenon is often known as the voltaic effect. 

There are many types of these chemical sources of electric current. Cells that 
must have their elements renewed after they have supplied a given amount of 
energy to an external circuit are called primary cells. Such sources of electric 
energy are quite expensive. This fact greatly hampered the industrial utiliza¬ 
tion of electric currents until other and vastly more economical electric 
generators” were invented. 

A widely used chemical source of electric current is the storage cell. This 
type of source differs from the primary cell in that it can be recharged by the 
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use of a reverse current from an outside source. This cell transforms electric 
energy into chemical energy during the charging process. During discharge, 
chemical energy is transformed into electric energy, as in the case of the 
primary cell. ' 

Direction of Electric Current. The modern picture for the mechanism 
of an electric current in a metallic conductor postulates a flow of electrons 
in the circuit. Since they are negatively charged, their direction of motion, 



Fig. 3. Directions of electron flow and conventional current. 


in the aggregate, is from the negative terminal of the source, through the 
external circuit, and back into the positive terminal. For many years before 
this picture became established, the direction of the flow was assumed to be 
that of positively charged particles. We now know that we do have this flow 
of positive electricity in many cases of gaseous and electrolytic conduction. 
But in the more common cases of metallic conduction the current is believed 
to be mainly a flow of electrons from the negative toward the positive. Any 

current direction is a convention, and the 
choice is arbitrary. In this book the 
common custom will be followed of 
regarding the direction of the conventional 
current as that of the flow of positive 
electricity. The electron flow and the 
direction of the conventional current 
are schematically represented in Fig. 3. 

An ammeter is placed in series in 
a circuit to measure the current. The 
positive terminal of a d-c ammeter is ordinarily marked with a •+- sign, the 
negative terminal often being indicated by a number equal to the range 
(full-load current) of the instrument. The electrons enter the negative ter¬ 
minal and leas e the positive terminal of the ammeter, while the conventional 
current is from the positive to the negative. 

Thermoelectric Source of Electric Current. A commonly used source 
of electric current in which heat is transformed into electric energy is shown 
in the thermocouple illustrated in Fig. 4. In the diagram there is shown a 
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loop consisting of a piece of iron wire joined to a piece of copper wire. One 
of the junctions is heated by a flame, causing electrons to flow around the 
circuit. The flow will continue as long as one junction is at a higher tempera¬ 
ture than the other junction. Such a device, consisting of a pair of junctions 
of dissimilar metals, is called a thermocouple. The main commercial use of 
thermocouples is for the measurement and control of temperature. 

Electromagnetic Generators of Current. The principle upon which 
the main source of electric currents depends is illustrated by the following. 
If one end of a bar magnet is plunged into a loop of wire, the electrons in 
the wire arc caused to move around the loop though their motion continues 
only while the magnet is moving (Fig. 5a). If the magnet is withdrawn, the 
electrons move around the loop in the opposite direction. The discovery of 
this means of producing an electric current with a moving magnet led to the 



I io. 5. (o) An electric current is produced by thrusting a magnet into a loop of wire 

(A) A simple generator. 


development ol the electric generator. A very simple generator is shown in 
Hg- 5 b. It consists of a stationary magnet between whose poles a coil of wire 
is rotated. The two ends of the coil are joined, through rotating contacts, to 
an incandescent lamp. During one-half of a rotation of the coil the electrons 
move in one direction through the lamp filament, while during the next half 
rotation they move in the opposite direction. Such a generator is said to 
produce an alternating current. 


Photoelectric Sources of Electric Current. If light falls on a clean 
surface of certain metals, such as potassium or sodium, electrons arc emitted 
h>' the surface. This phenomenon is called the photoelectric effect. If such a 
metallic surface is made a part of an electric circuit, such as that in Fig. 6, 
the electric current in the circuit is controlled by the light. If the light is 
bright, the current will be larger than if the light is dim. This device is known 
as a photoelectric cell and serves as a basis for most of the instruments that are 
operated or controlled by light such as television, talking motion pictures, 
wire or radio transmission of pictures, and many industrial devices for count- 
ln g» rejecting imperfect pieces, and control. 
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Electrification by contact, as described in Chap. 28, can bring about 
transfers of small quantities of electricity; yet it is not commercially important 
as a means of sustaining an electric current. 

Piezoelectric Sources. In recent years another source of electric current 
has become of importance in such devices as microphones, oscillators, phono¬ 
graph pickups, and frequency stabilizers. These instruments utilize crystals, 



which when slight pressures are applied produce tiny-voltages which may be 
amplified and used. This is known as the piezoelectric effect. 

In all these sources of electric current some type of energy is used to set 
the electrons in motion. Chemical, mechanical, thermal, or radiant energy 
is transformed into electric energy. 



Effects of Electric Current. The circuit in Fig. 7 consists of a battery E 
in series with a piece of high-resistance wire R\ an incandescent lamp L\ a 
cell Z containing metal electrodes (a and b) immersed in water to which a 
few drops of sulphuric acid have been added; and a key K , which opens and 
closes the circuit. A magnetic compass C is directly over the wire. 

If the key K is closed, the battery produces a flow of electrons from its 
negative terminal through <, L, R , K, and back to the positive terminal 
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of the battery. As a result of the flow, several changes occur in the various 
parts of the circuit. The wire R becomes warm, and the filament of wire in 
the incandescent lamp becomes so hot that it begins to glow. The water in 
Z presents a very interesting appearance. Bubbles of gas come from the sur¬ 
faces of the electrodes a and b (twice as much from a as from b ). Tests show 
that hydrogen gas is being given oflf at a , and oxygen at b. Since oxygen and 
hydrogen arc the gases that combine to form water and since the water in Z 
is disappearing, it is natural to conclude that the water is being divided into 
its constituents (hydrogen and oxygen) by the action of the electric current. 
This device Z ls called an electrolytic cell. 

The compass C, which points north (along the wire in Fig. 7) when the 
key is open, is deflected slightly when the key is closed. This indicates that a 
magnetic effect is produced in the vicinity of an electric current. A phe¬ 
nomenon so simple as the deflection of a compass needle hardly indicates the 
importance of the magnetic effect of an electric current, for it is this magnetic 
effect that makes possible the operation of electric motors as devices by means 
of which electric currents perform mechanical work. The magnetic effect 
makes possible also the radio, telephone, telegraph, and countless other 
important electric devices. 


The heat produced In R and L, the decomposition of water in the cell Z, 
and the deflection of the compass needle can be accomplished only by the 
expenditure of energy. By means of the electrons that it drives around the 
circuit, the battery E communicates energy to the various parts of the circuit. 
Electrons forced through R and L encounter resistance to their motion 
because of their collisions with the atoms of the material in R and L. These 
collisions agitate the atoms, producing the atomic-molecular motion whose 
energy we call heat. In ways that will be discussed later, the electrons cause 
the decomposition of the water in Z and the deflection of the compass C, and 
the energy that they expend in these processes is furnished by the battery. 

Various other effects of electric currents might be mentioned, but they 
can be classified as combinations of the three main effects. For example, the 
optical effect observed in light sources such as electric lamps, advertising signs, 
and fluorescent lights is caused chiefly by heating effects. The physiological 
effects that one experiences when he receives an electric “shock” arc caused 
by a combination of heating and chemical effects. 

Unit of Electric Current. Any one of the major effects of the electric 
current could be used to define the unit of current. Both the heating effect 
and the magnetic effect have been used for this purpose. But in this country 
the practical unit of current is legally defined from a familiar chemical effect. 
The ampere is defined as that unvarying current which causes a mass of 
0.00111800 gm of silver to be deposited each second from a standard solution 
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of silver nitrate. This apparently arbitrary number was selected to be such a 
value as to make the legal ampere fit exactly into the family of absolute cgs 
units to be discussed later (Chap. 31). This ampere also is equal to the unit 

of current in the mks system (page 46). 

Quantity of Electricity, Charge. Having established the ampere as the 
unit of current, we may now use it to define the “practical” unit of quantity 
of electricity , or charge. Quantity and current are related by 


Quantity of electricity = current X time 


d=It 



The coulomb is the name given to the practical unit of quantity of electricity. 
One coulomb is the charge which in 1 sec traverses a conductor in which 
there is a constant current of 1 amp. 

Difference of Potential, Voltage. The concept of potential difference, 
also called voltage , was considered in Chap. 28. The practical unit of potential 
difference is the volt. The legal volt is defined as an arbitrary fraction of the 
emf of a Weston standard cell, of specified constitution. This value was 
selected so as to make the volt the potential difference between two points 
which are so situated that 1 joule of work per coulomb of charge is required 
to transport electricity from one point to the other. Familiar examples of 
voltage are those between the terminals of the dry cell, about 1.5 volts, and 
household electric circuits of about 110 to 120 volts. 

Resistance. The electric resistance R of a conductor is the ratio of the 
potential difference between its terminals to the current produced in it. 



The practical unit of electric resistance is the oAm, which is the resistance 
of a conductor in which a current of 1 amp can be maintained by a potential 
difference of 1 volt. The ohm therefore, is merely another name for the volt 
per ampere. The legal ohm is defined in terms of the resistance of an arbi¬ 
trarily selected column of mercury of specified characteristics. These speci¬ 
fications were chosen to make the legal ohm identical with the legal volt per 

* 

ampere. 

Ohm’s Law. One of the most widely used principles of practical elec¬ 
tricity is known as Ohm's law. This law is the statement of the observed fact 
that, if the temperature and other physical conditions of a metallic conductor 
are unchanged, the ratio of the voltage to the current is a constant. In symbols 


— = R (a constant) 


(2) 
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This relation and its derived forms 

V 

I=~ R (3) 

and 

V = 1R (4) 

are commonly referred to as forms of Ohm’s law. 

Example: The difference of potential between the terminals of an incandescent 
lamp is 6.0 volts. If the current is 1.5 amp, what is the resistance? 

V . 6.0 volts 

From the definition R = -7 it is seen that R = 7 -=- = 4.0 ohms. 

I 1.5 amp 

Now suppose that one wishes to determine what current will be maintained in the 
lamp if the difference of potential is increased to 8.0 volts. Ohm's law indicates that 
the resistance R will remain the same (4.0 ohms) when the voltage is increased; hence 
we can write 

r V 8.0 volts 
1 ~ R ~ 4.0 ohms ~ 2,0 amp 

Note that it is impossible to solve this problem without using Ohm’s law, that is, the 
fact that R is constant. 

Example: It is desired to maintain a current of 5.00 amp in an electric iron of 
24.0 ohms resistance. What voltage is required? 

V = IR = 5.00 amp X 24.0 ohms = 120 volts 

Systems of Electrical Units. The group of electrical units used in this 
chapter and generally throughout the section on electricity is known as the 
practical system. This family of units is usually based upon the arbitrarily 
selected unit of current, the ampere. The ampere is legally defined in terms 
of the deposition of silver in electrolysis. The coulomb, the volt, the ohm, and 
all other electrical units arc then defined in terms of this standard of current. 

In Chap. 1 it was pointed out that a complete set of units for mechanics 
could be developed in terms of three arbitrarily chosen fundamental units. 
Also mention was made of the mks system of units, which has gained inter¬ 
national recognition. For mechanics the basic mks units are the meter, the 
kilogram, and the second. By adding one fundamental electrical unit to 
these three a complete set of electrical units can be established. Either the 
ampere or the ohm serves nicely for this additional unit and has the advan¬ 
tage of making the practical system identical with the mks system. 

Both the electromagnetic (Chap. 27) and the electrostatic (Chap. 28) 
systems of units are cgs systems. The practical units are convenient multiples 

or fractions of the units established in the electromagnetic or the electrostatic 
systems. 
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SUMMARY 


An electric current exists when there are charges in motion. 

In metallic conductors the current is essentially a stream of electrons forced 
through the circuit by the source. The direction of the conventional current is 
from positive to negative. 

Cells are commonly used as sources of currents when limited amounts of 
energy are required. Cells transform chemical energy into electric energy. 

Thermocouples transform heat energy into electric energy. They are used 
extensively in thermoelectric thermometers. 

The most important source of electric current is the electromagnetic generator. 
Generators transform mechanical energy into electric energy. 

Photoelectric cells transform light energy into electric energy. 

Piezoelectric sources transform the energy of compression of crystals into 
electric energy. 

The chief effects of electric currents are the magnetic , heating , and chemical 
effects. 

The ampere is the unit of electric current. One ampere is the unvarying 
current which in 1 sec will deposit 0.00111800 gm of silver from a standard 
si'ver electrolytic cell. 

The coulomb is the unit quantity of electricity (charge). One coulomb is 
the charge transmitted by a constant current of 1 amp in 1 sec. 


Q = It 1 coulomb = 1 amp X 1 sec 


The potential difference , or voltage , between two points is the work per unit 
charge expended in moving a quantity of electricity between the points 
considered: 



1 volt = 


1 joule 
1 coulomb 


One volt is the PD between points such that 1 joule of work is required to 
transfer 1 coulomb of charge between the points considered. 

Electric resistance is the ratio of the voltage to the current: 



1 ohm = 


1 volt 
1 amp 


One ohm is the resistance of the conductor which requires a PD of 1 volt 
to maintain a current of 1 amp in the conductor. 

Ohm's law states that the ratio of the voltage to the current is constant 
when the physical characteristics of the circuit are unchanged. 


QUESTIONS 

1. What happens when two initially charged conducting bodies are connected 
by a wire? What determines the direction of the current? How long will it continue? 
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2. What determines which one of the terminals of a rheostat is positive when it is 
connected in a circuit? Illustrate your answer by a diagram. 

3. Although the cost of electric energy from dry cells is very high such sources 
are widely used. Why is this true? 

4. Arrange the following sources in the order of relative amounts of electric 
energy which they might ordinarily supply: ( a ) electrostatic generator, (b) electro¬ 
magnetic generator, (c) battery, ( d) thermocouple, (e) photoelectric cell, and (/) 
piezoelectric source. 

5. Does a storage cell store up electricity? Why is it properly called a storage 

cell? & 

6 . Does an electric heater “use up” current? What happens to the current in such 
a device as time goes on? What is there which is “used up” in the heater? 

7. A battery is connected through an ammeter to two plates which dip into a 
vessel of distilled water. What current is observed? What would happen if a little acid 
is poured into the water? Explain. What would be noticed at the plates? 

8 . A person standing on damp earth sometimes gets a shock by touching electric 

apparatus. Why is this? Would one get a similar shock if he were standing on a dry 
floor? Why? 

9. Why is it more dangerous to touch a 500-volt line than a 1 10-volt line? Whv 
,s it dangerous to have an electric switch within reach of a bathtub? 

10 . Which is likely to be more dangerous, touching an automobile battery terminal 

when it is delivering a current of 200 amp or touching a 200 -volt generator terminal 5 
Why? 

11. Do bends in a wire afTect the value of the current in a d-c circuit? Why? 

12. In a research laboratory a sign reading “Danger: Ten thousand ohms,” was 

placed upon some apparatus. Comment upon the scientific appropriateness of this 
sign. 

13. The voltage applied to a rheostat is doubled, then trebled. What happens to 
the resistance of the rheostat? 

14 . Plot a curve to show how the reading of the voltmeter in Fig. 8 varies as the 
slider is moved from A to C. What is the significance of the slope of this curve? 





—vwwwwwwwwwwwJ/v— 


Fig. 9. 


Of”: !£L a , C . UrVC ’ 10 ,' hC Varia,i ° n of thc am,nctcr rcad ‘ n K in Fig. 9 as a function 

C rheostat resistance. Interpret thc shape and intercepts of this curve. 
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PROBLEMS 

1. A current of 1.25 amp is maintained in a wire for 5.00 min. What quantity of 
electricity flows through the wire? 

2. The current in a common electric heater is 5.0 amp. What quantity of elec¬ 
tricity flows through the heater in 8.0 min? Arts. 2400 coulombs 

3. A charge of 3600 coulombs passes through an electric lamp in 3.0 min. What 
is the current in the lamp? 

4. A charge of 600 coulombs flows through a rheostat in which a steady current 

is maintained for 120 sec. What is the current? Arts. 5.00 amp 

5. A 6.00-volt battery is connected to a rheostat of 30 ohms resistance. What 
quantity of electricity flows in 10 min? 

6. A charge of 15.0 coulombs is sent through an electric lamp when the differ¬ 
ence of potential is 120 volts. What energy is expended? Arts. 1800 joules 

7. It requires 2880 joules of work to maintain a current of 3.25 amp in a circuit 
for 4.50 min. What is the voltage of the circuit? 

8. A battery which has a terminal voltage of 6.00 volts is connected in series with 

a rheostat and an ammeter which reads 5.00 amp. Neglecting the resistance of the 
ammeter, what must be the resistance of the rheostat’* Ans. 1.20 ohms 

9. An incandescent lamp is designed for a current of 0.60 amp. If a potential 
difference of 110 volts is necessary to maintain that current, what is the resistance of 
the lamp? 

10. In a certain rheostat there is a current of 0.45 amp when the difference of 
potential between the terminals is 60 volts. What is the resistance of the rheostat? 

Ans. 130 ohms 

11. A dry cell having a negligible resistance developed a PD of 1.56 volts. When it 
was short-circuited through an ammeter, it furnished a current of 30 amp. What 
was the resistance of the ammeter? 

12. A certain wire used in electric heaters has a resistance of 1.75 ohms per foot. 

How much wire is needed to make a heating element for a toaster which takes 8.25 
amp from a 115-volt line? Ans. 7.98 ft 

13. A battery connected to a rheostat furnishes a certain current. When a lamp 
of resistance 150 ohms is inserted in series, the current is reduced to one-third of its 
former value. What is the resistance of the rheostat? 

14. A simple series circuit consists of a cell, an ammeter, and a rheostat of resistance 
R. The ammeter reads 5 amp. When an additional resistance of 2 ohms is added the 
ammeter reading drops to 4 amp. Determine the resistance of the rheostat R. 

Ans. 8 ohms 

15. A uniform wire 2.00 m long and having a resistance of 11.0 ohms is connected 
in series with a battery having a terminal voltage of 6.00 volts and a rheostat that has 
a resistance of 1.00 ohm. What is the reading of a voltmeter that is placed across 60.0 
cm of the wire? 

16. A motor is designed to operate at a current of 3.50 amp at a potential difference 
of 115 volts. It is desired to use this motor in another city where the line voltage is 
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125 volts. How large a resistor must be placed in series with the motor to maintain 
the rated current? Arts. 2.86 ohms 

17. A battery having a voltage of*3.00 volts is connected through a rheostat to a 
uniform wire 100 cm long. The wire has a resistance of 2.00 ohms. What must the 
resistance of the rheostat be in order that the voltage per millimeter of the wire shall 
be exactly 1 mv? 

18. One electron has a charge of 1.60 X 10 -19 coulomb. How many electrons flow 
each day through an electric lamp in which there is a current of 1.25 amp? 

Ans. 6.75 X 10 13 

19. An electron moves with a speed of Moo the speed of light (3.0 X 10 l ° cm/sec) 
in a photoelectric tube. If the plate which collects the photoelectrons is 5.0 cm from 
the emitting surface, how long does it take for an electron to travel this distance? 
How many such electrons per second arrive at the collecting plate when there is a 
current of 9.6 X 10~ 12 amp? 
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Electric Circuits 


I he practical applications of electricity arc almost entirely' those which 
depend upon the effects produced by the flow of electricity, that is, electric 
( unent. In order to apply and to control the heating, chemical, or magnetic 
efleets the engineer must control the current. One of the most widely used 
°t ^ K ’ related to electric current is Ohm’s law. From this law and its 
extensions vital circuit relationships can be determined. From the point of 
\ iew ol practical electricity, scries and parallel circuits are of primary 
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importance. The electrician, the electrical engineer, the physicist, and many 
others are concerned with the relationships involved in the series and parallel 
connection of various pieces of equipment. 

Ohm’s Law. In Chap. 29 Ohm’s law was discussed briefly. This law 
is a basis for study of an entire circuit or a part of a circuit containing only 



resistance. For example, consider the circuit shown in Fig. 1. Ohm’s law 
applied to the resistor AB gives 



Vab 

Bau 


24 volts . 

= 4 amp 


When this current is maintained in the resistor, there is a fall of potential 
or potential drop from A to B. The point A has a higher potential than C, 
C higher than D , and D higher than B. If the resistance between C and D 
is 2 ohms 

Vcd = Icd X Bcu — 4 amp X 2 ohms = 8 volts 


The current in CD is the same as that in AB. A voltmeter connected across 
CD would read 8 volts while one across AB would read 24 volts. Whenever 
there is a current in a resistor, there is a resultant drop in potential. 

Emf and Internal Resistance. A battery or other source supplies a 
potential difference for the circuit to which it is connected. Every such 
source has within it some resistance called internal resistance. When there is 
no current in the battery, the potential difference E between its terminals 
is a maximum that is called its emf, or no-load voltage. The emf is the total 
work per unit charge supplied by the source in moving a charge through 
the entire circuit including internal resistance. The work is obtained by the 
conversion of some other form of energy into electric energy. The abbrevi¬ 
ation emf represents electromotive force, but the use of “force” in this term 
is so misleading that it is desirable to use the abbreviation emf without any 
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thought of the original term. In Fig. 2, a battery of emf E and internal 
resistance r is shown connected to a voltmeter. With the switch open the 
voltmeter reads a value nearly equal to E, since it may be assumed that the 
voltmeter current is negligible. 

When the switch is closed, the battery will maintain a current / and the 
voltage V across its terminals will be less than the emf by the amount of the 
E internal drop of potential Ir across the internal 

resistance. The terminal potential difference 
is given by 

V = E- Ir (1) 


0 


AAA/W 



Fio. 2. Terminal potential dif¬ 
ference and emf. 


For any battery or other source of constant 
emf the terminal voltage decreases as the 
current increases. However, a battery of low 
internal resistance can supply a large current 
without much decrease in its terminal 
voltage. 


Example: A battery whose emf is 6.0 volts and whose internal resistance is 0.50 
ohm supplies a current of 4.0 amp. What is its terminal voltage? 


From Eq. (1) 

V - E — Ir 

V = 6.0 volts — (4.0 amp X 0.50 ohm) 
= (6.0 — 2.0) volts = 4.0 volts 


Ohm’s Law in Complete and Partial Circuits. Ohm’s law is applicable 
either to an entire circuit or to any part of a circuit that does not include a 
source or sink of energy. 

Whenever the law is applied to a complete circuit, the voltage used is the 
emf E and the resistance is the total resistance R t of the circuit. 

J = R, ( 2 ) 


Whenever only part of the circuit is considered, the voltage V is the drop 
in potential across that part and the resistance R is the resistance of that part 
only. 

7 = R (3) 

This Eq. (3) can never be applied to a part of a circuit that contains a battery, 
generator, motor, or other device that supplies an emf. 

In Fig. 3 the circuit is similar to that of Fig. 1 except for the fact that part 
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of the resistance in the circuit is in the battery itself. Considering the entire 
circuit, Eq. (2) gives 


'-s- 


24.0 volts 
6.0 ohms 


= 4.0 amp 


For the part of the circuit AB , Eq. (3) gives 

Vab = IRab ~ 4.0 amp X 5.8 ohms = 23 volts 

or for CD 

Vcd = IRcn = 4.0 amp X 2.0 ohms = 8.0 volts 

In the part of the circuit from F to G there is a battery and Eq. (3) cannot be 
applied. However Eq. (1) can be used here 

Vra = E — Ir = 24.0 volts — (4.0 amp X 0.20 ohm) 

= 24.0 volts — 0.8 volt = 23.2 volts 

Terminal Potential Difference with Reverse Current. In Fig. 4, a 
storage battery of einf E is being charged by a generator which maintains a 

E u 24.0 volts 



Fio. 3. Ohm’s law applied to a part of Fig. 4. Terminal potential difference 
a circuit. of battery with reverse current. 

voltage V. In order to produce the reverse current necessary to charge the 
battery, the voltage at the terminals of the battery must be higher than the 
emf by the amount of the internal drop. This is indicated by the equation 

V = E Ar lr (4) 

The charging of a storage battery is an example of an arrangement that is 
referred to above as a sink of energy. 

By the use of Ohm’s law, Eqs. (2) and (3), and its extensions, Eqs. (1) and 
(4), a complete simple circuit or any of its parts can be studied. 

Example: The generator in Fig. 4 is charging a storage battery having an einf 
of 50 volts and an internal resistance of 0.60 ohm. What voltage must the generator 
maintain to charge the battery with a current of 15 amp? 

V “ E + It = 50 volts + 15 amp X 0.60 ohm = 59 volts 
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Resistors in Series. Suppose that a box contains three coils of wire 
whose resistances are Ri, R 2 , and Rz, respectively, and which are connected 
in series as shown in Fig. 5. If one were asked to determine the resistance of 
whatever is inside the box without opening it, he might place it in the circuit 

shown, measuring the current 7 in the 
box and the voltage V across it. He 
would then write R = F/7, where R is 
the resistance of the part of the circuit 
inside the box. 

Let us now determine the relation 
of R , the combined resistance, to the 
individual resistances R h R 2 , and R 3 . 
The current in each of the resistors is 7, since the current is not divided in 
the box. The voltages across the individual resistors are 

V\ = IRi, V 2 = IR 2y and V 2 = lRz 

The sum of these three voltages must be equal to V, the voltage across the 
box; thus 

V = Fi + V 2 + V z or V = //?, + IR 2 + IR Z 
This can be written 

V — I(R\ + ^2 + R 3 ) or Ri -f- R 2 -T ^3 = -j 
but this is identical with R = F/7, so that 

R = Rx + R 2 + Rz ( 5 ) 

The following facts may therefore be noted for series connection of resistors: 

1. The current in all parts of a series circuit is the same. 

2. The voltage across a group of resistors connected in series is equal to the 
sum of the voltages across the individual resistors. 

3. The total resistance of a group of conductors connected in series is equal 
to the sum of the individual resistances. 

Example: The resistances of four rheostats are 10.0, 4.0, 6.0, and 5.0 ohms, 
respectively. These rheostats are connected in series to a battery, which produces a 
potential difference of 75 volts across its terminals. Find the current in each rheostat 
and the voltage across each. 

The total resistance is 

R — (10 + 4 + 6 + 5) ohms = 25 ohms 

V 75 volts „ 

~ R~ 25 ohms = 3 '° 3mp 



so that 
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The voltage across each rheostat is the product of its resistance and the current. Thus 

V\ = (3.0 amp)(10 ohms) = 30 volts 
V 2 = (3.0 amp)(4.0 ohms) = 12 volts 
V3 = (3.0 amp)(6.0 ohms) = 18 volts 
V\ = (3.0 amp)(5.0 ohms) = 15 volts 

Resistors in Parallel. Suppose that a box con¬ 
tains a group of three resistors in parallel, of 
resistances 7?i, 7? 2 , and 7? 3 , as shown in Fig. 6. The 
resistance of the combination will be R = V/I, 
where V is the voltage across the terminals of the 
box and I is the total current in it. Since the voltage 
across each of the resistors is V, the voltage across 
the terminals of the box, the currents in the 
individual resistors are, respectively, 

V V _ V 

I\ p ’ I* p~ 

1 t\ 2 /X3 

The sum of these three currents must be the total current /, so that 

I = I\ + I2 + h 
or 


This can be written 


or 


Since V/l = R t we know that l/V = 1/7?, so that 

1 _ 1 t 1 

7? 7?, + 7? 2 + 7?s (6) 

For parallel connection of resistors the following conditions obtain: 

1. The currents in the various resistors are different and are inversely 
proportional to the resistances. The total current is the sum of the separate 
currents. 

2. The voltage across each resistor of a parallel combination is the same 
as the voltage across any other resistor. Moreover, the voltage across each 
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separate resistor is identical with the voltage across the whole group considered 
as a unit. 

The statement above may become clearer from a consideration of the fact 
that the terminals of each resistor are connected to a common point, that is, 
each conductor has its beginning at a common potential and its end at 
another (different) common potential. Hence the PD across all conductors 
in parallel must be identical. 

This fact provides the basis of the best method we have for calculating the 
currents in the separate branches of a parallel group of resistors. Conse¬ 
quently, its importance is emphasized because this type of problem is one of 
the most common in elementary electricity. 

3. The reciprocal of the total resistance of a number of resistors 
connected in parallel is equal to the sum of the reciprocals of the separate 
resistances. 


Example: The values of three resistances are 10, 4.0, and 6.0 ohms, respectively. 
What will be their combined resistance when connected in parallel? 


1 _ 1 _1 J _ _ _1 _ 1 1 

R R\^ R z 10 ohms 4.0 ohms 6.0 ohms 

= (0.10 + 0.25 + 0.17)/ohm = 0.52/ohm 


^ = 0.52/ohm, 


R = 


0.52 


ohms = 1.9 ohms 


Note that the resistance of the combination is smaller than any one of the individual 
resistances. 


It is important to note that connecting additional resistors in series increases 
the total resistance, while connecting additional resistors in parallel decreases 
the total resistance. For example, in an ordinary house installation, when 
we “turn on” more lamps, we are inserting additional resistors in parallel. We 
thus reduce the total resistance of the house circuit, and hence (since the 
voltage is constant) we increase the current in the mains. 

As exercises and as an aid in the solution of problems involving the series and 
parallel arrangement of resistors the student may derive the following relations: 

1. The total resistance offered by .V equal resistors arranged in series is equal to 
AT?, where R is one of the resistances. 

2. The total resistance offered by j\ equal resistors arranged in parallel is equal 
to R/A y where R is one of the resistances. 

Note: It should be borne in mind that (1) and (2) apply only in the exceptional 
cases of equal resistances. 

3. The total resistance offered by two (and only two) separate resistors of resist¬ 
ances R i and R« w r hen arranged in parallel is given by R = R\R 2 /(Ri + Rz), that is, 
their product divided by their sum. This statement is not true for three or more resistances* 
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Example: Determine the current in each of the resistors in Fig. 7. 
For the parallel group, Eq. (6) gives 


_1 _ 1 _ 1 _ l _ = 6.0 

R uc ~ 6.0 ohms 9.0 ohms + 18.0 ohms 18.0 ohms 


Rbc ~ 6.0 

Rac = Rab 


ohms = 3.0 ohms 

4- R hc = 4.0 ohms + 3.0 ohms = 7.0 ohms 


The current I, in the circuit is obtained from 


Vac 35 volts 

7 ‘ “ Rac ~ 7.0 ohms 5 0 P 



This total current is the same as that in the 4-ohm resistor. 

The voltage across the parallel group 
Vbc is equal to the resistance of the 
entire parallel group multiplied by the 
current in the entire parallel group, 
that is, 

Vbc ~ Rue I lie — Ruch = 

3.0 ohms X 5.0 amp = 15 volts ( b) 

Note that Ohm’s law was applied in 
Eq. (a) to the total current, total 
voltage, and total resistance; while in 
Eq. ( b ) the law was applied consistently to the current, voltage, and resistance, all 
oj the part BC. 

Since the voltage across BC is identical with that across FG, HK , and LM, the 
currents in each of these resistors may be calculated, namely, 


r Vyo 

15 volts 

2.5 amp 

lyo — p 

Kyo 

6.0 ohms 

r VliK 

15 volts 

1.7 amp 

'llK = n 

Khk 

9.0 ohms 

r V LM 

15 volts 

- 0.83 an 

LM — m 

it/J/ 

18.0 ohms 


Note that 

/i = (2.5 + 1.7 + 0.8) amp = 5.0 amp 


65 VOL TS 


4.0 OHMS 

—^vwwv 


11 


F 60 OHMS q 
y-VWVW\ 

H 9.0OHMS £ 

_ .—WWWli —- /r 
B \ 180 OHMS /c 

L . V M 


Fto. 7. Currents in a divided circuit. 


Line Drop. The voltage between the conductors at a generating source 
is always greater than that at any distant place where the power is used. This 
is caused by the fact that there must be a loss of potential in the line wires as 
a result of their resistance. This drop of potential is given by 


V, = !,R, 


( 7 ) 
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where the subscripts refer to the line values; Vi is the “line drop,” /* the 
current in the line, and Ri the resistance of the line. 

A voltmeter placed across the line at the transmitting end reads the 
terminal voltage V t at the source. Because of the line drop the voltage V 
which would be read at the receiving end of the line is less than V t and is 
given by 

V = V t — IiRi (8) 

• • 4 

This line drop is very objectionable, and every effort is made to minimize 
its effects. In long-distance transmission lines this is done by “stepping up” 
the voltage and correspondingly “stepping down” the current (see Chap. 
37). When power is to be transmitted for short distances, the line drop 
is reduced by the use of large wire of low resistance. This is necessarily 
expensive. 

One effect of line drop is noticed when a device taking a large current is 
turned on in a household where there is an electric lamp in operation. The 
lamp becomes slightly dimmer. This is caused by the reduced voltage at the 
lamp terminals due to the increased line drop. 

Applications to an Entire Circuit. If one traces completely any closed 
path in a circuit, returning to the starting point, the sum of the various cmf s 

of the batteries (or generators) in the path 
(counted negative if they oppose the 
current) is equal to the sum of the voltages 
across the resistors in the path, that is, 

2 E = 2 {JR) (9) 

2£ = E x + E 2 + Ez + * ' * 

and 

2 (//?) = I\R\ -f- hR-i + I3R3 + * * * 

Consider the circuit of Fig. 8. Let us begin 
at .-1 and follow the path of the current through E\, R 1 , R 2 , E 2 , and 
/? 3 , returning to A. 

2 £ = 2 (//?), 
or 

E\ -{■ E 2 = I\R\ -j- I 2 R 2 -j- I 3 R 3 
where I x is the current in R u etc. Since I x = I 2 = / 3 , 

E\ E 2 = Ii(R x -f- R 2 -f- R%) 

Note that E 2 will be a negative number, since it is the voltage across a reversed 
battery. 



Fig. 8. A scries circuit, 
2 E = 21R. 
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Example: Find the current in the circuit of Fig. 8 if E\ = 6 volts, £2 = —2 volts, 
R\ = 2 ohms, /?2 = 4 ohms, Rz = 2 ohms. 

From the preceding discussion 


so that 


E\ Ez = I\(Ri 4- Ri -J- Rz) 

E x E 2 _ (6 — 2) v olts 

-f" £2 4~ R 3 (2 4~ 4 4~ 2) ohms 
4 volts 

“ rsh^i - 05 am p 


Batteries. A group of cells may be connected together either in series or 
in parallel , or a series-parallel arrangement may be made. Such a grouping may 
be made. Such a grouping of cells is 
known as a battery , although this word is 
often loosely used to refer to a single cell. 

Cells in Series. Cells are said to be 
connected in series when the positive 
terminal of one cell is connected to the 

negative terminal of the next, the positive „ . 

of the second to the negative of the third, 

etc., the negative of the first and the positive of the last being joined to the 
ends of the external resistor (sec Fig. 9). 

For a scries arrangement of cells, the following statements apply: 

1. The emf of the battery is equal to the sum of the emfs of the various 
cells. 

2. The current in each cell is the same and is identical with the current in 
the entire series arrangement. 

3. The total internal resistance is equal to the sum of the individual in¬ 
ternal resistances. 



Example: If each of the cells in Fig. 9 has an emf of 2 volts and an internal resist¬ 
ance of 0.4 ohm, what will be the current in the middle cell when the battery is 
connected to an external resistance of 18.8 ohms? 


The emf of the battery is 2 4- 2 4-2 
battery is 0.4 4- 0.4 4~ 0.4 = 1.2 ohms. 

total emf 

lotal current = ——- 7 — - 

total resistance 


= 6 volts. The internal resistance of the 


6 volts 

(18.8 4- 1.2) ohms = 0 3 amp 


Since the current in each of the cells is the same and is identical with the current 
in the entire series arrangement, it follows that the current in the middle cell is also 
0.3 amp. 
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Cells in Parallel. Cells are connected in parallel when all the positive 
poles are connected together and all the negative poles are connected to¬ 
gether. Connection is made to an external resistor from the positive and 
negative terminals at any point along the wires connecting the various cells 

(see Fig. 10). 

For a parallel arrangement of cells, the 
following are true: 

1. The emf of the battery is the same as the 
emf of a single cell (when all of the cells have 
the same individual emfs). 

2. The reciprocal of the total internal resis¬ 
tance is equal to the sum of the reciprocals 
of the resistances of the individual cells. 

3. The current in the external resistor is 
divided between the cells in the inverse ratio 

of their respective internal resistances. For the exceptional case oiN identical 
cells in parallel, the current per cell is 1 /JVth of the total current. 



MA/WWWW 

Fio. 10. Cells in parallel. 


Example: Compare the currents maintained in a 3.0-ohm resistor by each celt 
of the following arrangements: (a) a single cell, ( b) three cells in series, and (r) three 
cells in parallel. Each cell has an emf of 2.0 volts and a negligible internal resistance. 


The emf of the first arrangement is 2.0 volts; of the second, 6.0 volts; and of the 
third, 2.0 volts. Hence, the total current in each case is given by 




EloU\ 

Ru.ux 


2.0 volts 
3.0 ohms 


= 0.67 amp 


_ 6.0 volts 

7 ‘ “ " 20 am P 

. 2.0 volts 

'■ = 3^0 ohms “ °' 67 am P 


Note that the total current in case (a) is the same as that in case (c). Since there is 
only one cell in arrangement (a), the current in that cell is the same as the current in 
the entire circuit, namely. 0.6 7 amp. Since the cells in case (h) are all joined in series, 
and are in series with the external resistor, the currents in the various cells must be 
identical and equal to the total current, namely, 2.0 amp. In case (c), the total 
current is divided equally among three cells; hence the current in any single cell is 
0.67/3 amp = 0.22 amp. 

Optimum Methods of Connecting Cells. Cells may be connected in 
scries regardless of the emf s of the individual cells, but this is not true for a 
parallel connection. In the latter case, the cells should have exactly the same 
emfs, otherwise there will be currents circulating in the local branches formed 
bv the cells. These currents do not contribute to the current in the external 

resistor and serve only to waste away the cells. 

» / 
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Cells are connected in series when it is desired to have a current in a com¬ 
paratively high resistance; they are connected in parallel, when large cur¬ 
rents are to be maintained in a low resistance. For example, suppose it is 
necessary to maintain a current of 0.20 amp in a resistor of 50 ohms resistance 
using cells each of emf 2 volts and negligible internal resistance. By Ohm's 
law the required voltage is 

V = RI — 50 ohms X 0.20 amp = 10 volts 

Hence five cells in series could be used. 

Next suppose it is desired to produce a current of 20 amp in a silver-plating 
cell, which has a resistance of 0.1 ohm. By Ohm's law, the required voltage is 

V — RI = 0.1 ohm X 20 amp = 2 volts 

Hence one 2-volt cell could be used. But not all cells could maintain a current 
of 20 amp without being damaged. It would be better, therefore, to use, say, 
four 2-volt cells in parallel. In this case, each 
cell would deliver 5 amp, a current which could 
reasonably be carried by one cell. 

Sometimes a series-parallel combination of 
cells is desirable. Such an arrangement of three 
rows in parallel with each row comprising four 
cells in series is shown in Fig. 11. In such a case, 
assuming the cells are all identical, the emf 
of the battery is NE , where N is the number of 
cells in a row and E is the emf of each cell. This 
sort of arrangement is used when a fairly high 
voltage and high current are required in the external circuit. 

Example: The emf of each cell in Fig. 11 is 1.50 volts and the internal resistance 
is 0.60 ohm. The external resistance is 17.2 ohms. Determine the terminal voltage of 
one of the cells in the battery. 

Since 

V = E - Ir 

it is seen that it is necessary to calculate the current in one of the cells. To do this, the 
total current must be obtained. The emf of the battery is 4 X 1.50 volts = 6.00 volts. 
The internal resistance of each row of cells is 4 X 0.60 ohm = 2.4 ohms. The internal 
resistance of the 3 rows in parallel is 2.4 ohms/3 = 0.80 ohm. Hence the total cur¬ 
rent is 

E, 6.00 volts 

7| = R, = (17.2 + 0.80) ohms = 0,333 amp 


-MAAA/VWWV— J 

Fio. 11. Cells in a series- 
parallel combination. 
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The current in one cell is the same as the current in each row, which is one-third of 
the total current. Hence I = 0.333 amp/3 = 0.111 amp. Therefore 

V — E — Ir — 1.50 volts - 0.111 amp X 0.60 = 1.43 volts 


In general, if a maximum current is to be maintained in a given external 
resistor by a given number of cells, the cells should be arranged in such a 
manner that their total internal resistance will most nearly equal the ex¬ 
ternal resistance. This may frequently necessitate a series-parallel arrange¬ 
ment, that is, groups of cells in series may be connected in parallel with a 
similar series group. 

SUMMARY 

Ohm’s law may be applied either to an entire circuit or to a part of a 
circuit containing resistance only, provided that the proper voltages, cur¬ 
rents, and resistances are used. For the entire circuit, 



and for a part of a circuit having resistance only 



The maximum potential difference generated by a cell or generator is 
called its emf. When the cell is maintaining a current, its terminal voltage 
is reduced according to the equation 



Whenever there is a reverse current in a battery, the terminal voltage is 
given by 


V = E + 7r 


For resistors in series 

/ = l x = /, = / 3 = . . . 
y — Vi Vz + Vz + • • • 
R = R x + R 2 + R z + • • • 


When resistors are connected in parallel, 


I = h + It + Iz + * * * 



s 
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For an entire series circuit 

= 2(IR) 

When cells are connected in series, 

E = Ei + Eo + Ez + • • • and r = r x + r 2 + r 3 + * * * 


For identical cells in parallel 

E — Ei — E 2 = E 3 = • • • 


and 



QUESTIONS 

1. A battery is connected to a long resistance wire. One terminal of a voltmeter 
is connected to one end of the wire. The other terminal of the voltmeter is connected 
to a sliding contact, which is then moved along the wire. Describe the way in which 
the voltmeter reading varies as the contact is placed at different points on the wire. 

2. When a dry cell is connected to an external resistor, what happens to the 
terminal voltage of the cell? Why? Describe how this effect differs in a fresh cell of 
low internal resistance and an old cell of very high internal resistance. 

3. Explain why a good-quality voltmeter connected to a cell does not read the 
correct emf of the cell. What characteristics should a voltmeter have so that its reading 
will closely approximate the emf of the cell? Describe how one might use a voltmeter 
of knowm resistance to measure the internal resistance of a cell of known emf. 

4. Draw a curve to show' how the terminal voltage of a cell varies as the 
external resistance is varied from zero to “infinity.” Carefully interpret the signifi¬ 
cance of the slope and the intercepts of this curve. Show why the internal resistance 
is equal to the external resistance when the terminal voltage is just one-half the 
emf of the cell. 

5. As electrons flow through a resistor connected to a cell, the electric energy 
decreases. The energy increases as the electrons go through the cell. Show the source 
and sink of this energy. 

6. Most automobiles have an ammeter with a center zero mounted on the instru¬ 
ment panel. Show how and why the readings of this meter change when the car is 
(a) moving slowly, (b) moving rapidly, ( c ) standing still (with the engine idling), 
and (</) standing still with the lights turned on. 

7. Suppose a voltmeter with a center zero to be connected across a storage bat¬ 
tery. Describe how the pointer on the meter changes for the following cases: (a) bat¬ 
tery connected to the voltmeter only, ( b ) battery connected to a high-resistance 
rheostat, (c) battery connected to a low-resistance rheostat, ( d ) battery short-circuited, 
and (e) battery being charged. 

8. A string of Christmas-tree lights is frequently made of miniature lamps con¬ 
nected in series. For an 8-lamp, 120-volt set what is the voltage across each lamp? 
If one lamp were removed, what would happen? The voltage across the empty socket 
becomes equal to the line voltage. Why is this? 
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9. A piece of copper wire is cut into 10 equal parts. These parts are connected in 
parallel. How will the joint resistance of the parallel combination compare with the 
original resistance of the single wire? 

10. As one turns on more lamps in an ordinary household circuit, what happens 
to the current in the first lamp? to the line current? to the line voltage? Why is it not 
customary to connect household electric lamps in series? 

11. A resistor forms part of a series circuit. How is the resistance of the circuit 
affected if a second resistor is connected (a) in series with the first? ( b ) in parallel 
with the first? 

12. Resistors A , B, and C are connected in series to a battery. To find the current 
in resistor A, is it satisfactory to divide the terminal voltage of the battery by the 
resistance of A? Why? Answer the same question for these resistors connected in 
parallel. 

13. What are some of the advantages and disadvantages of series vs. parallel 
strings of miniature lamps used for Christmas trees? 

14. Show why the lamps in a trolley car become dimmer as the car goes up a hill. 
Is it because “the current in the line is low”? Is this the same effect observed in auto¬ 
mobile lamps when the starter is operated? Explain. 

15. For the circuit shown in Fig. 8, plot a graph to show how the electric potential 
varies as one goes around the circuit. 

16. Four 1.5-volt dry cells connected in series have a total emf of 6.0 volts. Could 
they be substituted satisfactorily for the 6.0-volt lead storage battery in an automobile? 
Explain. 

17. In connecting two identical cells in parallel, by error one of the cells is con¬ 
nected with polarity reversed from the normal direction. How would this affect the 
total internal resistance? What other effect would be observed? 

18. Compare the “short-circuit” current of (a) a single cell, ( b ) two cells in series, 
and (c) two colls in parallel. (Assume identical cells of appreciable resistance.) 

19. Derive the symbolic equation for the current in an external resistor for the 
case when the resistor is connected to a battery made up of JV rows of n identical cells 
in series, the emf per cell being E, and the internal resistance r. 

20. An external resistor is to be connected to one or more identical cells each 
having an internal resistance equal to the external resistance. Which arrangement 
furnishes the largest current: ( a ) 1 cell, ( b) 10 cells in series, or ( c ) 10 cells in parallel? 

PROBLEMS 

1. A battery of emf 3.0 volts and internal resistance 0.10 ohm is connected through 
an ammeter of resistance 0.05 ohm to a 5.00-ohm rheostat by wires having a total 
resistance of 0.85 ohm. What is the current in the circuit 3 What percentage error is 
made by neglecting all the resistance except that of the rheostat? 

2. A dry cell of internal resistance 0.0624 ohm when short-circuited will furnish 

a current of 25.0 amp. What is its emf? Ans. 1.56 volts 

3. A battery of emf 120 volts and internal resistance 2.0 ohms is connected to a 
rheostat of such resistance that the terminal PD is just one-half the emf of the bat¬ 
tery. What is the resistance of the rheostat? 
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4. The terminal voltage of a battery is 9.0 volts when supplying a current of 4.0 
amp and 8.5 volts when supplying 6.0 amp. Find its internal resistance and cmf. 

Ans. 0.25 ohm; 10.0 volts 

5. A battery has an emf of 10.0 volts and an internal resistance of 3.0 ohms. When 
connected across a rheostat of resistance 12 ohms, what current will it furnish? 
What is the terminal PD of the battery? 

6. A small generator gives a potential reading of 100 volts when a voltmeter is 
placed across a resistor of 100.0 ohms resistance connected in series with the generator. 
When the 100.0-ohm resistor is replaced by a 200.0-ohm resistor, the voltmeter reads 
105.0 volts. Calculate the internal resistance and the emf of the generator. 

Ans. 10.5 ohms; 111 volts 

7. An electric circuit consists of two batteries and an external resistor in series. 
One battery has an cmf of 2.00 volts and an internal resistance of 1.0 ohm; the other 
battery has an emf of 2.40 volts and internal resistance of 0.80 ohm. The external 
resistance is 7.0 ohms, (a) Find the reading of voltmeters across each element of 
this circuit. ( b ) What would the voltmeters read if one of the batteries were 
reversed? 

8. A 12.0-volt battery is to be charged from a 110-volt line, (a) If the internal 
resistance of the battery is 0.500 ohm, how much resistance must be put in scries with 
the battery in order that the charging current shall be 5.00 amp? ( b ) What will be the 
difference in potential between the terminals of the battery? 

Ans. 19.1 ohms; 14.5 volts 

9. Three rheostats having resistances of 5.0, 10.9, and 21.3 ohms, respectively, 
are connected in scries. What is their combined resistance? 

10. Two lamps need 50 volts and 2.0 amp each in order to operate at a desired 
brilliancy. They arc to be connected in series across a 120-volt line. What is the resist¬ 
ance of the rheostat which must be placed in series with the lamps? Ans. 10 ohms 

11. A 6.0-volt battery is connected to a group of 3 resistors in scries which have 
resistances of 2.0, 3.0 and 13.0 ohms, respcclively. What is the current in the 13-ohin 
resistor? By what percentage is the current changed when an ammeter of resistance 
0.6 ohm is introduced? 

12. A battery of 12.0 volts terminal PD is connected to a group of three resistors, 
joined in series. One resistance is unknown; the others are 3.00 ohms and 1.00 ohm. 

A voltmeter connected to the 3.00-ohm resistor reads 6.00 volts. Determine the value 
of the unknown resistance. Ans. 2.00 ohms 

13. A wire 200 cm long has a resistance of 16.0 ohms. It is connected in series with 
a resistance box of 8.00 ohms to a battery having a terminal PD of 8.00 volts. A poorly 
calibrated voltmeter connected across 150 cm of the wire reads 3.84 volts. What is 
the percentage error of the reading of the voltmeter? 

14. A battery of 1.5 ohms internal resistance is connected to two resistors in series 

of 2.0 and 3.0 ohms. The voltage across the 2.0-ohm resistor is 8.0 volts. What is the 
emf of the battery? Ans. 26 volts 

13. Find the resistance of a combination formed by 5.0 ohms and 7.0 ohms in 
parallel. 
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16. Three conductors whose resistances are 20.0 ohms, 30.0 ohms, and 40.0 ohms, 
respectively, are connected in parallel. What is the joint resistance of this group? 

Ans. 9.25 ohms 

17. Five identical lamps are connected in parallel on a 100-volt lighting circuit of 
a house. If the resistance of each lamp is 400 ohms, what current is there in the group? 

18. Sketch the outline of a cube. Imagine that each of the 12 edges represents a 

conductor having a resistance of 1.0 ohm. What is the resistance between corners 
diagonally opposite each other? Ans. % ohm 

19. A battery having a terminal PD of 5.0 volts is connected to a combination of 
two resistors in parallel whose resistances are 5.0 and 7.0 ohms. Find the current in 
the battery and that in each resistor. 

20. Two rheostats of resistances 10.0 and 3.00 ohms are connected in parallel and 

joined to a battery of negligible internal resistance. There is a current of 0.200 amp 
in the 10.0-ohm resistor. Determine (a) the current in the 3.00-ohm resistor and ( b ) 
the emf of the battery. Ans. 0.667 amp; 2.00 volts 

21. An automobile battery has an emf of 6.50 volts and an internal resistance of 
0.025 ohm. The lamps when turned on normally take a current of 12 amp. With the 
lamps “on,” the starter is operated, taking a current of 75 amp in the starter motor. 
Calculate the approximate value of the current taken by the lamps when the starter 
is operating. 

22. A cell of internal resistance 0.20 ohm is connected to two coils of resistances 

6.00 and 8.00 ohms, joined in parallel. There is a current of 0.200 amp in the 8.00-ohm 
coil. Find the emf of the cell. Ans. 1.69 volts 

23. A wire of resistance 41.2 ohms is connected in series with a group of three 
rheostats in parallel whose resistances are 5.0, 10.0, and 30.0 ohms, respectively. 
What is the resistance of the combination? 

24. A pair of resistors of 5.0 ohms and 7.0 ohms, respectively, are connected in 

parallel. This group is connected in series with another pair in parallel whose resist¬ 
ances are 4.0 and 3.0 ohms. What is the total resistance? Ans. 4.6 ohms 

25. A 4.0-ohm conductor and a 6.0-ohm conductor arc connected in parallel. This 
combination is connected in series with a resistance group of two parallel branches. 
The resistance of one branch is 12 ohms. The second branch has resistors of 6.0 and 
8.0 ohms in series. Calculate the total resistance of the group. 

26. A 12-volt battery having an internal resistance of 1.0 ohm is connected in 
series with the following: a 10.0-ohm coil and a parallel group consisting of three 
branches having resistances of 2.0, 3.0, and 6.0 ohms, respectively. Find (< 2 ) the cur¬ 
rent in the 3-ohm coil and ( b ) the PD at the terminals of the battery. 

Ans. 0.33 amp; 11 volts 

27. A bank of three resistors in parallel is connected in series with a 3.00-ohm 
resistor and a battery of negligible internal resistance. The parallel group has resist¬ 
ances of 5.00, 8.00, and 12.0 ohms, respectively. If there is a current of 0.250 amp in 
the 12.0-ohm resistor, what must be the emf of the battery? 

28. Two resistors of 6.00 and 2.00 ohms are connected in parallel. This arrange¬ 
ment is connected in series with a 4.00-ohm resistor and a battery having an internal 
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resistance of 0.500 ohm. The current in the 2.00-ohm resistor is 0.800 amp. Determine 
the emf of the battery. Ans. 6.40 volts 

29. What would the resistance of a power line have to be in order that the line 
drop shall not exceed 2% of the rated voltage of 120 volts w hen the current is changed 
from zero to 40 amp? 

30. The voltage between the line wires entering a house is kept nearly constant 
at 115.0 volts. A line leading to the laundry has a resistance of 0.35 ohm. What is the 
voltage across a lamp in the laundry in which there is a current of 1.5 amp? What 
does this voltage become when a 10-amp iron near the lamp is turned on? 

Arts. 1 14.5 volts; 1 1 1.0 volts 

31. Three batteries of emf 2.0, 4.0, and 6.0 volts with internal resistances 0.10, 
0.20, and 0.30 ohm, respectively, are connected in series and the resulting battery is 
connected to an external circuit of resistance 23.4 ohms. What is the terminal PD 


of the 4.0-volt battery? 

32. A storage battery consists of 12 lead cells connected in series. Each cell has an 

emf of 2.1 volts and an internal resistance of 0.050 ohm. (a) What external voltage 
must be impressed on the terminals of the battery in order to charge it with a 15-amp 
current? ( b ) What is the PD between the terminals of the battery when it is being 
discharged at a rate of 30 amp? Ans. 34.2 volts; 7.2 volts 

33. Two cells have cmf’s of 2.00 and 1.50 volts, respectively, and internal resist¬ 
ances of 0.050 and 0.200 ohm, respectively. If connected in parallel with each other, 

what current will there be? What will be the terminal PD of each cell? (Note that the 
• • 

circuit is equivalent to two cells in series with the current reversed in one of them.) 

34. Two cells have emf’s of 2.0 and 4.0 volts and internal resistances of 0.10 and 

0.20 ohm, respectively. The two are connected in series with each other and with a 
resistance of 2.7 ohms. Find the difference of potential between the terminals of the 
2.0-volt cell (a) when the two cells arc in helping series and (b) when they arc in 
opposing series. Ans. 1.8 volts; 2.1 volts 

35. A cell of emf 2.00 volts and internal resistance 0.500 ohm is joined in series with 
a cell of emf 1.00 volt and internal resistance 0.300 ohm. These are connected in 
series with a parallel battery of three cells, each of emf 1.50 volts and internal resist¬ 


ance 0.600 ohm. In series with this arrangement there is connected a group of three 
parallel resistors of 4.00, 5.00, and 6.00 ohms, respectively. The circuit is closed 
through a 2.88-ohin resistor. Determine (a) the current in the top 1.50-volt cell, 
(b) the current in the 5.00-ohm resistor, and ( c ) the terminal PI) of the 2.00-volt cell. 

36. A battery is made up of two parallel groups, each of six cells connected in 
series. Each cell has an emf 2.0 volts and an internal resistance of 0.40 ohm. The 
battery is connected to an external circuit comprising an 8.8-ohm resistor connected 
in scries with a group of three resistors of 20, 30, and 60 ohms, respectively, connected 
m parallel. Calculate (a) the current in the 20-ohm resistor, ( b) the current in one 
tell, and (r) the terminal PD of the battery. Ans. 0.30 amp; 0.30 amp; 11 volts 

37. Twelve storage cells, each of emf 1.00 volt and internal resistance 0.10 ohm, 
are arranged in two rows, each row having six cells in series and the rows being con¬ 
nected in parallel. In scries with this arrangement are connected three cells joined in 
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series, each of emf 2.00 volts and of negligible internal resistance. The entire battery 
is connected by wires of 2.00 ohms total resistance to a parallel group of three resistors 
of 2.00, 5.00, and 10.0 ohms, respectively. Calculate the current in one of the cells 
in the parallel group and the current in the 5.00-ohm resistor. 

38. It is desired to illuminate a building with 300 lamps, operating in parallel. 

The lamps have a hot resistance of 200 ohms each and should operate at 110 volts. 
A battery of storage cells is to be used, each of which has an emf of 2.20 volts and an 
internal resistance of 0.00400 ohm. The cells should discharge continuously at the 
rate of about 28.0 amp. What is the minimum number of cells that can be used and 
how should they be arranged? Ans . 6 rows of 53 cells each 

39. A current of 10 amp is to be maintained in an external circuit of 0.40-ohm 
resistance by the use of similar batteries. The batteries may be connected either all 
in series or all in parallel. Each battery has an emf of 6.0 volts and an internal re¬ 
sistance of 0.40 ohm. What is the minimum number of batteries required and how 
should they be arranged? 

40. Six Daniell cells, each of emf 1.08 volts and internal resistance 2.00 ohms, are 
to be connected to a 6.00-ohm external resistor. Compare the currents delivered 
to the external resistor and the total life of the cells for each of the following arrange¬ 
ments: (a) all the cells in series, ( b ) two rows of cells in parallel, each row consisting 
of three cells in series, (c) what is the terminal PD of the entire battery in each case? 
(d ) which arrangement is better? (State reasons.) Ans. 360 ma; 360 ma; 2.16 volts 

41. A battery is made up of two groups of cells connected in a series-parallel ar¬ 
rangement. There arc three cells in scries, each of emf 1.2 volts and 0.20-ohm internal 
resistance. A second group of three similar cells in series is connected in parallel with 
the first group. In series with this battery is connected a coil of resistance 1.3 ohms and 
a group comprising three coils of resistances 4.0, 6.0, and 12 ohms, respectively, 
connected in parallel. Sketch the circuit. Find (a) the current in the 6-ohm coil, ( b ) 
the current in one of the cells, and (c) the PD at the terminals of the battery. 
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Magnetic Effects of Electric Currents 


i he fact that there is a magnetic field around an electric current was dis¬ 
covered by the Danish physicist Oersted in 1819. This basic phenomenon 
has led to some of the most fruitful achievements in the entire history of 
science. Many of the modern developments and practical applications to 
electric apparatus have resulted from the utilization of the magnet it effects 
°f electric currents. These effects are employed in motors, in most 
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electric meters, in electromagnets, and in practically all electromechanical 
apparatus. 

Magnetic Field Near a Current. The Danish scientist Hans Christian 
Oersted (1770-1851) performed a classical experiment in 1820 which has 
had far-reaching consequences. He noted that when a compass needle which 



Fig. 1. A compass needle tends to assume a position at right angles to a wire carrying 
direct current. 

lormally points toward the north was placed under a wire in which there 
was a current toward the north the needle tended to align itself nearly per¬ 
pendicular to the wire (Fig. 1). When the current was reversed, the compass 
needle also reversed its direction. Oersted further showed that the respective 
directions of motion of the needle were reversed if the compass were placed 



fa) (b) (C) 


Fig. 2. Magnetic field near a straight, current-carrying conductor. 

above the wire. He proved that these effects were caused by the magnetic field 
which is associated with every electric current. 

Magnetic Field around a Straight Current. The configuration of the 
magnetic field around a straight current may be demonstrated by the simple 
experiments illustrated in Fig. 2. A vertical current-carrying wire is passed 
through a horizontal cardboard and iron filings are sprinkled on the card¬ 
board. It will be observed that the filings arrange themselves in concentric 
rings around the wire (Fig. 2a). 
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If a compass is placed at various points near the wire, the needle will be 
observed to set itself tangent to the circles which mav be drawn to indicate 
the lines of force in the magnetic field. The direction of these lines is given 
by the following right hand rule: When the wire is grasped by the right hand 
so that the extended thumb points in the direction of the (conventional) 
current, the direction of the magnetic field is the same as the direction of the 
fingers which are curled around the wire (Fig. 2b and c). 

Magnetic Field of a Solenoid. When a number of turns of wire are 
wound in a tight spiral, the arrangement is called a helix or a solenoid. A 
current in such an arrangement produces a magnetic field the resultant 
characteristic of which is illustrated __ 


in Fig. 3. Such a solenoidal current 
develops a magnetic field which 
resembles that of a bar magnet. For a 
very long solenoid the field within the 
helix is fairly uniform, except for the 
region near the ends. But the field 



varies greatly outside the solenoid; the F|o 3 Magnctic fidd about a 
lines of force flare out at the ends. 


Electromagnets with Iron Cores. A bar of soft iron or other highly 
permeable material placed within a solenoid will greatly increase the 
strength of the electromagnet for a given current (Chap. 36). A pioneer in 
the making of strong electromagnets was Joseph Henry (1797-1878), one of 
the most famous of the early American physicists. Electromagnets are made 
in a variety of shapes; one of the most common is the horseshoe or U-typc as, 
for example, those used for electric bells. Electromagnets are used extensively 
in telephone and telegraph apparatus, in motors and generators, for elec¬ 
trical measuring instruments, such as ammeters, voltmeters, and galva¬ 
nometers, and for lifting-magnets around steel mills and railroad yards. 

The right-hand rule described above 
may be used to determine the polarity 
of an electromagnet by noting the 
direction of the lines of force around 
each wire and then visualizing the 
cumulative effect of all of the turns. 
But it is simpler to use another 
* n (5 the polarity of an electromagnet. right-hand rule which is applicable 

to the case of the solenoidal electro¬ 



magnet, namely: When the helix is grasped by the right hand with the 
fingers encircling the solenoid in the direction of the current in the wire, 
the extended thumb will point in the direction of the N pole of the electro¬ 
magnet. This is illustrated in Fig. 4. 
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Magnetic Field Strength Due to a Current. Laplace’s Law. Experi¬ 
ments on the strength of the magnetic field caused by a current in the most 
general case were performed originally by Ampere. The quantitative measure 
of the field strength due to a current is often referred to as Laplace?s law. 
Consider a current I in a wire ab of any shape (Fig. 5). At any point P at a 

t> distance s from an element of length 
Al of the wire, the magnetic field 


p where 0 is the angle between Al and 
Fio. 5. Laplace’s law for the magnetic the line OP joining Al and P. The 
fidd strength near a current. factor Cisa dimen sionIess proportion- 

ality constant. We will designate this equation as Laplace’s law. The total 
field strength due to the summation of all such elemental fields may be 


strength AH was found to be given by 

_/ Al sin 0 


AH = C 


a) 



indicated by 


H = C 2 


I Al sin 0 

? 



This summation will result in various expressions, depending upon the 
geometrical shape of the current-carrying conductor. Several typical cases 
will be considered below. 

It has been observed from experience 
that the direction of the field is normal 
to the planes of Al and of OP. 

Magnetic Field Strength at the 
Center of a Circular Current (Coil). 

One of the most direct applications of 
Eq. (2) is the case of a current in a 
circular wire or a coil of a few closely- 
wound turns. When such a coil is 
placed at right angles to the plane of 
the paper, the field that is produced has 
something of the appearance shown in Fig. 6 * Magnetic field of a circular 

Fig. 6. It is clear that this field is not currcnt - 

at all uniform. However, the value of the field strength at the center of the 
coil can easily be obtained from Eq. (2). Since s is everywhere perpendicular 
to the wire, the angle 6 is 90° and sin 0 = 1. The summation of all the 
values of Al becomes simply the total length of the wire, or 27rrjV, where r is 
the radius of the coil and .V is the number of circular turns. Hence the 
magnetic field strength at the center of the coil is given by 
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H-C™* 

r 



The emu of current (abampere) is frequently defined from Eq. (3) to make 
C equal to unity. A 1-cm arc of a circle of 1 cm radius will have a field of 1 
oersted at the center of the arc for a current of 1 abamp. Or, one might 
define the abampere as the current which in a coil of 1 turn and 1 cm radius 
produces a field of 2tt oersteds at the center of the coil. 

The ampere as now defined is almost exactly one-tenth of an abampere. 
Therefore in all future equations based upon Eq. (2) the factor C will be 
replaced by ^0 and it will be understood that / is in amperes. For example, 
Eq. (3) may be written 



IttNI 

lOr 



Example: There is a current of 30 amp in a 15-turn circular coil of radius 20 cm. 
What is the magnetic field strength at the center of this coil? 



2ttA 7 
1 Or 


2tt X 15 X 30 amp 
10 X 20 cm 


= 14 oersteds 


Magnetic Field Strength Near a Long, Straight Current. As derived 
from Eq. (2) in Appendix III, the strength of the magnetic field at a point 
near a very long, straight current is given by the equation 



where H is the magnetic field strength (in oersteds), / the current (in amperes), 
and s the distance from the wire (in centimeters). It will be observed that 
the field strength near a long, straight current is directly proportional to the 
current and is inversely proportional to the first power of the distance from the wire 
to the point in question. This ideali7.ed equation is valid only for an infinitely 
long current, but it applies satisfactorily to shorter wires if the distance from 
the wire is not great. This equation is sometimes known as the law of Biot and 
Savor l. 


Example: A long straight wire has a current of 25 amp in it. What is the magnetic 
field strength at a point 3.0 cm from the wire? 

21 2 X 25 amp 

H = 10* = 10 X 3.0 cm 1,7 ocrstcds 


Magnetic Field Strength Due to a Long, Current-carrying Solenoid. 

The field caused by a fiat coil (Fig. 6) and that produced by a solenoid (Fig. 3) 
should not be confused. To differentiate, we can think of a coil as a con- 
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centrated winding of very short axial length, while a solenoid should have 
many closely wound turns extending over a considerable axial length. 

In Appendix III, the equation is derived for the magnetic field strength 
at the center of the longitudinal axis of a long, current-carrying solenoid. 
This equation is 



4irJV7 

10 / 



where A" is the number of turns in the helix and / is the axial length of the 
solenoid. The number of turns per unit length along the axis is frequently 
used in equations for the design of electromagnets and electrical machinery. 
The symbol n (where n = N/l) may be used for the number of turns per unit 
length and Eq. (5) may be written 



Example: There is a current of 6.0 amp in a solenoid of 200 turns closely wound 
along an axial length of 50 cm. What is the strength of the magnetic field at the center 
of this coil? 

.. AtjVI 47 t X 200 X 6.0 amp 
H = Tor “ -10 x 50 cm- - 30 OCr3teds 

In problems dealing with the design of electromagnetic machinery Eqs. (5) 

and ( 6 ) are highly important. Although it should 
be clearly understood that these equations apply 
strictly to an infinitely long solenoid, it is found 
that reasonably satisfactory results are obtained 
for shorter solenoids if the radius of the circular 
turns is small in comparison with the axial length 
of the helix. The equations are almost exactly 
valid for a closed solenoid such as the ring-wound 
toroid illustrated in Fig. 7, if / is the mean circum¬ 
ference of the toroid, 2 tR. Here the field is nearly 
uniform within the coils and does not flare out 
anywhere as it does at the ends of an open 
solenoid. Such toroids are frequently used for 
laboratory measurements where a calculable uniform field is desired. 

Example: A toroidal coil has 3000 turns. The inner and outer diameters are 22 cm 
and 26 cm, respectively. Calculate the field strength inside the coil when there is a 
current of 5.0 amp. 

The mean radius R is 12 cm. 

Atj\I Air X 3000 X 5.0 amp - 

H ~ Tor = “To x 2 * X 12 cm = 250 oerstcds 



Fig. 7. A solenoid wound 
in the form of a toroid. 
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It should be noted that the field strength referred to in the case of the toroid 
is the field within the solenoidal winding. If the turns arc closely packed 
(not as shown in Fig. 7), there will be little “flux leakage'’ and the field out¬ 
side the cross section of the windings will be nearly zero. Students are warned 
not to confuse the (zero) field at the center of the toroid with the case of the 
field at the center of the circular coil. 

Force on a Current in a Magnetic Field. In Fig. 8, a magnetic field 
of strength 77 is shown directed horizontally 
toward the right. A current 7 is directed 
vertically downward in this field. It is found 
experimentally that a force is exerted on this 
current tending to move the current directly 
toward the observer. If either the direction of 
the field or the direction of the current were 
reversed, the thrust on the current would be 
directed away from the observer. 

Viewed from above, the conductor and field F,c ’ 8 ; I-orcc on a current 
c 0 • T'- n normal to a magnetic field, 

ot rig. 8 appear as in rig. 9. Conventionally 

the symbol O is used to represent a current toward the reader while 
a current away from the reader is indicated ©. Above the conductor 
in Fig. 9, the clockwise magnetic field due to the electric current is in 
the same direction as the externally applied field 77. The magnetic field 
above the wire is therefore strengthened. Below the wire, the field due to the 
current is opposite in direction to the external field 77. The field below the 
wire is therefore weakened. It is found by experiment that a current in a 

magnetic field experiences a force 
directed from the strong part of the 
field toward the weak part of the field. 
It is seen that the result is a force down¬ 
ward on the wire. The force is at right 
angles both to the current and to the 

r n », . field, 

no. l-orcc on a current in a mag- ..... 

nctic field. 1 n any situation involving an electric 




current in a magnetic field, the direc¬ 
tion of the side push on the conductor should be predicted by analyzing 
the fields, as has been done for the case shown in Fig. 9. 

The Left-hand Rule. This rule, sometimes called the motor rule , gives the 
relative directions of a magnetic field, current, and motion caused by the 
force of a field on a current. One form of this rule is as follows: Point the 
index finger of the left hand, and extend the thumb and middle finger so that 
they arc mutually at right angles to the index finger (Fig. 10). If the thumb is 
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placed in the direction of the field and the index finger in the direction of the 
current, then the middle finger shows the direction of the motion which the 
resultant force tends to produce. This fule is important in predicting, for 
example, the direction the rotor of a motor will turn for a given direction of 
armature current and magnetic field. 

Force between Current and Magnetic Field) Ampere’s Law. The 

quantitative measure of the force which a 
current-carrying conductor experiences in a 
magnetic field is given by a principle known as 
Ampere's law. This law is a direct consequence 
of Laplace’s law, Eq. (1), as can be shown 
from the following reasoning. From Laplace’s 
law and the definition of H 



MOT/ON 


AH, = — = 


A F I A l sin 9 


Fio. 10. The left-hand (mo¬ 
tor) rule for the force on a cur¬ 
rent in a magnetic field. 


m 


10 r 2 


(la) 


where AH, is the field due to the current 
element and A F is the force which acts upon 
a pole m placed at any point near the current (Fig. 11). The pole m 
produces a magnetic field at the current element. This field has a strength 
H m given by 

m 
vs 2 


H m = 


Solving for AF from Eq. (la) and multiplying both numerator and denomi¬ 
nator of the right-hand term by /i 
gives 

/A/sin0 ixH m I Al sin 9 


AF 




10 


10 



Fio. 11. Ampere’s law for the force on 
a current in a magnetic field. 


The expression in parentheses is seen 
to be the field strength H m at the 
current element caused by the pole m. 

By Newton’s third law of motion, AF 
is not only the force which the current exerts on m but it is also equal 
in magnitude and opposite in direction to the force which the field due to the 
pole exerts on the current element. The equation for Ampere’s law is 
frequently written in the form 

\iHIl sin 9 ^ 


F = 


10 


which applies to the case where the current-carrying conductor is in a 
straight line and is placed in a uniform magnetic field. The force F is in 
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dynes when H is in oersteds, I in amperes, and / in centimeters. It should be 
emphasized that H here represents the strength of the field in which the 
current is immersed and not the field near 
the conductor and due to the current. In 
other words, Ampere’s law gives a measure 
of the force which a current experiences 
when placed in a magnetic field set up by 
some other means. 

It will be noted that the force is a maxi¬ 
mum when the current is normal to the field 

and zero when the current is parallel to the 
field. Fig. 12. Force on a straight cur¬ 

rent not at a right angle with a 

Example: In Fig. 12 is shown a current of un if orm magnetic field. 

25 amp in a wire 30 cm long, in air, and at an 

angle of 60° to a magnetic field of strength 0.80 oersted. What is the magnitude 
and direction of the force on this wire? 




nHIl sin 0 
10 


1.0 X 0-80 oersted X 25 amp X 30 cm X 0-87 

10 


= 52 dynes 


The direction of the force can most safely be determined by visualizing the resultant 
field caused by the field due to the current and that of the field in which the wire is 
placed. Because of the field due to the current, the lines of force above the wire will 
be strengthened, while those below the wire will lx- weakened. Hence the conductor 
is pushed away from the observer, from the stronger and toward the weaker field. 
This same result is obtained by a proper application of the left-hand (motor) rule. 



(a) (b) 


Fio. 13. A current-carrying coil placed in a magnetic field experiences a torque. 

Torque on a Current-carrying Coil in a Magnetic Field. A current- 
carrying coil placed in a magnetic field will experience a torque tending to 
rotate the coil when the plane of the coil has a component that is parallel 
to the direction of the field (Fig. 13a). From a consideration of the resultant 
field that is produced (Fig. 13 b), it will be observed that the wire AB is urged 
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upward while wire CD is forced downward. These forces, equal in magnitude 
but opposite in direction, give rise to a couple, the net torque being the 
product of one of these forces by the perpendicular distance between their 
lines of action. By Ampere’s law, the force is 

_ nHI(AB) sin 90° 

F = -To- 

and hence the torque is 

, nHI(AB)(AD ) 


But ( AB)(AD ) is the area of the coil and hence 




where A is the area of the coil. When the plane of the coil makes an angle <t> 
with the field, the torque is 

T _ nHIA cos <j> ^ 

L To 1 ' 


In general, a coil will tend to rotate in a field until its plane is normal to the 
field. This is the position where the coil links the maximum flux. It may there¬ 
fore be stated that a coil freely suspended in a magnetic field will align itself 
so as to include a maximum number of lines of force through the cross section 
of the coil. Equation (9) is a basic formula for electric motors. The torque L 
is expressed in centimeter-dynes when H is in oersteds, / in amperes, and A in 
square centimeters. If the coil has more than one turn, the torque will be 
increased in proportion to the number of turns N. The general equation is 



nHNIA cos <f> 

10 



Although Eq. (10) has been derived for the case of a rectangular coil, it 
can be shown that the same equation applies to a coil of any shape. 


Example: A rectangular coil is 30 cm long and 10 cm wide. It is mounted, in air, 
in a uniform field of strength 0.75 oersted. There is a current of 20 amp in the coil, 
which has 15 turns. When the plane of the coil makes an angle of 45° with the direc¬ 
tion of the field, what is the torque tending to rotate the coil? 



fxHjXIA cos <j> 
10 ' 


1.0 x 0.75 x 15 X 20 x 30 X 10 X 0.71 

10 


= 4800 cm-dynes 


Forces between Currents. When parallel current-carrying conductors 
are adjacent, each exerts a force on the other. We may think of one of the 
currents with its accompanying magnetic field as being situated in the field 
caused by the other current. By Ampere’s law this will result in a force 
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between the current-carrying conductors. The two circular fields combine 
in the manner shown in Fig. 14. In terms of the line-of-force picture, we 
visualize the effects as if they were caused by the lines acting like stretched 
rubber bands with tension in the direction of their lengths. Hence currents 
in the same direction, as in Fig. 14a, produce an attractive force. We may 
visualize this in another manner by noting that the field between the wires 
is much weaker than the fields outside the wires and hence thev tend to move 
away from the strong fields and toward the weaker one. Unlike the rubber- 
band analogy, lines of force are visualized as having a repulsive force in a 
direction perpendicular to their lengths. This assists us in seeing why currents 
in opposite directions, as in Fig. 14 b, produce a force of repulsion. Since the 




IlO. 14. Resultant fields and forces between parallel current-carrying conductors. 


two currents in this case combine to give a strong field between the wires and 
weak fields outside the wires, it follows that the wires arc repelled from each 
other, since they tend to move from the stronger toward the weaker fields. 

A measure of the forces between parallel current-carrying conductors may 
be obtained as follows. The field of current I a in wire A is given by 



2 1 ± 

1 Os 


From Ampere’s law, the force on current Ib in wire B is therefore 



2/>i Ib , _ 2 nI A I„l 
* \0s 10 lOOr 



where s is the distance from A to B and / is the length of wire B. 

Example: Two straight, parallel wires each 90 cm long are 1.0 min apart, in air 
I here are currents of 5.0 amp in opposite directions in the wires. What is the magni 
tude and sense of the force between these currents? 

K _ 2hI a IbI 2 X 1.0 X 5.0 X 5.0 X 90 

JOOr — 100 X 0.10 = 450 d V ncs 

From the reasoning given above the sense of this force is one of repulsion. 
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SUMMARY 


There is a magnetic field associated with every current. The direction of 
this field is given by a right-hand rule: with the thumb in the direction of the 
current, the encircling fingers show the direction of the field. 

The magnetic field of a solenoidal current resembles that of a bar magnet. 
Electromagnets are made by placing an iron core within a solenoidal current. 
The magnetic field strength of a current element is given by Laplace’s law , 

namely, 



C 


I A l sin 0 
? 


The direction of H is at right angles to the planes of Al and the line joining 
A/ and the point in question. 

The abampere is the electromagnetic unit of current. One ampere is 
approximately abampere. 

The magnetic field strength at the center of a circular current is given by 

2^7 

H lOr 


The magnetic field strength near a very long straight current is given by 



The magnetic field strength at the center of a long solenoidal current is 


given by 



4xJVZ _ AirnI 

"TO 1 nr 


There is a force on a current situated in a magnetic field. This force is 
normal to both the direction of the field and the current. These relative 
directions are sometimes indicated by the left-hand (motor) rule. 

Ampere’s law, giving the force on a current in a magnetic field, is expressed 

by 

_ nHIl sin 0 
F 10 

The torque on a current-carrying coil in a magnetic field is given by 

r nHNIA cos <t> 

L* — “ 7a 
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Adjacent currents in the same direction experience forces of attraction. 
Currents in opposite directions exert forces of repulsion. The force between 
two long, straight currents is given by 

_ 2 pl A l B l 

b 100 * 

QUESTIONS 

1. A wire in the north-south direction has maintained in it a current directed 
north. Describe what happens to a compass needle, of the conventional type, mounted 
on vertical bearings, as the needle is placed (a) above the wire, (4) below the wire, 
and (c) at the right side of the wire. 

2. A cable carrying direct current is buried in a wall that stands in a north-south 
plane. On the west side of the wall a horizontal compass needle points south instead 
of north. What is (a) the position of the cable and ( b ) the direction of the current in 
the cable? 

3. Is there a magnetic field near an electrostatic charge? Would one expect a 
magnetic field to exist in the vicinity of a moving charge? Why? Outline experiments 
which might lx* used to demonstrate each of these cases. 

4. Assuming the validity of Ampere's law as an empirical relation, show how 
Laplace’s law could be derived from Ampere’s law. 

5. From the known relation of the abampere and the ampere deduce the rela¬ 
tion between the coulomb and the abcoulomb; between the volt and the abvolt. 

6 . A “tangent galvanometer” consists of a flat, circular coil of a few turns A and 
radius r. The coil is placed with its major plane parallel to the horizontal component 
of the earth’s magnetic field H. A small compass needle mounted at the center of the 
coil is deflected through an angle 0 when there is a current / in the coil. Derive the 
equation for this angle in terms of / and // and the constants of the coil. 

7. Sketch a curve showing how the magnetic field strength near a long, straight 
current varies with distance away from the current. 

8 . The magnetic field strength on the axis of a long solenoid is nearly constant 
near the center. At the ends of the coil it is just one-half the value at the center. Plot 
a curve of II vs. s, where s is the distance from the center, measured along the axis of 
of the solenoid. 

9. Show why the winding of the toroid of Fig. 7 would produce considerable 
“flux leakage.” 

10. A piece of flexible wire is wrapped loosely around a strong cylindrical bar 
magnet. When there is a heavy current in the wire, it entwines itself around the 
magnet. If the current is reversed, the wire uncoils and winds itself around the magnet 
in the opposite sense. Explain the reasons for this Ixdiavior. 

11. A stream of electrons is projected horizontally toward the right. A vertical 
magnet with the N |X)le downward is brought near the electron beam. Explain what 
happens. 

12. Show how the abampere could lx* defined from Ampere’s law. 
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13. An electron of charge e and mass m moves with a velocity v normal to a uniform 
magnetic field of strength H. Because of the force on the electron at right angles to 
H and v, it will be accelerated and move with uniform circular motion in a circle of 
radius r. Derive the equation which gives r in terms of H, e, m, and v. Solve this equa¬ 
tion for e/m, and discuss the significance of this ratio. 

14. Plot a curve to show the variation of the torque on a coil in a magnetic field 
as the plane of the coil is rotated with respect to the field. 

15. Imagine a coil mounted on universal joints (gimbals) which are nearly fric¬ 
tionless. What would happen to such a current-carrying coil placed at random in a 
magnetic field? Explain reasons. 

16. Two long, straight, insulated wires are suspended vertically. The wires are 
connected in series and a heavy current from a battery is maintained in them. What 
happens to these wires? The battery is replaced by an a-c source. Explain what 
happens in this case. 

17. Explain what would happen to the configuration of a loosely wound loop of 
flexible wire when a current is maintained in the loop. 

18. Two current-carrying coils arc placed at a distance from each other, with their 
centers on a straight line. This line is perpendicular to one of the coils. What must be 
the position of the second coil and the relative direction of the currents in order that 
the coils may attract each other? In what position will there be no force? 

19. A loosely wound helix made of still' wire is mounted vertically with the lower 
end just touching a dish of mercury. When a current from a battery is started in the 
coil, the wire executes an oscillatory motion with the lower end jumping out of and 
into the mercury. Explain the reasons for this behavior. Would the apparatus behave 
similarly if an a-c source were used instead of the battery? 

20. Make a sketch of the essential parts of an electric doorbell, and describe briefly 
the physical principles involved in its operation. 


PROBLEMS 

1 . I here is a current of 1.00 amp in a wire 1.00 ft long, bent into a circular arc 
ol 1.00 It radius. W hat is the magnetic field strength at the center of this arc? 

2. A current ol 18 amp in a circular segment of wire produces a field at the center 

of the arc of 4.5 oersteds. I he wire makes an angle of 3.0 radians at the center. What 
is its radius? 1.2 cm 

3. In an electroplating cell a charge of 450 abcoulombs flows when there is a 
constant current for 5.00 min. What is the current? 

4. A current ol 25 amp is maintained in a storage-batter)' charging outfit for 
6.0 hr. How many abcoulombs of charge will flow? .4™. 5.4 X 10 4 abcoulombs 

5. There is a current of 15 amp in a closely wound circular coil of 60 turns and 
radius 30 cm. YV hat is the strength of the magnetic field at the center of the coil? 

6 . A circular coil ol 50 turns has a diameter of 30 cm. Its magnetic field exerts a 

force of 1950 dynes on a magnetic pole having a strength 300 u.p. placed at its center. 
What is the current in the coil? 3.1 a mp 

7. What minimum current would there have to be in a circular coil of wire of 
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50 turns and 25 cm radius in order to just cancel the effect of the horizontal com¬ 
ponent of the earth's magnetic field at a place in the northeastern United States 
where the horizontal component of the earth's field is 0.20 oersted? How must the 
coil be set up? 

8 . Two concentric circular loops of wire having radii of 9.42 and 6.28 cm, re¬ 

spectively, are connected in series. What field strength is produced at the center of 
the coils when there is a current of 30.0 amp in them ( a ) in the same direction? ( b ) 
in opposite directions? Ans. 5.00 oersteds; 1.00 oersted 

9. A circular coil has 30 turns wound closely on a radius of 18.5 cm. A small 
compass needle is mounted on a vertical axis at the center of the coil. The coil is 
adjusted until its plane is parallel to the earth's magnetic field, which at that place 
has a strength whose horizontal component is 0.215 oersted. There is a current of 
0.358 amp in the coil. Through what angle will the compass needle be deflected? 

10. A coil of 30 turns and 6.0 cm radius is connected in scries with a second coil 

of 25 turns and 15 cm radius. The two coils are concentric but their planes are normal. 
What is the strength of the magnetic field at the center when there is a current of 
8.0 amp in the coils? Ans. 26 oersteds 

11. A long, straight, vertical wire carries a current of 30 amp directed upward. 
What is the magnitude and direction of the magnetic field due to this current at a 
point 1.5 cm directly in front of the wire? 

12. Two long, straight, parallel wires in which there are currents of 2.0 and 3.0 
amp, respectively, in the same direction, are 10 cm apart. Find the magnitude and 
the direction of the magnetic field strength at a point halfway between them. 

Ans. 0.040 oersted 

13. An upward current of 7.2 amp is maintained in a long, straight wire in a place 
where the horizontal component of the earth’s magnetic field is 0.25 oersted. Calculate 
the resultant magnetic field at a point 8.0 cm from the wire (a) north of the wire and 
(b) west of the wire. 

14. T wo long, straight, parallel wires in which there are currents of 5.0 amp and 
10.0 ainp in opposite directions are 10 cm apart. Find the magnitude and direction 
of the magnetic field strength at a point halfway between them. 

Ans. 0.60 oersted 

15. A long solenoid has 25 turns jx-r inch. What is the strength of the magnetic 
field at the center of the solenoid when it lias a current of 0.75 amp? 

16. What is the force on a magnetic pole of strength 300 u.p., placed at the centei 

of a solenoid 100 cm long, wound with 600 turns of wire in which there is a current 
of 0.500 amp? Ans. 11 30 dynes 

17. A long solenoid has 35 turns per centimeter of length and there is a current 
of 8.00 amp maintained in it. A short coil of 25 turns and 6.0 cm radius is wound over 
the center of the solenoid. A current of 12 amp in this coil is in the opposite sense to 
that in the solenoid. What is the magnetic field strength at the center of the system? 

18. A solenoid 100 cm long is wound with 350 turns of wire. Another layer of 
200 turns is wound over the central 50 cm of the first solenoid. There is a current of 
15 amp in the longer solenoid. In the shorter solenoid there is a current of 25 amp in 
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a sense opposite to that of the longer solenoid. What is the strength of the resultant 
magnetic field at the center of these solenoids? Ans. 60 oersteds 

19. A solenoid is wound in the form of a toroidal ring. The average radius of the 
ring is 30.0 cm, and the solenoid has 1000 turns. There is a current of 2.50 amp in 
the solenoid. What is the field strength inside the solenoid? 

20. What force would act on a pole of strength 60 u.p. placed inside an air-core 

toroid (ring solenoid) of 30 cm average radius, having 1000 turns and in which there 
is a current of 0.25 amp? Ans. 100 dynes 

21. An east-west power line is 100 ft between supports. What is its apparent 
change in weight when a current of 600 amp in the line is reversed in direction at a 
place where the horizontal component of the earth’s magnetic field has a strength 
of 0.350 oersted? 

22. A conductor 80 cm long carrying a current of 20 amp is perpendicular to a 

uniform magnetic field of 5.00 oersteds. What is the magnitude of the force on the 
conductor? If the field is directed east and the current is directed upward, what is 
the direction of the force? Ans. 800 dynes; north 

23. A current of 60 amp is maintained in a straight wire 100 cm long. The wire 
is situated in a uniform magnetic field of strength 3.00 oersteds, directed toward the 
north. The direction of the current is from northeast to southwest. What is the mag¬ 
nitude and the direction of the force on the wire? 

24. A 25-turn rectangular coil 12 by 15 cm is placed with its plane parallel to a 
magnetic field of strength 40 oersteds. For a current of 400 ma in the coil, what is 
the torque when the 12-cm side is (a) parallel and ( b ) perpendicular to the field? 

Ans. 7200 cm-dynes 

25. A circular coil has a radius of 12.0 cm and 250 turns. It is placed with its plane 
at 25° to a magnetic field of strength 145 oersteds. What is the torque on the coil 
when there is a current in it of 2.65 amp? 

26. A galvanometer has a rectangular coil which is 1.80 cm by 4.50 cm. It is sus¬ 

pended to move through a magnetic field that has a magnitude of 250 oersteds. The 
coil has f, 0 turns. What maximum torque acts on the coil when it carries a current 
of 150 / 4 a? Ans. 2.74 cm-dynes 

27. \ bar magnet is 16.0 cm long, and has poles of strength 345 u.p. The magnet 
is placed parallel to a long wire in which there is a current of 24.0 amp. The magnet 
is 1.50 cm below the wire. What couple tends to rotate the magnet? 

28. A cable 14 ft in length runs along the top of a trolley car, 4.5 ft below the trolley 

wire. When there is a current of 800 amp in the trolley wire and 90 amp in the cable, 
what is the force between them? Ans. 4500 dynes 

29. Two bus bars on an instrument panel arc 3.0 ft long and 1.5 in. apart. When 
there is a current of 400 amp in each conductor, what is the force between them? 

30. A bifilar wire has a total length of 12 m. The wires arc separated only by the 
thickness of their insulation, a total distance of 3.6 mm. When there is a current of 
25 amp in the wires, what is the magnitude and sense of the force between them? 

.4/ir. 4.2 X 10 4 dynes 
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Electric Instruments 


Practically all electrical measurements involve either the measurement or 
detection of electric current. The measurement of electric current can be 
accomplished by means of any one of the three principal effects of current: 
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heating effect, chemical effect, or magnetic effect. For the sake of accuracy 
and convenience the magnetic effect is utilized almost universally in electric 
measuring instruments. 

Galvanometers. The basic electric instrument is the galvanometer, a 
device with which very small electric currents can be detected and measured. 
The d’Arsonval, or permanent-magnet, moving-coil type of galvanometer, is 
shown in Figs. 1 and 2. In Fig. 1 a the coil C is suspended between the poles 
N and S of a U-shaped magnet by means of a light metallic ribbon. Con¬ 
nections are made to the coil at the terminals marked t. The cylinder of soft 
iron B and the pole faces N and S are skillfully shaped so as to produce a 
radial magnetic field in the air gap. This has the virtue of giving a field that is 



Fig. 1. Permanent-magnet, moving-coil type of galvanometer. 


- 'mutant in magnitude and always parallel to the plane of the coil as the coil 
. - . ulv' v These conditions are neccssarv if the instrument is to have a scale 
• ith uniform graduations. The mirror A/ is used to indicate the position of the 
oil. either by reflecting a beam of light onto a scale or by producing an 
image of a scale to be viewed through a low-power telescope. 

When a current is set up in a coil which is between the poles of a magnet, 
the coil is acted upon by a torque, which tends to turn it until its plane is 
perpendicular to the line joining the poles. If a current is set up in the coil (as 
viewed from above) in Fig. 1 b, the coil will turn toward a position at right 
angles to the position shown. In turning, however, it must twist the metallic 
ribbon that supports it; hence it turns to the position in which the torque 
exerted on it by the magnet is just neutralized by the reaction of the twisted 
ribbon. 

The torque exerted on the coil by the magnet is proportional to the current 
in the coil, and the torque of reaction of the ribbon is proportional to the 
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angle through which it is twisted. Since these torques are equal in magnitude 
and opposite in sense when the coil reaches the equilibrium position, the 
angle through which the coil turns is proportional to the current in it; that 
is 8 cc / 5 where 6 is the angular deflection of the coil. This condition is realized 
only in well-designed instruments, in which case the galvanometer scale is 
properly made with equally spaced divisions. In practice, readings are made 



Fio. 2. Laboratory galvanometer with telescope and scale. 


on a linear scale, since the deflection s read on the scale is proportional to 
the angle of deflection 0 (when 0 is small). 

Damping. If the current in a galvanometer circuit is interrupted, the 
coil will ordinarily swing back beyond the zero position and then vibrate 
with progressively decreasing amplitude through the zero point. This reduc¬ 
tion of motion is called damping. Similarly, if a current is suddenly established 
in a galvanometer, the coil will ordinarily swing beyond its final equilibrium 
position and vibrate several times back and forth through this position before 
finally coining to rest. Since it is tedious to wait for this gradual dying away 
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of the motion of the coil, artificial means are usually provided to bring the 
suspended system quickly to its final position. 

The most common method of producing rapid damping consists of having 
the coil develop induced currents because of its motion in the magnetic field. 
Such induced currents tend to oppose the motion of the coil in the field (Chap. 
37). In one of the most commonly used laboratory' wall-type galvanom¬ 
eters, these induced currents are developed in a rectangular loop of fairly 
heavy copper wire which is attached side by side with the movable coil. 
Since the resistance of this single turn of wire is low, the induced current 
caused by the motion of the coil is comparatively high, and hence there is a 
suitable countertorque which tends to reduce the swinging of the coil about 
its equilibrium position. 

In many ammeters and voltmeters, damping is accomplished by winding 
the movable coil on a frame of light aluminum. The currents induced in this 
frame are quite effective in producing satisfactory damping. By skillful 
design the pointer is caused to reach its equilibrium position very quickly 
with no noticeable oscillation. 

For some purposes an external damping resistor is placed either in series 
or in parallel with the galvanometer coil. This resistance is adjusted to a 
critical value for a given galvanometer and circuit so as to produce a very 
slight underdamping. If the resistance is such as to cause overdamping, the 
coil creeps to its final position with annoying slowness. 

Galvanometer Sensitivity. The deflection caused by a given current 
depends upon the design of the instrument. This characteristic is known as 
rhe sensitivity of the galvanometer. There are numerous ways of expressing 
galvanometer sensitivity, each involving a statement of the electrical condi¬ 
tions necessary to produce a standard deflection. This standard deflection in 
galvanometers having attached scales is assumed to be one scale division. In 
galvanometers not equipped with scales (for example, galvanometers read 
with auxiliary telescope and scale) the standard defection is assumed to be 1 mm 
a scale distance of 1 m. Some of the most used methods of expressing gal¬ 
vanometer sensitivitv follow. 

Current Sensitivity. As previously stated the galvanometer deflection 

s is proportional to the current I. 


whence 


s « / 
I = ks 



s 



where k, the current per standard unit deflection, is called the current sensitivity 
of the galvanometer. 
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For sensitive galvanometers of the type shown in Fig. 2, which are read 
with telescope and s^ale, the current sensitivity k is expressed in microamperes 
per millimeter deflection on a scale 1 m from the mirror. The current sensi¬ 
tivity is numerically equal to the current in microamperes (millionths of an 
ampere and commonly abbreviated na) required to cause a 1-mm deflection of 
the image on a scale 1 m distant. For the highly sensitive types of d'Arsonval 
galvanometers, k is about 0.00001 na/mm, or 10 -11 amp/mm. Other expres¬ 
sions of galvanometer sensitivity are derived from the current sensitivity. It 
should be carefully noted that the term sensitivity is a technical word meaning 
the reciprocal of sensitiveness. A sensitive galvanometer has a low sensitivity k. 

Voltage Sensitivity. The voltage sensitivity is numerically equal to the 
potential difference that must be impressed on the galvanometer terminals 
(including any external damping resistance) in order to produce the standard 
deflection. It is equal to the product of the resistance of the galvanometer 
and the current sensitivity. 

Voltage sensitivity = kR 0 

where k is the current sensitivity and R 0 the galvanometer resistance (includ¬ 
ing any damping resistance). When k is in microamperes per millimeter and 
R u is in ohms, the voltage sensitivity will be expressed in microvolts per 
millimeter. 

Megohm Sensitivity. The megohm sensitivity of a galvanometer is the 
number of megohms (meg = million) resistance which must be put in scries 
with the galvanometer in order to give the standard deflection for a potential 
difference of 1 volt across galvanometer and resistor. Consideration of Ohm’s 
law shows that when the resistance of the galvanometer coil is negligible the 
megohm sensitivity of the galvanometer is numerically equal to the reciprocal 
of the current (in microamperes) required to produce the standard deflection. 

Other Galvanometer Characteristics. The choice of a galvanometer 
is not made on the basis of sensitivity alone. Much depends on the purpose 
for which it is to be used. The period of the swing and the quickness with 
which the coil comes to rest are important. Also the resistance of the gal¬ 
vanometer should have the proper relation to the resistance of the circuit 
with which it is connected. 

Portability, ruggedness, and convenience of operation arc obtained in the 
d’Arsonval galvanometer by mounting the moving coil on jeweled pivots, 
attaching a pointer to the coil, and replacing the metallic ribbon suspension 
by two spiral springs as shown in Fig. 3. The springs, besides balancing the 
magnetic torque exerted on the coil, provide its external connections. The 
current sensitivity of an instrument of this type may lie expressed in micro¬ 
amperes per division of the scale over which the pointer tnoves. 
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Example: A galvanometer of the type shown in Fig. 2 has a current sensitivity of 
0.002 jua/mm. What current is necessary to produce a deflection of 20 cm on a scale 
1 m distant? 

I = ks f where s is in millimeters (on a scale 1 m away), so that 

I = (0.002 /za/mm)(200 mm) = 0.4 /*a 

This is equivalent to 0.0000004 amp. On a scale twice as far away, the deflection 
would be twice as great. 


Permanent 

Magnet 

Upper 

Con Irol Spring 



Moving 

Coll 


Magnetic 

Core 


Fig. 3. 


Lower 

Control Spring 

Diagrammatic representation of a portable-type galvanometer. 


Example: A current of 2.0 X 10 -4 amp causes a deflection of 10 divisions on the 
scale of a portable-type galvanometer. What is its current sensitivity? 

, 1 0.00020 amp 200 M a ^ 

k = - = Vn v • • • - = — = 20ua/division 

s 10 divisions 10 divisions 

Example: If the moving coil of the galvanometer of the first example has a resist- 
ii e of 23 ohms, what is the potential difference across its terminals when the deflec- 

rion is 20 cm? 

V = IR — (0.0000004 amp)(25 ohms) = 0.00001 volt 

Example: What current will cause a full-scale deflection (100 divisions) of a 
portable galvanometer for which k = 20 /ia/division? 

/ = ks = (20 na division )(100 divisions) = 2000 na = 0.0020 amp 

Example: Calculate (d) the voltage sensitivity and ( b ) the megohm sensitivity of 
the galvanometer in the preceding example if its resistance is 5.0 ohms. 

(a) Voltage sensitivity = kR, = (20 (5.0 ohms) = 100 


(b) 


Megohm sensitivity = j = ———^ = 0.050 megohm 
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A galvanometer is often used merely to indicate the presence and direction of a 
current or its absence. In fact the most common use of a galvanometer is as a null- 
indicating instrument, that is, as an instrument which indicates when a current is 
reduced to zero (Chap. 33). For this purpose the galvanometer scale need not be 
calibrated in terms of current. 


Voltmeters. The voltage across the usual galvanometer is exceedingly 
low. If higher voltages are to be measured, it is necessary to insert a resistor 
of high resistance in series with the moving coil of the instrument. Most of the 
potential drop will then occur across the multiplying resistor. By properly 
choosing this resistance any desired voltage may be measured. 

Consider, for instance, the galvanometer mentioned in the last two ex¬ 
amples above. The voltage that is required to produce full-scale deflection is 
10 mv. In order to use this galvanometer as a voltmeter registering to 10 
volts, it is necessary only to increase the resistance until a potential difference 
of 10 volts is just sufficient to produce in the galvanometer a current of 0.0020 
amp, or enough for a full-scale deflection. Hence 



10 volts 
0.0020 amp 


= 5000 ohms 


so that the resistance of the meter (5.0 ohms) must be increased by the addi¬ 
tion of a series resistance R m of 4995 ohms; as in the diagram of Fig. 4. The 



Fio. 4. Use of resistors for voltmeter multipliers. In (a) the voltmeter has a single range; 
(A) illustrates a multirange instrument. Connections at /! and H give a 10-mv range; A and 
C a 10-volt range; A and D a 50-volt range; and A and E a range of 150 volts. 

scale of the instrument should be labeled 0-10 volts, so that each division 
represents 0.1 volt. If a potential difference of 5 volts is applied to the termi¬ 
nals of this instrument, the current is 


I 


V _ 5 volts 

R 5000 ohms 


= 0.001 amp 


Since 0.002 ainp is the full-scale current, the deflection will be just half scale, 
or 50 divisions, indicating 5 volts on the 0-10 volt scale. It should be noticed 
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that the resistance of the voltmeter is R = R m + where R m is the series 
resistance and R„ is that of the galvanometer. 

Example: What series resistance should be used with the galvanometer just dis¬ 
cussed in order to employ it as a voltmeter of range 0 to 200 volts? 

R= V . ,00,000 ohms 

/ 0.002 amp 

total resistance, obtained by making R m = 99,995 ohms. Each division on this instru¬ 
ment will represent 2 volts, and its scale will be labeled 0-200 volts. 

Ammeters. In order to convert the galvanometer described above into 
an ammeter for measurements up to 5.0 amp, it is necessary to connect a low 
resistance, called a shunt, across its terminals, as in Fig. 5. In order to be 



I io. 5. The coil of an ammeter is shunted by a low resistance. The photograph shows 
details of the construction of a typical ammeter. 

deflected full scale, the galvanometer must carry just 0.0020 amp; hence the 
shunt S must carry the remainder of the 5.0-amp current, or 4.998 amp. 
The potential difference across the meter is 

V — IR = (0.0020 amp)(5.0 ohms) = 0.010 volt, 

which must be the same as that across S , thus 


V = 0.010 volt 
I, 4.998 amp 


0.0020 ohm 


This resistance is so small that a short piece of heavy strip or wire might be 
used for S in this case. Some commercial shunts for ammeters are shown in 

Fig. 6. 
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In practice, since it is very difficult to make the resistance R„ exactly a 
certain value when it is to be very low, one commonly obtains a shunt whose 
resistance is slightly larger than is needed, inserts a comparatively large 
resistance r in series with the coil (Fig. la), and then adjusts the value of the 
resistance r to make the meter operate as desired. 

A galvanometer may be converted into an ammeter of several different 
ranges through the use of a number of removable shunts, or the shunts may 



Fig. 6. Ammeter shunts. 



(°) (b) 

Fig. 7. Ammeter circuits. 

be self-contained as shown by the use of a circuit such as that in Fig. lb. 
Connection is made to the -J- terminal and to one of the three terminals 
marked high, medium, and low, respectively. The advantage of this circuit 
is that the shunt connections arc permanently made, eliminating the error 
due to the variation of contact resistance when a removable shunt is used. 
A typical commercial d-c ammeter is illustrated in Fig. 8. 

. ®^ ccta of Meters in the Circuit. When an ammeter is inserted into a 
circuit, the current to be measured is changed by the introduction of the 
ammeter. It is essential that the change in current thus caused shall be a very 
small fraction of the current itself, that is, the resistance of the ammeter must 
be a small fraction of the total resistance of the circuit. 
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Similarly, when a voltmeter is connected between points whose potential 
difference is to be measured, the potential difference is changed by the 
presence of the voltmeter. When the voltmeter is placed in parallel with a 
portion of the circuit, the resistance is reduced, hence the potential difference 
across that part of the circuit is decreased and the total current is increased. 
The voltmeter introduces two errors: changing the current in the circuit and 
reducing the potential difference that is to be measured. In order that these 
errors shall be small, it is essential that the resistance of the voltmeter shall 
be very large in comparison with the resistance across which it is connected. 



I-'ig. 8. Commercial type of ammeter. 

i hi.-' will ensure also that the current in the voltmeter will be small in com- 

par’sun with that in the main circuit. 

SUMMARY 

I he galvanometer is the basic instrument for the detection or measurement 
ot currents and related quantities. The d’Arsonval galvanometer consists of a 
permanent magnet, a movable coil, and an indicating device. 

Damping is the progressive dying away of a motion until the equilibrium 
position is reached. Electromagnetic damping is mostly used in electric 
meters. 

The current sensitivity of a galvanometer is the current per unit deflection, 


k = 
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The voltage sensitivity of a galvanometer is the voltage required per unit 
deflection, 


Voltage sensitivity = kR 0 


The megohm sensitivity of a galvanometer is numerically equal to the recipro¬ 
cal of the current sensitivity, expressed in microamperes per millimeter. 

A galvanometer may be converted into a voltmeter by the use of a series 
resistance multiplier. 

A galvanometer may be converted into an ammeter by the use of a low- 
resistance shunt in parallel with the meter. 

The range of a voltmeter may be increased by the use of suitable scries 
resistors or multipliers. 

The range of an ammeter may be increased by placing low-resistance 
shunts in parallel with the ammeter. 

QUESTIONS 

1. In what respects are the actions of a galvanometer and a motor similar? 

2. Describe the way in which a radial magnetic field is approximated in d-c 
instruments. Why is this type of field important? 

3. Suppose a perfect galvanometer could be built in which the angular deflection 
would be directly proportional to the current. If such an instrument were used with 
a lamp and straight scale, plot a rough curve to show how the scale readings would 
vary with the current. 

4. State some ways in which the sensitivity of a galvanometer may be increased. 
Describe the limitations of each of these methods, that is, why may not the instru¬ 
ment be made infinitely sensitive by each change? 

5. Does the use of an external damping resistor change the current sensitivity of a 
galvanometer? the voltage sensitivity? Why is the use of such a resistor a convenience? 

6 . A tap key is often placed in parallel with a galvanometer and manipulated 
to bring the coil quickly to rest when the current is interrupted. Describe the technique 
used, and show why this hapjxms. Is such a circuit underdamped, overdamped, or 
critically damped? 

7. Explain why voltaic and thermoelectric effects are objectionable in galvanom¬ 
eter circuits. How may they be minimized? 

8 . State some of the reasons why it is a disadvantage to use a galvanometer 
which has too high a sensitivity for the purpose in question. 

9. Give the logical reasoning to show why the deflections of a well-designed d-c 
voltmeter are directly proportional to the voltage at the terminals of the instrument. 

10 . Explain why the difference in potential indicated by a voltmeter may not be 
the PD between the points before the volmeter is connected. 

11. Derive a formula that gives the resistance of the multiplier necessary to increase 
A-fold the range of a voltmeter. 

12. An ammeter and a voltmeter of suitable ranges are to be used to measure the 
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c urrent and voltage of an electric lamp. If a mistake were made and the meters inter¬ 
changed, what would happen? 

13. Some types of fuses used to protect electric meters have resistances of several 
ohms. Is this objectionable (a) in voltmeter circuits and ( 6 ) in ammeter circuits? Why? 

14. Most ammeter binding posts arc made of heavy, bare metal while voltmeter 
terminals are usually much lighter and well insulated. Explain why this is desirable. 

15. Derive a formula that gives the resistance of the shunt necessary to increase 
A-fold the range of an ammeter. 

16. Some electric instruments arc properly called volt-ammeters. Explain why 
these instruments are convenient. Can such an instrument be used to measure voltage 
and current simultaneously? Make a conventional wiring diagram to show the essen¬ 
tial parts of a meter that can be used cither as a (a) galvanometer, (b) multirange 
ammeter, or ( c) multirange voltmeter. 

17. What essential differences are there between the common types of galvanom¬ 
eters and ammeters? between ammeters and voltmeters? Is it desirable for an ammeter 
to have a high resistance or a low one? Should a voltmeter have a high resistance or 
a low one? Why? 

18. Make wiring diagrams to show two ways in which the meters could be con¬ 
nected in the ammeter-voltmeter method widely used for the measurement of re¬ 
sistance. Explain when each arrangement should be used. 


PROBLEMS 

1. A portable galvanometer has a zero-center scale and 20 divisions on each side 
of zero. A pointer attached to the coil deflects 15 divisions for a current of 38^a. 
What is the current sensitivity of this instrument? 

2. What is the current sensitivity of a galvanometer that is deflected 20.0 cm on 

a s< ale 250 cm distant by a current of 3.00 X 10 ~ 5 amp? Ans. 0.375 |ia/mm 

3. The galvanometer of problem 2 has a resistance of 150 ohms. What is the 
>ullage sensitivitv? 

4. What is the megohm sensitivity of the galvanometer of problem 2? 

Ans. 2.61 megohms 

5. A portable galvanometer is given a full-scale deflection by a current of 1.00 
ia. li the resistance oi the meter is ".0 ohms, what series resistance must be used with 

it to measure voltages up to 50 volts? 

6 . A certain 3.00-volt voltmeter requires a current of 10.0 ma to produce full- 

scalc deflection. How may it be converted into an instalment with a range of 150 
volts? Ans. 14,700 ohms 

7. \ oltmcter A has a resistance of 3000 ohms, and its maximum scale reading is 
30 volts. \ oltmcter ) has a resistance of 5000 ohms, and its maximum scale reading 
is 50 volts. What is the reading of each meter if they arc connected in series with each 
other across a potential difference of "’5 volts? 

8 . A voltmeter of range 120 volts and resistance 9600 ohms is placed in series 
with another voltmeter of range 150 volts and resistance 1500 ohms. What will each 
meter read when they are connected to a 125-volt battery? 


Ans. 108 volts: 17 volts 
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9. A voltmeter reads full scale when connected to terminals whose difference of 
potential is maintained at 5.00 volts. When a resistance of 500 ohms is placed in series 
with the meter, it indicates half of full-scale deflection. What is the resistance of the 
meter? 

10. A dry cell, an adjustable calibrated resistor, and a voltmeter arc connected in 

series. With the resistor set at zero resistance, the voltmeter reads 1.48 volts. \\ hen the 
resistor is adjusted to 150 ohms, the voltmeter reads 0.79 volt. What is the resistance 
of the voltmeter? Ans. 172 ohms 

11. An ammeter with a range of 5.0 amp has a voltage drop across it at full-scale 
deflection of 50 mv. How could it be converted into a 20-amp meter? 

12. It is desired to employ the galvanometer of problem 5 as a milliammeter of 
range 0 to 50 ma. What is the resistance of the shunt which should Ik- placed across it? 

A ns. 0.14 ohm 

13. If the lowest shunt resistance available in problem 12 is four times as large as 
desired, what can be done to achieve the desired result? 

14. An ammeter has a resistance of 0.0090 ohm and reads up to 10 amp. What 

resistance shunt is needed to make full-scale deflection of the meter correspond to 
100 amp? Ans. 0.0010 ohm 

15. The total resistance of an ammeter is 0.50 ohm. Full-scale deflection is pro¬ 
duced by a current of 2.5 amp in the instrument. In order to use the ammeter for 
measuring currents up to 25 amp, what should be the resistance of the shunt used on 
the instrument? 

16. What part of the total current will there be in an instrument of resistance 0.60 

ohm when a 0.20-ohm shunt is connected across its terminals? Ans. 2b l ' c 

17. An ammeter reads full scale when placed in a circuit in which a current ol 10.0 
amp is maintained. When a 0.050-ohm shunt is connected in parallel with the 
meter, its reading falls to half its original value. What is the resistance of the 
ammeter? 

18. A certain meter gives a full-scale deflection for a potential difference of 50.0 mv 

across its terminals. The resistance of the instrument is 0.400 ohm. (a) How could it 
be converted into an ammeter with a range of 25 amp? (b) How could it be converted 
into a voltmeter with a range of 125 volts? Ans. 0.00201 ohm; 999.6 ohms 

19. A d’Arsonval-typc electric meter has a resistance of 75 ohms. Full-scale deflec¬ 
tion is produced by a current of 75 ma. In order to use this meter as a voltmeter for 
measuring up to 250 volts, what resistance should lx- connected in series with it? 

20. A millivoltmcter with a resistance of 0.800 ohm has a range of 24 mv. How 

could it be converted into (a) an ammeter with a range of 30 amp? (/>) a voltmeter 
with a range of 12 volts? Ans. 800 microhms; 399 ohms 

21. A moving-coil galvanometer has a resistance of 2.5 ohms, and gives full-scale 
deflection for a potential difference of 50 mv. If the galvanometer is converted into an 
ammeter with full-scale deflection at 5.0 amp, what is the current in the coil when the 
ammeter reads 4.0 amp? 

22. A milliammeter has a resistance of 5.00 ohms, and shows a full-scale deflection 
"'hen there is a current of 10.0 ma. ( a) What resistor should be connected in series 
w »th the milliammeter in order that a full-scale deflection may correspond to 150 
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volts? ( b ) What is the resistance of a shunt that can be connected across the terminals 
of the milliammeter in order that a full-scale deflection may correspond to 10 amp? 

Ans. 1.50 X 10 4 ohms; 0.00500 ohm 

23. The moving coil in a portable galvanometer has a resistance of 6.0 ohms. A 
current of 2.0 ma produces full-scale deflection of the galvanometer, (a) What mini¬ 
mum potential difference must be applied to the coil to produce full-scale deflection? 
(b) What should be the resistance of a shunt to convert the galvanometer to a milli¬ 
ammeter with a full-scale deflection of 25 ma? ( c ) What should be the resistance of a 
resistor to convert the galvanometer into a voltmeter of 15-volt range? 

24. An ammeter of range 1.50 amp and resistance 0.033 ohm is connected in series 

with an ammeter of range 1.00 amp and resistance 0.050 ohm. How much will the 
current change when both of these meters are inserted into a circuit of resistance 
of 2.50 ohms? How will the reading of the meters compare? Ans. 3.1% 

25. In a simple series circuit a battery is connected through an ammeter to an 
electric lamp. A voltmeter is connected in parallel with the lamp. The ammeter indi¬ 
cates 0.75 amp and the voltmeter 50 volts. What is the resistance of the lamp, neglect¬ 
ing the fact that the voltmeter carries a small part of the current? 

26. If the current in the voltmeter of problem 25 is 0.0010 amp for each volt indi¬ 

cated by it, what is the actual current in the lamp and the corrected value of its 
resistance? Ans. 0.70 amp; 71 ohms 

27. In problem 25 the current is increased to 1.00 amp. What will now be the 
reading of the voltmeter? 

28. What is the resistance of the voltmeter of problems 25 and 26? 

Ans. 1000 ohms 
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Electrical Measurements 


Much of the rapid advance in the understanding and use of electricity is the 
result of the precision and definiteness with which electrical measurements 
can be made. These measurements have provided a quantitative basis for 
determining and utilizing important electrical phenomena. Also, electrical 
measurements frequently serve as convenient and accurate means of meas¬ 
uring other physical quantities such as temperature, pressure, distance, and 
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time. Certain electric instruments or circuits designed primarily to measure a 
specific electric property have become versatile methods of measuring a 
variety of important related quantities. 

The electric quantities most frequently measured are current, voltage, and 
resistance. From the measurement of these quantities and their variations 
many other physical properties may be determined. 

The Wheatstone Bridge. One of the most convenient, precise, and 
widely used instruments for measuring resistance is the Wheatstone bridge. 
It consists essentially of a network of four resistors, three of which are known 

and the fourth to be determined. In Fig. 1, the 
conventional diagram of a Wheatstone bridge is 
illustrated. The combination is called a bridge because 
the galvanometer circuit is bridged across the two 
parallel branches MAN and MBN. In general, 
the current divides unequally between the two 
branches. By adjusting the values of the resistances 
the current in the galvanometer is made zero as 
indicated by zero deflection. The bridge is then said 
to be balanced, that is, the points A and B are at the 
same potential. When the bridge is balanced, the fall 
in potential from M to A is the same as that from 
M to B and similarly the potential difference between B and N is identical 
with that between A and N. 

For the balanced bridge, let the current in the resistors R\ and /? 2 he 
railed / 1 , and the current in the resistors Rz and /? 4 be called / 2 . 

Since the fall oi potential over AfA equals the fall over MB, 

Ril\ = R3I2 

Similarly, 

R»I\ — R 4 J 2 

Dividing Eq. ^2) by Eq. (1) gives 

R-i _ R\ 

Rx ~ Rz 
or 

Hence, if any three resistances are known, the fourth resistance can be 
computed. 

From Eq. (4) it will be noted that it is not necessary to know the values of 
R< and R z but merely their ratio in order to determine R«. Commercial 


(1) 

( 2 ) 

( 3 ) 

( 4 ) 



/V 


Fig. 1. Conventional 
diagram of a Wheatstone 
bridge. 
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bridges are built with a known adjustable resistance that corresponds to R 1 
and ratio coils that can be adjusted at will to give ratios that are convenient 
powers of 10, usually from 10 -3 up to 10 3 . In some instruments both battery 
and galvanometer are built into the same box as the resistors, with binding 
posts for connection to the unknown resistor. 

Example: A typical commercial Wheatstone bridge has the resistance R\ variable 
from 1.00 to 9999 ohms and the ratio R4/R3 variable from 0.00100 to 1000. What are 
the maximum and minimum values of unknown resistances that can be measured by 
this bridge? Are these values feasible in practice? Why? 

Ri = Ri^ = 9999 X 1000 = 9,999,000 ohms 

t<3 

or 

R 2 = 1.00 X 0.00100 = 0.00100 ohm 

Neither of the extreme values in this example is feasible in practice. Insulation leakage 
resistance limits the accuracy of the 
higher range, and contact and lead wire 
resistances introduce serious errors in the 
lower ranges. In practice the bridge is 
most suitable for measuring resistances in 
the range from 1 to 100,000 ohms. 

Resistance Boxes. Resistors arc 
available in resistance boxes of wide 
varieties. The internal construction of 

a common type of plug box is shown F, °- 2 ' 1>luR - ,y P c distance box. 

ln Fig. 2. The coils are wound with manganin wire whose resistance is prac¬ 
tically independent of temperature. These coils arc wound on spools attached 
to brass blocks mounted in a hard rubber sheet. The free ends of the wires 
are soldered to the brass blocks, which can be connected together by well- 
fitting brass plugs inserted in the holes between the blocks. The removal of a 
plug inserts the given resistor into the circuit. When the plug is firmly seated, 
its coil is short-circuited, thereby removing that resistance from the circuit. 
Hence the resistance in this type of plug box (Fig. 3 a) is the sum of the values 
marked with the vacant holes. In Fig. 2, the total resistance is 5 ohms. 

Dial-switch resistance boxes are also widely used and offer convenient and 
rapid manipulation. A common type of this resistance box is the decade type 
shown in Fig. 3 b. 

Factors upon Which the Resistance of a Conductor Depends. Georg 
•Simon Ohm, who formulated the law that bears his name, also reported the 
fact that the resistance of a conductor varies directly with its length , inversely with 
>ts cross-sectional area, and is a characteristic uj the material of which it is made. 
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From the study of resistors in series, one would expect that to change the 
length of a piece of wire would change its resistance, as it can be thought of 
as a series of small pieces of wire whose total resistance is the sum of the 
resistances of the individual pieces, 

R = R, + R, + Rz + • • • 


The resistance of a piece of uniform wire is directly proportional to its length. 



to to 


Fig. 3. Precision forms of resistance boxes. ( a ) Plug type; (6) dial decade type. 

Consider a wire 1 ft in length and having a cross-sectional area of 0.3 in. 2 
By thinking of this as equivalent to three wires (1 ft in length) having cross- 
sectional area of 0.1 in. 2 connected in parallel, we may infer that 


1 = 1 + 1 +! 

R Rt T Ro ^ R 3 

or since R\ = R« = R h 


1 

R 



and 



showing that the resistance of one of the small wires is three times as great as 
that of the large wire. This suggests (but does not prove) that the resistance 
of a wire is inversely proportional to the cross section, a fact that was verified 
experimentally by Ohm himself. 

Using R / and R ^ \ A, as indicated at the beginning of this section, 
we can write R « //,+ where / is the length and A the cross-sectional area of 
a uniform conductor. This relation can be written in the form of an equation 

R = ej ( 5 ) 

where p is a quantity, characteristic of the material of the conductor, called 
the resistivity of the substance. (The term specific resistance is sometimes used 
instead of resistivity.) 
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Solving Eq. (5) for p gives 




If A and / are given values of unity, it is seen that p is numerically equal to the 
resistance oj a conductor having unit cross section and unit length. 

If R is in ohms, A in square centimeters, and / in centimeters, then p is 
expressed in ohm-centimeters. 


Example: The resistance of a copper wire 2500 cm long and 0.090 cm in diameter 
is 0.67 ohm at 20°C. What is the resistivity of copper at this temperature? 


From Eq. (6) 


P 



(0.67 ohm) 7 t( 0.090 cm) 2 
2500 cm 4 


1.7 x 10 -6 ohm-cm 


The unit of resistivity in the British engineering system of units differs from 
that just given, in that different units of length and area are employed. The 
unit of area is the circular mil , the area of a circle 1 mil (0.001 in.) in diameter, 
and the unit of length is the foot. In this system of units the resistivity of a 
substance is numerically equal to the resistance of a sample of that substance 
1 ft long and 1 circular mil in area, and is expressed in ohm-circular mils per 
foot. The area of a circle in circular mils is equal to the square of its diameter 
in mils (thousandths of an inch), A = d 2 . 

The abbreviation CM is often used for circular mils. This should not be 
confused with the abbreviation used for centimeters (cm). 


Example: Find the resistance of 100 ft of copper wire whose diameter is 0.024 in. 
and whose resistivity is 10.3 ohm-circular mils ft. 


d = 0.024 in. = 24 mils 
A = d 2 = 24 2 CM 

/ (10.3 ohm-circular mils/ft)(100 ft) 

R = p A = 24 2 CM 


1.8 ohms 


This agrees with the result of the preceding example. 

Change of Resistance with Temperature. The electric resistance of all 
substances is found to change more or less with changes of temperature. Three 
types of change are observed. The resistance may increase with increasing 
temperature. This is true of all pure metals and most alloys. The resistance 
may decrease with increase of temperature. This is true of carbon, glass, and 
many electrolytes. The resistance may be independent of temperature. This 
is approximately true of many special alloys, such as manganin (Cu 0.84, 
Ni 0.12, Mn 0.04). 
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Experiments have shown that the change of resistance with temperature 
of conductors can be represented by the equation 

R t = R 0 + Rood = R 0 (\ + at) (7) 


where R t is the resistance at temperature /, R 0 is the resistance at 0°, and a 
is a quantity characteristic of the substance and known as the temperature 
coefficient of resistance. The defining equation for a is obtained by solving 
Eq. (7) giving 

R t - Ro (g) 


a = 


Rot 


The temperature coefficient 0 / resistance is defined as the change in resistance per unit 
resistance per degree rise in temperature , based upon the resistance at 0°. 

Although Eq. (7) is only approximate, it can be used over medium ranges 
of temperature for all but very precise work. 

Since ( R t — R 0 ) and R 0 have the same units, their units will cancel in the 
fraction of Eq. (8). Hence, the unit of a depends only upon the unit of /. 
For instance, for copper a = 0.004 per °C, but only % X 0.004 per °F. 

Example: A silver wire has a resistance of 1.25 ohms at 0°C and a temperature 
coefficient of resistance of 0.00375 per °C. How much must the temperature be 
increased to double the resistance? 


Solving Eq. (7) for t gives 


ft, ~ *0 

ftoO 

(2.50 - 1.25) ohms 
" 1.25 ohms X 0.00375/°C 


= 266°C 


It should be clearly understood that ft 0 in the above equations ordinarily 

refers to the resistance at 0° and 



perature. 


not to the resistance at any other 
temperature. A value of a based 
upon the resistance at room tem¬ 
perature, for example, is appreciably 
different from the value based upon 
0°. This may be made clearer by a 
graphic analysis of the variation of 
resistance with temperature. 

In Fig. 4, the resistance Rt of a con¬ 
ductor at any temperature t is plotted. 


For a pure metal, this curve gives a linear relation (approximately). Note the 
fact that the curve does not pass through the origin, that is, at 0° the resistance 
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is not zero. Hence we cannot say that R « /. The slope of the curve AR/At is 
a constant. Since 

_ AR/At _ slope 

“ Ri, 

it is clear that the value of a depends upon the base temperature chosen for 
*o. In computations involving temperature variation of resistance, the value 
of R 0 must first be obtained in using Eq. (7). 

Example: A tungsten (wolfram) filament has a resistance of 133 ohms at 150°G\ 
If a = 0.00450 per °C, what is the resistance of the filament at 500°C? 

From Eq. (7) 

_ Ri 133 ohms 

R ° = 1 + at = 1 4 - (0.00450/°C) X 150°C = 9 0 oh,ns 
Rtoo = /?o(l + aetiou) = 79.0 ohms (1 + (0.00450/°C) X 500°C) = 257 ohms 

It is interesting to note the fact that the value of or for all pure metals is 
roughly the same, namely, ^ 73 , or about 0.004, per degree centigrade. 
Observe that this value is the same as the coefficient of expansion of an ideal 
gas. It suggests that at the absolute zero of temperature ( —273°C), a con¬ 
ductor would have zero resistance, that is, a current once started would con¬ 
tinue indefinitely without the expenditure of any energy to keep it going. It 
has been shown by recent investigators who have produced temperatures as 
low as 0.04°K that at this temperature in some conductors a current once 
started continues for several hours without an applied potential. 


TABLE I. RESISTIVITIES AND TEMPERATURE COEFFICIENTS 


Material 

p (at 20°C), 

microhm-cm 

p (at 20°C), 
ohm-circular 
mils/ft 

Temperature coeffi¬ 
cient of resistance 
(based upon resist¬ 
ance at 0°C) 
per °C 

C°ppcr, commercial. 

1 .72 

10.5 

0.00393 

Silver. . 

1 .63 

9.85 

0.00377 

Aluminum. 

2.83 

17.1 

0.00393 

Iron, annealed. 

9.5 

57.4 

0.0052 

Tungsten (wolfram). 

5.5 

33.2 

0.0045 

German silver (Cu, Zn, Ni). . 

20-33 

122-201 

0.0004 

Manganin. 

44 

266 

0 .00000 

Carbon, arc lamp. 

Paraffin.... 

3500 

3 X 10“ 


-0.0003 
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Resistance Thermometer. On account of the accuracy and ease with 
which resistance measurements may be made and the well-known manner 
in which resistance varies with temperature, it is common to use this variation 
to indicate changes in temperature. Devices for this purpose are called 
resistance thermometers. Platinum wire is frequently used in these instruments 
because it does not react with chemicals and because of its high melting tem¬ 
perature. A coil of fine platinum wire contained 
in a porcelain tube is placed in the region 
whose temperature is to be measured. The 
resistance of the coil is measured by a Wheat¬ 
stone bridge. Often these instruments are made 
to record temperatures on a chart and they are 
also frequently linked with devices to control 
temperatures at predetermined values. They 
can be made to measure temperatures with great 
precision from exceedingly low temperatures to 
about 1200°C. The circuit of a resistance ther¬ 
mometer is shown in Fig. 5. 

The Potentiometer Principle. The potentiometer, as the name implies, 
is a device for measuring potential differences. The essential principle of the 
potentiometer is the balancing of one voltage against another in parallel with 
it. In the diagram of Fig. 6 a a branched circuit is shown in which there is a 
current, because of the PD along the slide-wire AC to which it is connected. 
In Fig. 6b a cell has been introduced into the lower branch. Depending upon 



Fig. 5. Resistancc-thcr- 
mometer circuit. 



Fig. 6. (a) A potential divider. ( b ) A simple slide-wire potentiometer. 


the voltage of this cell the current in the lower branch may now be in either 
direction, as indicated by the arrows. As a very special case, the current in 
the lower branch may be zero when the emf of the cell just equals the PD 
between A and B and the positive terminal of the cell is connected to the 
same end of the slide-wire as the positive terminal of the working battery W. 
In the actual potentiometer the unknown emf, which is to be measured, is 
balanced against a potential drop along a calibrated slide-wire. 
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Direct-reading Slide-wire Potentiometer. The arrangement shown 
in Fig. 6 b furnishes the essentials of an elementary, but practical, form of 
direct-reading slide-wire potentiometer. A storage battery serves as a working 
source of emf to maintain a constant drop of potential along the slide-wire 
resistor AC. A standard cell of known emf is connected to the slide-wire, the 
position of the sliding contact B being chosen carefully so as to make the 
reading on the scale at B equal to the emf of the cell. For example, an emf of 
1.018 volts might be represented by 1018 scale divisions. By means of the 
rheostat R the current in the slide-wire is then adjusted so that the PD be¬ 
tween A and B is just equal to the emf of the standard cell, this condition 
being indicated by zero deflection of the galvanometer. The PD per scale 
division is then 1 mv and the potentiometer is said to be direct reading. 
A cell of unknown voltage is then inserted instead of the standard cell 
and the sliding contact B is adjusted until the potentiometer again is 
balanced. The emf of the unknown cell can then be read directly on the 
scale. 

Potentiometers are used in automatic indicating, recording, and control 
devices for the measurement and control of a wide variety of industrial 
processes. A typical case would be the measurement and regulation of 
the temperature of a group of furnaces at a distance from the control 
station. 

A great advantage of the potentiometer is that at the moment of balance 
there is no current in the cell under test. Hence the lead wires do not carry 
any current, so that errors due to line drop or contact resistances do not occur. 
But even more important is the fact that the true emf of the cell is obtained 
and not just the terminal PD, which differs from the true emf by the drop of 
potential over the internal resistance of the cell in accordance with the 
equation, 

V = E - Ir 

where V is the terminal PD of the cell of emf E and internal resistance r when 
there is a current I in the cell. At the moment of balance 7 = 0 and hence 
V = E, regardless of the value of the internal resistance of the cell. For in¬ 
stance, an old dry cell may have such a high internal resistance that its 
apparent emf as read by a voltmeter may be very small, while the potentiom¬ 
eter will give an emf as high as 1.4 volts in many cases. 

By the use of comparatively simple additional apparatus the potentiometer 
may be utilized to make measurements not only of emf but also of current, 
resistance, and power. Such devices are therefore widely used in commercial 
laboratories for the calibration of a wide variety of electric meters and 
instruments. 
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SUMMARY 

A Wheatstone bridge is a device for the comparison of resistances. The work¬ 
ing equation is 

ft = Rl~ 

Kz 

The resistance of a conductor 

1. Varies directly with the length, 

2. Varies inversely with the area of cross section, and 

3. Depends upon the nature of the material and the temperature. 

The resistance of a wire is given by 



The defining equation for resistivity is 



Resistivity is measured in ohm-centimeters in the metric system and in 
ohm-circular mils per foot in the British system. (The cross-sectional area 
of a wire in circular mils is found by squaring its diameter expressed in mils.) 

The resistance of a conductor varies with temperature. For many materials 
this variation may be expressed by 


Rt = R 0 Rooet 


The temperature coefficient oj resistance is defined by 

_ Rt Ro 

a ~ Rot 

For all pure metals, a is roughly 1^73 per °C. Near absolute zero many 
metals have negligible resistance. 

The basic potentiometer principle is the balancing of one voltage against 
another. A slide-wire potentiometer may be calibrated to read voltages 
directly. Many commercial potentiometers are made to register or control 
voltages or other phenomena that are dependent upon voltage. 

An advantage of the potentiometer over a voltmeter is the fact that the 
potentiometer takes no current from the source being measured and hence 
gives a reading of terminal voltage equal to the emf. 



ELECTRICAL MEASUREMENTS 


47 1 


QUESTIONS 

1. What is the effect of the internal resistance of the battery used with a Wheat¬ 
stone bridge on the precision of the measurements? How is the precision altered by 
using similar galvanometers of different resistances? Is contact resistance important 
in (a) the battery circuit, ( b ) the galvanometer circuit, (c) the circuit containing the 
known resistance, and ( d) the circuit containing the unknown resistance? 

2. When a galvanometer is selected for optimum sensitivity for use with a 
Wheatstone bridge, is a high current sensitivity or a high voltage sensitivity desired? 
Give reasons. 

3. A Wheatstone bridge is balanced in the usual manner. The galvanometer 
and the working battery arc then interchanged. Describe how the galvanometer 
then would behave when the switches are closed. 

4. In using a slide-wire Wheatstone bridge it is desirable to adjust the known 
resistance so that the final balance is obtained when the contact on the slide wire is 
near the center of the scale. Why is this desirable? 

5. Mention some of the advantages of the box form of the Wheatstone bridge, 
in comparison with the slide-wire form. In the box form of Wheatstone bridge two 
keys arc used, marked BA and GA. What are the meanings of these symbols? 
Which key is to be closed first? Give reason. 

6 . Which one of the following factors has the greatest effect on the setting of a 
slide-wire Wheatstone bridge when it is used to determine an unknown resistance: 
(a) the temperature of the slide wire, ( b ) irregularities in the diameter of the slide 
wire, and (r) variable resistance between the movable contact and the slide wire? 

7. A piece of wire is cut into four equal parts. How will the resistance of each part 
compare with the original resistance? If the four parts are placed in parallel, how 
will the joint resistance compare with the resistance of the original wire? 

8 . A piece of wire is redrawn by pulling it through smaller dies until its length 
is doubled. Compare the new resistance with the original value. 

9. Why is copper or aluminum used in electric bus bars rather than a less ex¬ 
pensive material such as iron? Silver was extensively used for this purpose at Oak 
Ridge during the Second World War. What are some of the advantages of this 
tnetal for this purpose? 

10. Why is wire for household appliance cords made of many stranded wires when 
the wire used in the house wiring is only a single strand? 

11. Explain clearly the difference between the ohm-centimeter and the ohm per 
centimeter cube as units of resistivity. Show why one cannot define resistivity as the 
resistance of a cubic centimeter of a material. 

12. Show how one might compute the area in circular mils of a bus bar if the length 
and width of the rectangular cross section are known. 

13. Write an equation which shows how the resistivity of copper varies with tem¬ 
perature. Explain why this equation does not apply over wide variations of tempera¬ 
ture. Would the equation apply to a material like manganin? 

14. Sketch approximate curves to show the variation of resistance of copper as 
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ordinates with temperature as abscissas when the temperature is plotted (a) in degrees 
centigrade, ( b ) in degrees Fahrenheit, and (c) in degrees Kelvin. Discuss the values 
of the slopes and intercepts of each of these curves. 

15. A current once established in a circuit maintained at absolute zero would 
continue almost indefinitely. If a motor were included as a part of such a circuit, 
would this statement still be true? Why? 

16. Two electric lamps, of equal rating, are simultaneously connected to the 
power line. One lamp has a tungsten (wolfram) filament, the other a carbon filament. 
Which lamp will first reach its equilibrium temperature? Give reasons for your answer. 

17. Some Christmas-tree lamps are made to operate in series, with eight bulbs 
on a 112-volt line. Why is it important that such bulbs be identical? In certain of 
these sets the lamps have tungsten (wolfram) filaments; in other cases the filaments 
are of carbon. The resistance of the carbon lamps is about twice that of the tungsten 
lamps. Explain what would happen if a string of lamps were used with half of the 
bulbs having carbon filaments and the other half having tungsten filaments. 

18. Mention some advantages of a resistance thermometer, in comparison with 
the conventional mercury type. 

19. State some ways in which a potentiometer is superior to a voltmeter in the 
measurement of voltages. In what respects is the voltmeter more desirable? 

20. Describe how one might determine the internal resistance of a cell by measur¬ 
ing its emf with a potentiometer and its terminal PD with a voltmeter of known 
resistance. 

PROBLEMS 

Unless otherwise stated, use the values of p and a given in Table I. 

1 . A slide-wire Wheatstone bridge has resistor MBN (Fig. 1) in the form of a 
uniform wire 1.00 m long, with the galvanometer contact B continuously adjustable 
along MBN. The bridge is balanced with the known resistor at 450 ohms and the 
slider on the 42.8-cm mark. What is the value of the unknown resistance? 

2. The slide-wire Wheatstone bridge of problem 1 is balanced when the slider 

is 45.8 cm from the known-resistor end of the slide wire. If the known resistance is 
5.60 ohms, what is the unknown resistance? Ans. 6.62 ohms 

3. A precision box form of Wheatstone bridge has ratio coils which are accurate 
to l io C7 ( . Which ratio should be used for maximum precision in measuring an 
unknown resistance of approximately 3 ohms? Neglecting all other errors, what 
numerical error, in ohms, would the error of the ratio coils introduce into the meas¬ 
urement of the unknown resistance? 

4. A wire has a resistance of 0.00325 ohm/m. If the diameter is 0.260 cm, what 

is its resistivity? Ans. 1.72 microhm-cm 

5. What is the resistance of a wire 238 ft long and 0.0500 in. in diameter, the wire 
being made of copper of resistivity 10.5 ohm-circular mils/ft? 

6 . Find the resistance of 5000 ft of copper wire of diameter 0.0110 in. The 

resistivity of the copper is 10.3 ohm-circular mils/ft. Ans. 425 ohms 

7. How much copper wire of radius 0.0250 in. and having a resistivity of 10.5 
ohm-circular mils/ft will be needed to make a coil of resistance of 2.23 ohms? 
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8 . It is desired to maintain a current of 40.0 amp in a 1000-ft wire with a maxi¬ 

mum of 5.00 volts line drop. Copper of resistivity 10.5 ohm-circular mils ft is to be 
used. What is the minimum diameter wire that can be used? Ans. 290 mils 

9. A generator maintains a constant PD of 125 volts at its terminals. At a distance 
of 1500 ft from the generator there is a motor which takes a current of 35 amp. What 
size wire must be used so that the line drop is not more than 5%? 

10. Forty lamps connected in parallel have a voltage drop of 115 volts across 

each lamp. At this voltage each lamp takes 0.64 amp. The generator that is supplying 
the power is 500 ft from the lamps. If copper wire is used and there is a 10^ line drop, 
what must be the diameter of the wire used? The resistivity of copper is 10.4 ohm- 
circular mils/ft. Ans. 145 mils 

11. A power line is to be made from a cable which has an area of 10 6 circular 
mils. If there are 150 wires composing the cable, what is the diameter of each wire? 

12. A 300-ft cable is made up of 25 strands of copper wire each of which has a 
diameter of 0.0125 inch. What is the resistance of the cable? Ans. 0.807 ohm 

13. The legal standard of resistance (ohm) is defined as the resistance of a cy¬ 
lindrical column of mercury 106.3 cm long with a cross-sectional area of 1.00 mm 2 
at a temperature of 0°C. What is the resistance between the opposite faces of an inch 
cube at the same temperature? 

14. A copper tube has an inside diameter of 1.00 cm and an outside diameter of 

1.10 cm. Its length is 100 cm and its resistivity is 10.0 ohm-circular mils ft. Determine 
its resistance. Ans. 1.01 milliohins 

15. Show that a resistivity of 10.5 ohm-circular mils ft is equivalent to approxi¬ 
mately 1.74 microhm-cm. 

16. A certain wire has a resistivity of 1.750 microhm-cm. Calculate its resistivity 
in the usual British units, namely, ohm-circular mils per foot. 

Ans. 10.52 ohm-circular mils ft 

17 What is the temperature of a furnace in which the coil of a platinum thermom¬ 
eter has a resistance of 1020 ohms if the resistance at 0 C is 300 ohms? The tempera¬ 
ture coefficient of resistance of platinum is 0.00392 per G. 

18. At 0°C the resistance of the armature of a motor was 0.500 ohm. After oper¬ 

ating the motor, the resistance increased to 0.600 ohm. What was the rise in tempera¬ 
ture of the cop|x*r wire in the armature? Ans. 50.8°C 

19. A platinum thermometer has a resistance of 25.00 ohms at 0°C. What is the 
temperature of the thermometer when it has a resistance of 32.20 ohms if the tem¬ 
perature coefficient of resistance of platinum is 0.00392 per °C? 

20. A carbon filament has a resistance of 105 ohms at 0°C. What must lx* the 

resistance of an iron filament placed in series with the carbon so that the combina- 
Oon has the same resistance at all temperatures? Ans. 6.1 ohms 

21. In defining the temperature coefficient of resistance, the resistance at 0 C is 
usually taken as the reference base. What percentage change would be made in the 
value of this coefficient for aluminum if the base temperature were taken as 20°C 
instead of 0°C? 

22. Wire having a radius of 0.0300 in. and resistivity 10.8 ohm-circular mils it 
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at 40°C is used to make a coil having a resistance of 7.00 ohms at 100°C. What is 
the resistance of this copper wire at 0°C? How much wire is used? 

Ans. 5.02 ohms; 1930 ft 

23. What is the resistivity of a wire 20 m long and 0.030 cm in diameter if it has 
a resistance of 25 ohms at 0°C? What would be the resistivity of this wire at 70°C if 
it has a temperature coefficient of resistance of 0.0050 per °C? 

24. Copper wire of radius 0.0250 in. and resistivity 10.3 ohm-circular mils/ft 
at 0°C is to be used to make a wire of resistance 4.46 ohms, (a) How long a wire is 
necessary? ( b ) What would be the resistance of the wire at 70°C? 

Ans. 1080 ft; 5.7 ohms 

25. A copper wire has a diameter of 0.500 mm and a resistivity of 2.00 X 10“® 
ohm-cm at 0°C. How much of this wire would be necessary to make a 10.0-ohm coil? 
If heated from 0 to 100°C, what would be its resistance? 

26. How much wire of diameter 0.0250 in. and resistivity 10.5 ohm-circular 

mils/ft at 25°C is needed to make a coil having a resistance of 6.00 ohms at 95°C, the 
temperature coefficient of resistance being 0.00405 per °C? Ans. 290 ft 

27. A power cable 5000 ft long has a resistance of 2.4 ohms per 1000 ft at 20°C. 
The metal of which the cable is made has a temperature coefficient of 0.0040 per °C 
at 20°C. If the temperature falls to — 5°C, by how much does the resistance of the 
cable decrease? 

28. A laboratory furnace with a platinum-wire heating coil is designed for 110 
volts and is rated at 6.0 amp when operating at 500°C. If the wire has a tempera¬ 
ture coefficient of resistance of 0.0039 per °C, what is the current rating of the smallest 
fuse which can be used in the 110-volt line to which the furnace is connected? 

Ans. 18 amp 

29. In a 1-m slide-wire Wheatstone bridge one branch is a coil of german silver 
wire and the other branch is a coil of iron wire. The temperature coefficients of 
resistance for iron and german silver are 0.0050 per °C and 0.0040 per °C, respec¬ 
tively. The slide wire is of manganin of negligible temperature coefficient of resistance. 
At 0°C, the bridge balances at 50.0 cm. Where will it balance at 25°C? 

30. A slide-wire Wheatstone bridge has a meter wire of negligible temperature 
coefficient of resistance. At a temperature of 0°C, the bridge is balanced at the 55.0 cm 
mark when there is a known resistance of 27.0 ohms in one arm and an unknown coil 
of wire in the other arm. The temperature of the unknown is then raised to 80°C, 
giving a new balance point of 50.0 cm. Calculate a for the unknown coil. 

Ans. 0.0029 per °C 

31. A simple potentiometer comprises a battery connected to the ends of a uniform 
straight wire AC and a parallel circuit consisting of a standard cell of emf 1.018 volts 
and a galvanometer connected in series between A and a contact B which slides along 
AC. When B is at 30.0 on the scale AC , there is no current in the galvanometer. When 
the cell is replaced by an unknown emf, B must be shifted to the 75.0 mark for zero 
galvanometer deflection. ( a ) What is the value of the unknown emf? ( b) If the position 
B of balance is read to the nearest 0.1 division, what is the uncertainty in determining 
the unknown emf? 

32. A potentiometer is used to measure the voltage of a cell. On open circuit the 
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cell shows a voltage of 2.218 volts. When the cell is connected to a resistor of 12.0 ohms, 
the potentiometer reading is found to be 2.154 volts. What is the internal resistance of 
cell? Arts. 0.36 ohm 

33. A slide-wire potentiometer is to be made from a 2-m wire of resistance 4.00 
ohms, in series with a rheostat and a working battery of emf 10.75 volts and internal 
resistance 0.50 ohm. If the potentiometer is to be direct reading, that is 1 mv/mm, 
what must be the resistance of the rheostat? 

34. In the circuit of a potentiometer, which is not direct reading, AB and BC 

(Fig. 6b) are adjusted to 64.0 and 36.0 cm, respectively, in order to produce zero 
deflection of the galvanometer when a standard cell of emf 1.0183 volts is in the 
circuit. When the terminals are connected to the grid and cathode, respectively, of a 
radio vacuum tube (in operation), AB is changed to 95.0 cm in order to reestablish 
the condition of zero deflection. What is the potential difference between the elements 
of the radio tube? Ans. 1.51 volts 
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34 . Chemical Effects of Electric Current 


I he chemical effects of electric currents have widespread and important 
applications. Chemical action provides a convenient source of electric cur¬ 
rent in places where power lines are impractical, for there batteries can be 
substituted. Dry cells in many sizes provide energy for portable electric 
instruments, and storage batteries arc available for purposes that require 
considerable amounts of energy. 
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On the other hand, electric energy is used to produce desirable chemical 
change. Plating of metals to increase attractiveness or to reduce wear or 
corrosion is common in industry. The purification of copper by electrolytic 
deposition has long been an established procedure. Aluminum was a labora¬ 
tory curiosity until an electrical method of 
extraction was developed to reduce the cost 
of production, fhe ever-increasing use of 
electrical refining methods makes available 
many new and valuable materials. 

Liquid Conductors; Electrolytes. Liquids 
that are good conductors of electricity are of two conductivitics of liquids 
classes. Mercury and other metals in the liquid 

state resemble solid metals in that they conduct electricity without chemical 
change. Pure water, oils, and organic compounds conduct electricity to only 
a very small extent. Salts, bases, and acids, fused or in solution, are decom¬ 
posed by the current and are called electrolytes. 


il'IH'l 


The difference between liquid conductors and liquid insulators may be 
illustrated by an experiment using the apparatus of Fig. 1. A vessel A with 



F10. 2 . Migration of ions in 

electrolytic conduction. 


electrodes of metal or carbon, a battery B , 
and an incandescent lamp C arc connected 
in series. If the vessel contains pure water, 
there will be practically no current, nor will 
there be a current if sugar solution or 
glycerin is placed in A. If, however, a solu¬ 
tion of salt or sulphuric acid is placed in the 
vessel Ay a current in the solution will be 
indicated by the lighting of the lamp C. 

We have previously discussed the picture 
of an electric current in a metal as a swarm 
of electrons migrating slowly from the 
negative pole of a battery to the positive 
pole, that is, in a direction opposite to that 


assumed for the conventional current. In 


many nonmctallic conductors the currents are not swarms of drifting 
electrons but rather of charged atoms and groups of atoms called ions. 

Electrolytic Dissociation. In the experiment just proposed, the salt 
solution differs from the sugar solution in that it has present many ions while 
the sugar solution does not. When common salt (NaCl) is dissolved in water, 
its molecules break up or dissociate into sodium ions and chlorine ions. The 
molecule as a whole has no net charge but in the process of dissociation the 
chlorine atom takes with it an extra electron giving it a single negative charge, 
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while the sodium atom is thus left with a deficit of one electron, that is, with 
a single positive charge. If electrodes are inserted into the solution and a 
battery connected as shown in Fig. 2, the negatively charged chlorine ions 
are attracted to the positive terminal while the positively charged sodium 
ions are attracted to the negative terminal. The current that exists in the cell 
is the result of the net motion of the ions caused by these attractions. This 
conduction differs from that in a solid in that both negative and positive ions 
move through the solution. The electrode at which the conventional current 
enters the cell is called the anode , that by which it leaves is called the cathode. 

All acids, salts, and alkalies dissociate when dissolved in water and their 
solutions are thus electrolytes. Other substances, including sugar and glycerin, 
do not dissociate appreciably and hence their solutions are not conductors. 



Fio. 3. Circuit to show decomposition of electrolytes by an electric current. 

Electrolytic Decomposition, Electrolysis. When an ion in the elec¬ 
trolytic cell reaches the electrode it gives up its charge. If it is a metallic ion 
such as copper, it is deposited as copper on the negative terminal. Chlorine 
or hydrogen will form bubbles of gas when liberated. Other materials, such 
as the sodium already mentioned, react with the water and release a second¬ 
ary product. Thus the electrolytic cell containing salt solution yields chlorine 
and hydrogen gases as the products of the decomposition. The chemical 
action associated with the passage of electricity through an electrolyte is 
called electrolysis. 

In Fig. 3, a battery is connected through a rheostat to a cell C containing 
water to which a little sulphuric acid has been added and a second cell D 
containing copper sulphate (CuSO<) into which copper electrodes have been 
placed. When the switch is closed, bubbles of gas appear at each of the 
terminals of cell C. If the gases are tested, it is found that hydrogen is set free 
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at the cathode and oxygen at the anode. In the cell D a bright deposit of 
copper soon appears at the cathode while copper is removed from the 
anode. 

When one material is deposited upon another by electrolysis, the process 
is known as electroplating. This process is very commonly used to produce a 
coating of silver, nickel, copper, chromium, or other metal. The success of 
the process in producing a smooth, even layer of metal depends upon such 
factors as the cleanness of the surface, the rate of deposition, the chemical 
nature of the solution, and the temperature. For each metal there are opti¬ 
mum conditions, which must be set up with the skill born of experience if 
the best results are to be obtained. 

Faraday’s Laws of Electrolysis. Quantitative measurements made by- 
Faraday (1833) contributed to the understanding of the processes occurring 
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in electrolytic cells and showed a striking relation between the electrolytic 
behavior and the chemical properties of various substances. Faraday estab¬ 
lished by experiment the following two laws, which are known, respectively, 
as Faraday’s first and second laws of electrolysis: 

Itrst Law: The mass of a substance separated in electrolysis is proportional 
to the quantity of electricity that passes. 

Second Law: The mass of a substance deposited is proportional to the 
chemical equivalent of the ion, that is, to the atomic mass of the ion divided 
by its valence (Fig. 4). 

I'araday’s laws may be expressed by the following symbolic statements: 


whence 


m cc (l 

m oc c 


(Q, = it) 


(*- 


atomic mass 


ass\ 
valence / 


m = kcQ = zO = zlt (z = kc) 



where k is a proportionality constant, whose value depends only upon the 
units involved; rn is the mass deposited and z is a constant for a given sub- 
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stance (but different for different substances), which is known as the electro¬ 
chemical equivalent of the substance considered. 

The electrochemical equivalent of a substance is the mass deposited per unit charge , 
that is , it is numerically the number of grams deposited in 1 sec by an unvarying current 
of 1 amp. 

The ampere is legally defined in terms of the electrochemical equivalent of 
silver, that is, it is the unvarying current which will deposit in 1 sec 0.00111800 
gm of silver from an aqueous solution of silver nitrate. If an unknown current 
is maintained in a solution whose, electrochemical equivalent is known, we 
could determine the value of the current from the measured mass of the 
material deposited and the time. In fact, the calibration of our ammeters is 
based essentially upon such experiments. The apparatus used for this pur¬ 
pose is called a “coulombmeter” (Fig. 
5). It consists essentially of a pair of 
plates, connected together to form the 
anode and a single gain plate, the 
cathode, placed midway between the 
positive plates. In practice, this method 
is rarely used, since it is slow and the 
experimental technique rather difficult 
when precise data are to be obtained. 

Calculations of Electrochemical 
Equivalents. From Faraday’s second 
law and the standard value of z for 
silver, the value of z for any other sub¬ 
stance can be calculated if its chemical equivalent is known. From Faraday’s 
second law the following proportion is valid: 



Fic. 5. A coulombmeter. 


Unknown electrochemical equivalent chemical equivalen t of the substance 
Electrochemical equivalent of silver — chemical equivalent of silver 


In symbols 


_L 

Zaq 


c 

Caq 


Introducing the standard values for silver, 


= 0.00111800 —^ 


gm 


coulomb 107.9 
gm 


96,500 coulomb 


107.9/0.001118 coulomb 
(approximately) 


(2) 
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Some electrochemical data are listed in Table I. 


TABLE I. ELECTROCHEMICAL DATA 


Element 

Atomic 

mass 

' 

Valence 

Electrochemical 
equivalent, 
gm coulomb 

Aluminum. 

27.1 

3 

0.0000936 

Copper. 

63.6 

2 

0.0003294 

Copper. 

63.6 

1 

0.0006588 

Gold. 

197.2 

3 

0.0006812 

Hydrogen. 

1 .008 

1 

0.0000105 

Iron. 

55.8 

3 

0 0001929 

Iron. 

55.8 

2 

0.0002894 

Lead. 

207.2 

2 

0.0010736 

Nickel. 

58.68 

2 

0.0003041 


The Faraday. The mass m deposited by any charge Q, is given by the 
equation m = zQ. From Eq. (2), it follows that a charge of 96,500 coulombs 
will deposit a mass of any substance numerically equal to its chemical equiva¬ 
lent, since c gm = z X 96,500 coulombs. The mass equal to the chemical 
equivalent expressed in grams is called the gram equivalent. The jaraday is 
the charge that will deposit one gram equivalent of any substance. Its value 
is approximately 96,500 coulombs. 

Example: How long will it take to electroplate 5.00 gin of silver onto a brass casting 
by the use of a steady current of 15.0 amp? 

rn = zh 

3.00 gm = 0.001118 CQ "^ m h 1-5.0 amp X l 
t = 178 sec 

Example: Calculate the electrochemical equivalent of copper. 

From Eq. (2) 

* = —£_ 118 -g_ _ 0 000329 . 8™ 

* 96,500 96,500 coulombs coulomb 

Voltaic Cells. It has been seen that the passage of electricity through an 
electrolytic cell produces chemical changes. The reverse effect is also true. 
Chemical changes in a cell will produce an electric current in a circuit of 
which the cell is a part. This fact was established by an Italian scientist, 
Volta (1800); hence such cells are called voltaic cells. 
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If a rod of pure zinc is placed in a dilute solution of sulphuric acid (Fig. 6), 
some of the zinc goes into solution. Each zinc ion so formed leaves behind 
two electrons on the electrode and thus itself acquires a double positive 
charge. The attraction of the negatively charged rod for the positively 
charged ions soon becomes so great that no more zinc can leave the rod and 
the action stops. A difference of potential is thus set up between the nega¬ 
tively charged rod and the solution, the rod being negative with respect to the 
solution. If a second zinc rod is placed in the solution, a similar action will 
take place and it too will acquire a negative potential. When the two rods 
are connected, no electrons will flow from one to the other for they are at the 
same potential. If however, the second zinc rod is replaced by a copper rod 



Fio. 6. Potential difference Fic. 7 . The voltaic effect of 

developed between an elec- dissimilar electrodes in an 

trodc and an electrolyte. electrolyte. 


(Fig. 7), the rate at which the copper dissolves is less than that for the zinc, 
and, when the action stops, the difference in potential between the solution 
and the copper is not the same as that between the solution and zinc. Hence, 
when the copper rod is connected externally to the zinc by a conductor, 
electrons flow from the zinc to the copper. The cell is a voltaic cell in which 
copper forms the positive terminal and zinc the negative. 

A voltaic cell may be formed by placing any two conductors in an elec¬ 
trolyte, provided that the action of the electrolyte is more rapid on one than 
on the other. The emf of the cell is determined by the composition of the 
electrodes and the electrolyte. 

Local Action. If a rod of commercial zinc is placed in the acid cell, the 
action does not stop after a short time as it does with pure zinc. Small pieces 
of other metals that make up the impurities are embedded in the zinc, and 
two metals in contact with each other and the acid form a local cell with a 
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closed circuit. This process is called local action. For each such center, chemical 
action will continue as long as the impurity is in contact with the zinc and 
hence the rod dissolves rapidly. Such chemical action may cause rapid cor¬ 
rosion of underground pipes, or of imperfectly plated metals when they are in 
contact with solutions. 

Polarization. Whenever a voltaic cell is in action, some kind of material 
is deposited upon an electrode. In the copper-zinc-sulphuric acid cell, hydro¬ 
gen is liberated at the copper terminal and collects as bubbles of gas. Such 
deposition of foreign material on an electrode produces effects called polariza¬ 
tion. It is undesirable in a cell because the internal resistance is increased and 
also the emf of the cell is decreased. In some cells the materials are so selected 
that the material deposited is the same as the electrode itself. Such cells are 
not polarizable. In other cells a depolarizing agent is used to reduce the 
accumulation of foreign material. 

The Dry Cell. The most commonly used 
voltaic cell is the so-called dry cell (Fig. 8 ). 

The positive electrode of this cell is a carbon 
rod and the negative terminal is the zinc 
container for the cell. A layer of paper 
moistened with ammonium chloride (NH 4 CI) 
is placed in contact with the zinc, while the 
space between this and the central carbon 
rod is filled with manganese dioxide and 

granulated carbon moistened with ammonium chloride solution. 1 he 
ammonium chloride is the electrolyte and in the chemical reaction 
hydrogen is liberated at the carbon electrode, thus polarizing the cell. 1 he 
manganese dioxide acts as a depolarizing agent by reacting with the hydro¬ 
gen to form water. The cell polarizes when it is used but recovers slowly as 
the manganese dioxide reacts with the hydrogen. Because of this behavior, 
the cell should not be used continuously. The emf of the dry cell is slightly 
more than 1.5 volts. 

Storage Batteries. Some voltaic cells can be recharged or restored to 
their original condition by using some other source of emf to force a current 
in the reverse direction in them. This “charging” current reverses the chemi¬ 
cal changes that occur on discharge. Such a cell is called a storage cell. Only 
those voltaic cells in which the chemical reaction is readily reversed by 
changing the direction of the current can be used as storage cells. The most 
common type of storage cell is the lead cell (Fig. 9), which is used for auto¬ 
mobiles and many other purposes. Both plates are lead grids into which the 
active material is pressed. The active material is lead oxide (Pb0 2 ) for the 
positive plate and finely divided metallic lead for the negative electrode. 



Fig. 8. A dry cell. 
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Dilute sulphuric acid is used as the electrolyte. The emf of such a cell is about 
2.2 volts. 

When the cell maintains a current, the acid reacts with the plates in such 
a way that a coating of lead sulphate is formed on each plate. As in other 
types of polarization this process reduces the emf of the cell and, if it is con¬ 
tinued long enough, the cell no longer causes a current and is said to be dis¬ 
charged. The reaction also replaces the sulphuric acid with water and hence 
the specific gravity of the electrolyte decreases during the discharge. Thus 
the state of charge of the cell can be checked by the use of a hydrometer. 

The plates of the lead cell are made with 
large area and set close together so that the 
internal resistance is very low. Hence large 
currents are possible. The current in the 
starter of an automobile is sometimes as 
high as 150 amp. 

When the storage battery is charged, 

chemical energy is stored up in the cells. The 

amount of energy that can be stored 

depends upon the size of the plates. A large 

cell has exactly the same emf as a small 

* 

cell but the energy available in it when 
fully charged is much greater than that in 
the small cell. 

Lead storage batteries are very satis¬ 
factory when properly cared for but arc 
rather easily damaged by rough handling 
F.g. 9 . A lead storage coll. or ncglect The best service is obtained if 

they are charged and discharged at a regular rate. The battery is ruined 
quickly if it is allowed to stand in an uncharged condition. 

A lighter and more rugged type of storage battery is made up of Edison 
cells. The positive plate of the Edison cell is nickel oxide (NiCL), the negative 
plate is iron, and the solution is potassium hydroxide. It is more readily 
portable than the heavy lead cell and can be allowed to stand uncharged for 
long periods of time without damage. However, it is more expensive than 
the lead cell, and its emf is lower (1.3 volts). It is commonly used in installa¬ 
tions where charging is irregular or where weight is an important factor, as 
in field radio sets and miners' lamps. Its long life and ruggedness have made 
it a favorite cell for the electrical laboratorv. 

4 

Nonpolarizing Cells. In certain types of cells the material deposited 
on each electrode is the same as that of the electrode itself. Such cells have 
the advantage of not being subject to polarization. 
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The Daniell cell consists of a zinc plate in zinc sulphate solution and a 
copper plate in copper sulphate. The two liquids are kept separate either by 
a porous jar or by gravity, the denser copper sulphate solution being at the 
bottom of the battery jar. When the cell furnishes a current, zinc goes into 
solution and copper is deposited. There is a continuous stream of zinc ions 
in the direction of the current and of SO“ ions against the current. There is a 
decrease of Zn and CuS0 4 and an increase of Cu and ZnS0 4 . The Daniell 
cell is reversible, zinc being deposited and copper going into solution when 
a current is maintained in the cell in the direction to convert electric energy 
into chemical energy. The Daniell cell produces an emf of about 1.1 volts. 

Standard Cells. The Weston standard cell (Fig. 10) has one electrode 
of cadmium amalgam in cadmium sulphate, the other of mercury in mer- 
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Fig. 10. A Weston standard cell. 


curous sulphate. Weston standard cells are made in two forms. The normal 
cell contains a saturated cadmium sulphate solution; the unsaturated cell, 
used as a working standard, has a solution less than saturated. The saturated 
cell is the basic standard, being reproducible to a very high degree of accu¬ 
racy, but the variation of its emf with temperature must be taken into 
account for accurate measurements. The unsaturated cell is not exactly 
reproducible. Its emf must be checked against a normal cell, but its tem¬ 
perature coefficient is negligible and it is, therefore, a much more practical 
working standard. 

Standard cells are not used for producing appreciable currents but as 
standards of potential difference. With the aid of special instruments, chiefly 
potentiometers, an unknown voltage may be accurately measured by com¬ 
parison with the emf of a standard cell. 


SUMMARY 

Water solutions of acids, salts, and alkalies are called rlrclrolyles. They con¬ 
duct electricity by the transfer of positive (metallic) ions and negative ions. 
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Univalent ions gain or lose one electron each in ionization, bivalent ions 
gain or lose two electrons, etc. 

Dissociation is the breaking up of the constituent molecules into ions when 
a substance goes into solution. 

The anode in an electrolytic cell is the terminal at which the conventional 
positive current enters; the cathode is the terminal at which the conventional 
current leaves. 

Electrolysis is the chemical action which is connected with the passage of 
electricity through an electrolyte. 

Faraday's laws oj electrolysis are as follows: 

1. The mass of a substance deposited by an electric current is proportional 
to the amount of electric charge transferred. 

2. For the same quantity of electricity transferred, the masses of different 
elements deposited are proportional to their atomic masses, and inversely 
proportional to their valences 

m = zlt 

The electrochemical equivalent of a substance is the mass per unit charge 


m 



The legal ampere is the unvarying current which will deposit in 1 sec a mass 
of 0.00111800 gm of silver from a standard solution of silver nitrate. 

The jaraday is the quantity of electricity, approximately 96,500 coulombs, 
which will deposit a gram equivalent of any substance. From this it follows 
that 

_ c 

Z ~ 96,500 

A voltaic cell consists of two electrodes, of dissimilar substances, in contact 
with an electrolyte. The substance forming the negative electrode has a 
greater tendency to dissolve than that forming the positive electrode. 

Local action is the voltaic effect produced in one of the plates of a primary 
cell because of the impurities in the plate. 

Polarization is the reduction in the net emf of a cell because of the accumu¬ 
lation of layers of foreign substances around the electrodes. 

A storage cell is a voltaic cell that can be restored to its initial condition by 
the use of a reversed or “charging” current. 

A standard cell is a voltaic cell made to certain specifications to serve as a 
standard of potential difference. 
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QUESTIONS 

1. How and why do liquids differ in their ability to conduct electricity? State 
some of the factors upon which the conductivity of an electrolyte depends. 

2. Explain clearly the differences between an atom, molecule, and ion. How does 
a monovalent ion differ from a bivalent one? In electrolysis how does the number of 
bivalent ions compare with the number of monovalent ions? 

3. The terms cation and anion are frequently used to represent certain ions. 
Identify the sign of the charges on these ions. Show why these terms are appropriate. 

4. By the aid of a sketch describe the process of purifying copper by electrolysis. 

5. The oceans contain incredibly large quantities of such materials as gold, silver, 
and many other valuable substances. Explain why the precious metals are not ob¬ 
tained from sea water by electrolysis when such substances as chlorine, caustic soda, 
and magnesium arc so made in large quantities. 

6. The current in a trolley system is not all confined to the rails but some leaks 
to the generating source by way of underground pipes in the moist earth. Make a 
sketch and describe the resultant electrolytic corrosion which occurs. How may these 
effects be minimized? 

7. A pair of platinum plates is inserted into a solution of copper sulphate and 
connected to a battery. Describe the electrochemical actions which take place. Will 
this process continue indefinitely? Why? 

8. Show how Faraday’s laws and the facts of electrolysis constitute one of the 
indications of the theory that electricity is granular in nature. 

9. In the equation rn = zlt = ArO, name some of the alternate units in which 
each of these quantities can be expressed. 

10. How does the ernf of a tiny flashlight dry cell compare with that of the large 
dry cell commonly used in the electrical laboratory? Compare their ampere-hour 
ratings. 


11. Write the equations for the basic chemical reactions which take place in a 
simple copper-zinc-sulphuric acid voltaic cell. 

12. Make a graph to show how the potential varies as one travels around an 
electric circuit that includes a simple copper-zinc voltaic cell of appreciable internal 
resistance connected to an external rheostat. Show in the graph the relative potentials 
of the copper, electrolyte, zinc, and external circuit. 

13. Describe what would happen if an iron ship were repaired below the salt-water 
line by welding a zinc plate over the iron. What would happen if a copper plate were 

used? 


14. After a 0.5-ohm resistor is connected across the terminals of a dry cell, the 
current in the resistor decreases rapidly. Why? 

15. Write the equations for the principal chemical reactions which occur in the 

charge and discharge of the lead storage cell. What effects are produced in a lead 

storage cell when water is added? State some of the precautions that must be observed 

in order to keep a lead storage battery in good condition. State some of the reasons 

why a storage battery may be badly damaged by allowing it to discharge at an exces- 
»ivc rate. 
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16. Mention some of the relative advantages and disadvantages of lead vs. Edison 
storage batteries. 

17. Mention two classes of methods used to eliminate the difficulties caused by 
polarization in primary cells, and give an example of each. 

18. Write the equations for the various chemical reactions which occur in the 

Daniell cell. 

19. Explain clearly why a Weston standard cell may safely be used in a potentiom¬ 
eter circuit and why it would be injurious to use it with a voltmeter. 

20. A storage cell has an emf of 2.0 volts. Under what condition may the potential 
difference across the cell be greater than 2.0 volts? 

PROBLEMS 

Unless otherwise stated, in all the following problems the electrochemical equiva¬ 
lent of silver may be taken as known and atomic data may be assumed as known, but 
other values should be worked out as a part of the problem. For silver, z — 0.00111800 
gm/coulomb; atomic mass = 107.9; valence = 1. 

1. What current is required to deposit 500 mg of silver from a silver-plating cell 

in 1.00 hr? 

2. A steady current of 4.00 amp is maintained for 10.0 min in a solution of silver 

nitrate. Find how much silver is deposited on the cathode. Arts. 2.68 gm 

3. Some galvanometers have a current sensitivity as low as l/z^a per division. 
How long would it take for a current of 10 -12 amp to deposit 1 gm of hydrogen 
by electrolytic action? 

4. How long will it take for a current of 10 amp to liberate 0.25 gm of hydrogen 

from an acidulated-water cell? Arts. 2**00 sec 

5. How long will it take for a current of 5.0 amp to produce 1.00 liter of hydrogen 
by electrolysis of water? The density of hydrogen is 0.000090 gm/cm 3 . 

6. How much hydrogen is liberated each day in an acidulated-water cell in 

which a current of 30.0 amp is maintained? Arts. 27.2 gm 

7. When a steady current is maintained in a coulombmeter, 1.1185 gm of copper 
(valence 2) are deposited in 30.0 min. Calculate the value of the current. 

8. In a copper coulombmeter 0.198 gm of copper (valence 2) is deposited by a 
current of 0.500 amp in 20.0 min. Calculate the atomic mass of copper. Arts. 63.6 

9. A current of 700 ma is maintained in a CuSCL cell. How much copper will be 
deposited in 20.0 min? 

10. How long will it take a current of 10 amp in an electroplating bath to deposit 

a layer of copper 0.10 mm thick on a casting having a surface area of 200 cm 2 ? The 
specific gravity of copper is 8.9. Ans. 5400 sec 

11. How many grams of water would be decomposed by a current of 7.5 amp in 
1.5 hr? 

12. What volume of water would be decomposed by a current of 3.0 amp in 30 

min? Ans. 0.50 cm 3 

13. In the manufacture of hydrogen by the electrolysis of water, the electrolytic 
cell develops a back emf of 1.508 volts. Ten of these cells in parallel have an internal 
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resistance of 0.0135 ohm. When this group of cells is connected to a generator of emf 
8.309 volts and internal resistance 0.0240 ohm, at what rate is the hydrogen generated? 

14. Thirty electrolytic cells containing acidulated water are connected in series. 

A current of 300 amp is maintained in the cells for 8.0 hr. (a) How much oxygen is 
liberated? (b) how many liters? .'Ins. 22 kg: 15,000 liters 

15 . A silver nitrate and an acidulated-water cell are connected in series. What 
masses of silver and oxygen, respectively, will be deposited in electrolysis by a current 
of 10.0 amp maintained for 3.00 hr? 

16 . A current of 2.00 amp is maintained in two coulombmeters, in series, one of 

silver, the other an “unknown” metal of atomic mass 55.0. In 2.00 hr, 2.73 gm are 
deposited from the “unknown.” How much silver is deposited, and what is the 
valence of the other inctal? .Ins. 16.1 gm; 3 

17 . A spoon is silver-plated by electrolytic methods. It has a surface area of 20 
cm 2 on which a coating of silver 0.0010 cm thick is plated. The density of silver is 
10.5 gm/cm 3 . (a) How many grams of silver are deposited? (b) How many coulombs 
of electricity pass through the solution? (r) If a current of 0.10 amp is used, for how 
long must it be maintained? 

18 . Two electrolytic cells containing CuSOi and CdSOj, respectively, are con¬ 

nected in series. A current is maintained in the cells until 9882 /igm of copper is 
deposited in the first cell. How much cadmium is deposited in the second cell? The 
atomic mass of cadmium is 112.41, and its valence is 2. Arts. 0.0175 gm 

19 . In a nickel sulphate bath a current of 12.0 amp is employed to plate nickel 
on both sides of the cathode, a sheet of metal 5.0 cm square. The density of nickel 
is 8.90 gm/cm 3 . («) How much nickel is plated on the cathode in one hour? ( b) What 
is the thickness of the plating on the cathode? 

20. How many grams of the following will be deposited or liberated in electrolysis 
by 96,500 coulombs: (a) silver? (b) copjxT? (r) oxygen? Ans. 107.9; 31.8; 8.00 gm 

21 . Assuming as known only atomic data and the electrochemical equivalent of 
silver, calculate the electrochemical equivalent of hydrogen; of copper. 

22. In 30 min, 3.67 gm of a metal of atomic mass 197 are deposited from an elec¬ 
troplating bath by a current of 3.0 amp. Find (a) the electrochemical equivalent, 
(b) the chemical equivalent, and (c) the valence of the metal. 

Ans. 0.00068 gm/coulomb; 66 ; 3 

23. How much lead changes to lead sulphate |>er ampere-hour in a lead storage 
battery? 

0 Wbat is the terminal FI) of a battery of emf 20 volts and internal resistance 
• 50 ohm, when delivering current to an external circuit of 4.5 ohms resistance? 

0 Ans. 18 volts 

• A lead storage cell has an emf of 2.20 volts and an internal resistance of 0.0333 
° 9 * V* ,at cxtcrna * voltage must lx- applied to charge the cell at a rate of 33 amp? 

6 . I he emf of a Daniell cell is about 1.08 volts. When connected to a rheostat of 
resistance 30.0 ohms, the voltage at the terminals of the cell drops to 1.00 volt. What 

U 27 r ™ 31 rc8i8tancc of thc cc,,? /I«f. 2.4 ohms 

Vith an external circuit of resistance 9.00 ohms, a battery gives a current of 
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0.430 amp. When the resistance of the external circuit is increased to 32.0 ohms, the 
current falls to 0.200 amp. What is (a) the internal resistance of the battery, ( b ) the 
cmf, and ( c ) the terminal PD in each case? 

28. A battery furnishes a current of 1.00 amp to an external circuit of resistance 
2.50 ohms. When an additional resistor of 3.00 ohms resistance is added in series, the 
current becomes 0.500 amp. Calculate (a) the emf of the battery, (£) its internal 
resistance, and ( c ) the terminal PD in each case. 

Arts. 3.00 volts; 0.50 ohms; 2.50 volts; 2.75 volts 

29. Derive the numerical relationship between (a) the ampere-hour and the 
coulomb and ( b ) the ampere-hour and the faraday. 
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Electric Energy and Power 


In order to maintain an electric current in a circuit having resistance, energy 
must be supplied from some source, such as a battery or generator. The rate 
at which this energy is expended is the power required to maintain the cur¬ 
rent. The cost of this electric energy is a major factor in the design and 
utilization of many devices. The concepts of electric energy and power are 
intimately associated with the corresponding ones considered in basic 
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mechanics. The conversion of mechanical to electric energy is one of the 
essential topics to be considered in the study of electricity. 

The flow of electricity in a wire or other conductor always produces heat. 
Electric soldering, electric welding, electric heating, and electric lighting 
provided by arcs or incandescent lamps are among the important processes 
that utilize the heating effect of an electric current. With suitable devices the 
energy of an electric current may be utilized to produce mechanical work, 
chemical change, or radiation. 

Electric Energy. The fundamental definition of the potential difference 
(voltage) between two points in an electric circuit is the work per unit charge 
expended in transporting the electricity through the circuit. In equation 
form 


Voltage = 


work 

charge 


or in symbols 



In Eq. (1), V is commonly expressed in volts, W in joules, and Q, in coulombs. 

Rewriting Eq. (1) in the form W = FQj and making the substitutions 
Q = It and V = //?, the basic equation for electric energy may be written 
in the forms 


W = VQ = Vlt = PRt 



This equation indicates that 1 joule of work must be expended in maintaining 
for 1 sec a current of 1 amp in a circuit of 1 ohm resistance. 


Example: Calculate the energy supplied in 15 min to a percolator using 4.5 amp 
at 110 volts. 

W = Vlt 

= (110 volts)(4.5 amp)(900 sec) 

= 4.5 X 10 5 joules 

Heating Effect of Electric Current. It is a fact of everyday experience 
that a conductor in which there is an electric current is thereby heated. In 
some cases, such as the electric iron and toaster, this heating is desirable. In 
many other cases, particularly in electric machinery such as dynamos and 
transformers, the heating is most undesirable. Not only does this heat repre¬ 
sent an expensive loss of energy, but it necessitates careful design of the parts 
of the apparatus to get rid of the heat. 

In the heating devices the wire in which the useful heat is produced is 
called the heating element. It is often embedded in a refractory' material, which 
keeps it in place and retards its oxidation. If the heating element is exposed 
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to air, it should be made of metal that does not oxidize readily. Nickel- 
chromium alloys (such as Nichrome) have been developed for this purpose. 

Mechanical Equivalent of Heat. From the principle of the conserva¬ 
tion of energy it follows that whenever electric energy is expended and heat 
is evolved, the quantity of heat produced is always strictly proportional to 
the energy expended. This statement is a form of the first law of thermodynamics 
(Chap. 22). 

Energy is expressed in Eq. (2) in terms of the joule, which is basically a 
mechanical unit. Energy- in the form of heat is measured in terms of the 
calorie. Experiments are necessary to establish the relation between the joule 
and the calorie or between any unit of mechanical energy and heat. These 
experiments have demonstrated the fact that there is a direct proportion 
between the expenditure of mechanical energy M’and the heat H developed. 
This important law of nature is represented by the equation 

W = JH (3) 


where J (after Joule) is the proportionality factor called the mechanical equiva¬ 
lent of heat. Relationships for the conversion of heat to mechanical energy as 
given in Chap. 22 include: 1 caloric = 4.18 joules and 1 Btu = 778 ft-lb. 

Joule’s Law. By combining Eqs. (2) and (3) a useful form of the equa¬ 
tion for the heat developed in an electric circuit is obtained, namely, 


»- 7 - 


Vlt 


PRt 


4.18 4.18 


(4) 


H = 


It should be noted that if one wishes to change calories to joules, he multi¬ 
plies the number of calories by- 4.18 joules/caloric, and if he wishes to change 
joules to calories, he divides the number of joules by 4.18 joules/calorie. 

Example: How many calories are developed in 1.0 min in an electric heater, 
which draws 5.0 amp when connected to a 110-volt line? 

From Eq. (4) 

Vlt 
J 

(110 volts)(5.0 amp)(60 sec) 

4.18 joules/cal 
= 7.9 X 10 3 cal 

The facts represented by Eq. (4) are sometimes referred to as Joule's law 
for the heating effect of the electric current. From this equation it is evident 
that the heat developed in an electric conductor varies directly with: 

1. The square of the current (if Ii and t are constant) 

2. The resistance of the conductor (if / and t are constant) 

3. The lime (if / and R are constant) 
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One method ui measuring the mechanical equivalent of heat makes use 
of the electric calorimeter (Fig. 1). This consists of a double-walled calorim¬ 
eter containing water, into which are inserted a thermometer and a coil 
of wire. An ammeter is connected in series with the calorimeter, and a volt¬ 
meter is connected in parallel with 
it. By means of a variable resistor 
the current in the calorimeter is 
kept at a constant value I for a 
time t. If, in addition, either the 
resistance R of the coil in the calorim¬ 
eter is known or the potential 
difference V between its ends is read 
on the voltmeter, the electric energy 
supplied can be calculated. From 
the rise in temperature and the 
mass of water and calorimeter, the 
heat developed can be determined. 

Substituting these values in Eq. (4), 
the mechanical equivalent of heat can be obtained. 




Fig. 1. Electric calorimeter. 


Example: In a typical experiment performed to measure the mechanical (elec¬ 
trical) equivalent of heat the following data were obtained: resistance of the coil, 
55 ohms; applied voltage, 110 volt; mass of water, 153 gm; mass of calorimeter, 
60 gm; specific heat ol calorimeter, 0.10 cal gm °C; time of run, 1.25 min; initial 
temperature of water, 10.0°C; final temperature, 35.0'C. Find the value of J. 


R = 55.0 ohms; V = 110 volts; M v = 153 gm 

M, = 60 gm; S r = 0.10 cal/gm °C; /. = 10.0°G 

'/ = 35.0 e C; 

I — J> = HO volts/55.0 ohms = 2.00 amp 

From Eq. (4) 

I-Rt 
J ~ H 

I-Rt 

~ (MX + M.S,)(ty~T) 

_ (- 00 amp)-(55.0 ohms)(1.25 min X 60 see/min) 

_ (153 gm X 1.00 cal gnT^C + 60 gm X 0.10 cal/gm °C)(35.0°C - 10.0°C) 
= 4.15 joules, cal 


Applications of the Heating Effect. The incandescent lamp is a familiar 
application ol the heating effect of an electric current. A tungsten (wolfram) 
filament, protected from oxidation by being placed in an inert gas, is heated 
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by the current to a temperature of about 2700°C, converting a small part of 
the electric energy into light. 

Home lighting circuits and other electrical installations are commonly- 
protected by fuses. These are links of readily fusible metal, usually an alloy 
of lead and tin. When the current increases above a predetermined safe 
value, the fuse melts (“burns out”) before more valuable equipment is 
damaged. 

Electric furnaces play an important role in industry. In resistance furnaces, 
heating is produced by maintaining the current in metallic conductors or 
silicon carbide rods which surround the material to be heated, or in some 
furnaces by using the material itself to conduct the current. Temperatures 
up to 2500°C are so attained. In arc furnaces material is heated, perhaps to 
3000°C, by concentrating on it the heat from one or more electric arcs. Both 
types of furnaces arc used to produce steel, silicon carbide (carborundum, a 
valuable abrasive), and calcium carbide. 

Transformations of Energy. The relations between work and energy- 
arc the same whether we are dealing with electricity, heat, or mechanics. 
The production and use of electric energy involve a series of transformations 
of energy. Radiation from the sun plays a part in providing potential energy 
for a hydroelectric plant or the coal for a steam-generating plant. In the 
latter the chemical energy of coal is converted into heat in the furnace, 
from heat to work by the steam engine, and from work to electric energy- by 
the generator driven by the steam engine. The 
energy- of the electric current may be converted into 
work by an electric motor, into heat by an electric 
range, into light by a lamp. It may be used to 
effect chemical change in charging a storage battery 
° r in electroplating. The expression W = Vlt (as 
applied to d-c circuits) represents the electric 
energy used in any of these cases. 

Consider the circuit shown in Fig. 2. Energy 
is supplied to the circuit by the battery A. It 
converts chemical energy into electric energy in an amount 

W\ = lE\t 

where /?, is the cmf of the battery A. Because of internal drop, the terminal 
voltage of battery A will be less than E i, and there will be a loss of energy 
Er\t because of heating within the battery itself. Hence the energy 1V 2 
delivered to the external circuit is 





Fig. 2. Sources and 
sinks of electric energy. 


iv 2 = ivit = f(Ei - Iri)t = lEil - Ihit 
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Battery B is inserted into the circuit in such manner as to oppose the emf of 
battery A. Therefore battery B takes energy out of the circuit. Any device 
that introduces a counter emf in a circuit, for example a storage battery being 
charged or an electric motor, receives energy from the circuit. 

The energy supplied to battery B in this circuit is 

W % = lV 2 t = I{E 2 + Ir 2 )t = IE 2 t + Pr 2 t 


Note that V 2 , the terminal PD of battery B, is greater than E 2 , since there is 
a reverse current in this battery. Of the energy' supplied to battery B, a por¬ 
tion, Pr 2 t, is expended as heat within the battery because of its internal re¬ 
sistance. The remainder, IE 2 t, is converted into chemical energy in charging 
the battery. 

The product of the current, counter emf, and time in any device represents 
the energy that can be taken from the circuit by that device for purposes 
other than heating. Since no such machine is 100 per cent efficient, the actual 
conversion of energy- is less than this maximum. 

In this circuit the battery A transforms chemical energy' into electric energy’ 
in amount IE\t. Of this energy, IE 2 t is available for reconversion into chemi¬ 
cal energy at battery B , Pr\t -f- Pr 2 t is converted into heat inside the batteries, 
and PR,t + PR\t is converted into heat by the external resistors. 


Example: In the circuit of Fig. 2, E\ = 27 volts; E> = 6.0 volts; T\ = 0.60 ohm; 
r „ = 0.40 ohm; Rs = 2.0 ohms; and /?< = 4.0 ohms. Calculate the following: the 
total energy Jl'i supplied to the circuit; the energy W 2 delivered to the external 
circuit; the energy H’ 3 supplied to battery B ; the energy’ W\ converted by B into 
chemical energy IT S which is converted into heat in the circuit, each in 3.5 min. 


E = E x - Ez = 27 volts - 6.0 volts = 21 volts 
R = rj -f- r 2 + Rz + R\ = 0.60 ohm + 0.40 ohm + 2.0 ohms + 4.0 ohms = 7.0 ohms 


'-f- 


21 volts 


= 3.0 amp 


7.0 ohms 
t = 3.5 min =210 sec 

W\ = IE\t = 3.0 amp X 27 volts X 210 sec = 17,000 joules _ 

Wz = IE x t - Pnt = 17,000 joules - (3.0 amp ) 2 X 0.60 ohm X 210 sec = 16,000 joules 
ir 3 = IEzt Prj = 3.0 amp X 6.0 volts X 210 sec -f- (3.0 amp ) 2 X 0.40 ohm 

X 210 sec = 4600 joules 


IVt = IEzt = 3.0 amp X 6.0 volts X 210 sec = 3800 joules 
IV& = PRt = (3.0 amp ) 2 X 7.0 ohms X 210 sec = 13,000 joules 


Power and Energy'. Since power P is the rate of doing work or the rate 
of use of energy, it may always be obtained by dividing the energy’ W by the 
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time t which is taken to use or to generate the energy. Symbolically (for d-c 
circuits) 



In practical units, P is the power in joules per second, that is, in watts, if F is 
given in volts and / in amperes. Thus the power in watts used by a calorimeter 
(or other electric device) is found by multiplying the ammeter reading by the 
voltmeter reading. If the electric power is entirely used in producing heat 
in a resistor R , then from Eq. (2), 



(Note that the symbol IF in these equations represents energ)\ in joules. It does 
not stand for watt, which is a unit of power.) 

Example: An electric furnace, operating at 120 volts, requires 3.0 hp. Calculate 
the current and the resistance. 

P 
P 

2200 watts 
/ 

R 

Units and Cost of Electric Energy. A very practical aspect of the use 
of any electric device is the cost of its operation. It should be noted that the 
thing for which the consumer pays the utility company is energy and not power. 

Energy = power X time 


watts —_ 

= 3.0 hp X 746 —r— = 2200 watts 


= VI 

= 120 volts X / 
= 18 amp 

V 120 volts 


18 amp 


= 6.7 ohms 


A power of 1 watt used for 1 sec requires 1 joule of energy. This is a rather 
small unit for general use. The most common unit is the kilowatt-hour (kw- 
hr), which is the energy consumed when a kilowatt of power is used for 1 hr. 
One kilowatt-hour is equal to 3.6 X 10 6 joules. 

The cost of electric energy is given by the equation 


Cost = P X t (unit cost) 


Vlt (cost per kw-hr) 
1000 watts/kw 


when V is expressed in volts, / in amperes, and t in hours. 
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Example: What is the cost of operating for 24 hr a lamp requiring 1.0 amp on a 
100-volt line if the cost of electric energy is $0.050/kw-hr? 


Cost = 


(100 volts) (1.0 amp) (24 hr)(S0.05/kw-hr) _ ^ 

1000 watts/kw 


Measurement of Power by Voltmeter-ammeter Method. A simple 
and widely used method for measuring power (in d-c circuits) is to measure 
the current in the circuit by an ammeter and the voltage with a voltmeter. 
The power is simply the product of these two readings. (For precise measure¬ 
ments certain corrections must be made owing to the effect one instrument 
has on the reading of the other.) 



TO LOAD 


CURRENT 

TERMINALS 


LINE 

WIRES 


SERIES ^ 
RESISTANCE 


L -o 


r~0 


FIXED COILS 
(CURRENT) 


VOLTAGE 

TERMINALS 


MOVING COIL 
(VOLTAGE) 


TO SOURCE 


(«) (b) 

Fig. 3 . (a) Idealized diagram of a wattmeter. ( b ) Portable kilowattmeter. 


The Wattmeter. The wattmeter, as the name suggests, is an instrument 
for measuring power. It consists essentially of two coils at right angles, one 
fixed and one movable. The fixed coil is made of heavy wire of low resistance 
and is connected in scries with the load. The movable coil is made of small 
wire and is connected in scries with a multiplier of high resistance; this coil is 
connected in parallel with the load. By analogy with the methods of connect¬ 
ing ammeters and voltmeters, these two coils are called the current and vo'tage 
coils, respectively. The torque acting on the movable coil is proportional to 
both the current in the fixed coil and the voltage across the potential coil. 
Hence the resultant indication of the meter is proportional to the product 
of the current and the voltage, that is, to the power (for direct current). A 
typical wattmeter is illustrated in Fig. 3. 

The Watt-hour Meter. The watt-hour meter is a device for the measure¬ 
ment of electric energy. This is the type of meter which is so commonly found 
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in houses for indicating the amount of energy which has been furnished In 
the electrical utility company. This instrument (Fig. 4) is basically a special 
type of motor. It is designed so that the armature A of the motor revokes at 
a speed that is proportional to the power used. This is accomplished by hav¬ 
ing the field coils Fand F' of the motor connected in series with the load, thus 
producing a magnetic field that is proportional to the current in the load. 
The armature is connected in parallel with the load, through a multiplying 
resistance R. Hence its magnetic field is proportional to the voltage of the 
load. The resultant torque, being separately proportional to each of these 



Fig. 4 . A watt-hour meter. 


fields, is therefore dependent upon their product and hence to the product 
of current and voltage, or the power. Suitable pointers, geared to turn with 
the armature, indicate on their respective dials the number of watt-hours 
(more oltcn kilowatt-hours) used in the load. The aluminum disk D con¬ 
nected to the armature spindle rotates in the field of the magnets M and .V/'. 
I he induced eddy currents thereby generated (see Chap. 37) act as a brake 
on the armature and provide a mechanism for adjusting the rate of the rota¬ 
tion when the magnets are moved toward or away from the disk in servicing 
the device. 


The Induction Type of Watt-hour Meter. The electrodynamometer 
type of watt-hour meter is usually used on d-c circuits. For a-c use, the in¬ 
strument is modified, in accordance with the schematic diagram of Fig. 5. 
This device is essentially a single-phase induction motor. The coil P is the 
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voltage coil, in parallel with the load. The current coils S and S' are in series 
with the load. The rotor is an aluminum disk D that is caused to turn by the 
rotating magnetic field established by the combination of the currents in the 
voltage and current windings. The disk revolves between the poles of the 
permanent magnets MM , thus providing a mechanical load for the motor 
action of the rotor. The rotor shaft is geared to a set of indicating dials, as in 

the electrodynamometer type previ¬ 
ously described. 

It must be emphasized that all watt- 
hour meters measure energy , not power. 

Thermoelectricity. Under cer¬ 
tain conditions, heat can be trans¬ 
formed directly into electric energy. 
If a circuit is formed of two (or more) 
dissimilar metals the junctions ol 
which are kept at different tempera¬ 
tures, an emf is generated, which 
produces an electric current in the 
circuit. The energy associated with the current is derived from the heat 
required to keep one junction at a higher temperature than the other. The 
industrial importance of such a circuit is that it provides an accurate and 
convenient means of measuring temperatures with electric instruments. 

In an arrangement called a thermocouple pyrometer (Fig. 6) two wires of 
dissimilar metals are welded together at one end, the other ends being con¬ 
nected to a millivoltmeter. If the cool 
end (reference junction) of the ther¬ 
mocouple is maintained at a constant 
and known temperature (often that 
of an ice bath, 0°G), there will be an 
increase of emf as the temperature of 
the warm end of the thermocouple 
is increased. It is possible to calibrate 
this system to make it a temperature- 
measuring device. 


Fio. 5. 
meter. 
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Fic. 6. Thermocouple pyrometer. 


Certain alloys are more suitable than the pure metals for thermocouple 
use, since they produce relatively large emfs and resist contamination. 
Practical temperature measurements can be made with such thermocouples 
over the range from —200 to 1600°C. 

Thermocouples are often connected in series with alternate junctions 
exposed to the source of heat. Such an arrangement, called a thermopile y can 
be made extremely sensitive —sufficiently so to measure the heat received 
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from a star, or, in a direction finder, to detect the heat from an airplane 
motor. 



Fig. 7. An industrial type of thermocouple. 


SUMMARY 

Energy is required to maintain a current in a circuit. 

Electric energy may be converted into heat, mechanical work, chemical 
energy, or radiant energy. 

Electric energy is expressed by 

W = I’d = Vlt = PRt 


The mechanical equivalent of heat is defined by 

W 
H 



One calorie = 4.18 joules; 1 Btu = 778 ft-lb. 

The heat developed by an electric current is given by 

W _ Vlt _ I-Rt 
H ~ J 4.18 4.18 

Electric energy supplied by a source of emf is Ell , that which is expended 
as heat is PRt, and that going into useful mechanical work or chemical energy 
is E'lt, where FJ is the counter emf. 

Electric power is given by 

I V 

P = y = VI = PR 


The cost of electric energy is given by 

Cost = P X t (unit cost) = 


Vlt (cost per kw-hr) 
1000 watts kw 


Electric power may be measured by a voltmeter-ammeter method (in d-c 
circuits only) or by a wattmeter. 

\ watt-hour meter is used for the measurement of electric energy. It is a 
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motor whose speed depends upon the power utilized, and its indications 
integrate power X time = energy. 

A thermocouple transforms heat into electric energy. A thermopile is a group 
of thermocouples in series. Thermoelectric devices are extensively used to 
measure temperature. 

QUESTIONS 

1. Classify and trace the various sources of energy which are transformed into 
electric energy, and show that ultimately all of them came from the sun. 

2. Of what is the horsepower-hour a unit? Derive the relation between the horse¬ 
power-hour and the joule. 

3. Some fuse links are made with a constricted part in the center. Explain why 
this is a desirable type of construction. 

4. Describe a way in which a frozen water line could be thawed out by electricity. 
Is this feasible for a long, underground pipe? Explain. 

5. Modern electric lamps are filled with nitrogen under a pressure of approxi¬ 
mately 1 atm. Why arc such lamps more efficient than the former type in which all 
possible gas was removed? 

6 . Mention a number of ways in which various kinds of energy may be converted 
into the energy of an electric current. 

7. Show that the rate of heating of a conductor with a constant voltage impressed 
on it varies directly with the cross section of the conductor. 

8 . Two current-carrying wires A and B have the same length and are made of 
the same material, but the diameter of A is twice that of B. How many times greater 
is the heating effect in A compared to the heating in B when (a) the wires are con¬ 
nected in parallel and ( b) the wires are connected in series? 

9. An electric circuit includes the following: a rheostat, a storage battery being 
charged, a generator, an electroplating cell, and a switch. Explain which device is 
(a) a source, ( b) a sink, and (c) neither a source nor a sink of energy. 

10. Arrange the following energy units in order of increasing magnitude: kilowatt- 
hour, foot-pound, erg, and joule. 

11. Which process has the greater efficiency: the conversion of chemical energy of 
coal into electric energy in a power plant, or the conversion of electric energy into 
radiant energy in the coils of a d-c electric stove? 

12. In a lightning flash is there a large voltage? current? power? energy? Explain. 

13. Arrange the following household devices in the order of increasing power 
consumption: (a) electric fan, medium size, ( b) electric lamp, medium size, ( c ) 
electric iron, (d) refrigerator, (e) radiant heater, and (/) electric oven. (Indicate 
typical values for each device.) 

14. What is it that is dangerous to the human body: current, voltage, or some com¬ 
bination of these and other factors? 

15. Show why the watt per second, kilowatt per hour, and similar units do not 
represent quantities that are ordinarily used. 

16. Can two identical 110-volt, 60-watt lamps be satisfactorily used on a 220-volt 
circuit? Could two 220-volt lamps be used on a 110-volt circuit? Could a 60-watt, 
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110 -volt lamp and a 100-watt, 110-volt lamp be satisfactorily used together on a 
220-volt circuit? Explain. 

17 . A 115-volt, 25-watt lamp and a 115-volt, 150-watt lamp are connected in 
parallel to a 115-volt source of power. What is the effect on the brightness of each 
lamp if the connections are changed so that the lamps are now connected in series? 
Assume that the resistances of the lamps remain constant. 

18 . Draw the wiring diagrams for the two methods of connecting an ammeter 
and a voltmeter to measure power. Describe the errors introduced by the instruments 
in each case. 

19 . If the terminals were not marked, could one tell by inspection which binding 
posts on a wattmeter are intended for the voltage and which are designed for the 
current terminals? Show why these binding posts should have different physical 
characteristics. 

20 . A wattmeter is connected to the following arrangements of lamps inserted in 
a 120-volt power circuit: (a) one 60-watt lamp, (4) two of these lamps in parallel, 
(c) two of these lamps in series, and (d) a pair of lamps in parallel joined in series to 
another pair in parallel. What will the reading of the wattmeter be in each case? 

21 . Describe some ways by which dishonest persons attempt to influence the 
readings of their household watt-hour meters. One of the methods used by the utility 
meter man for adjusting the speed of a watt-hour meter is to move the magnets closer 
together or farther apart. Explain how this influences the readings of the meter. 

22 . State some of the relative advantages and disadvantages of thermoelectric 
pyrometers as compared with the usual mercury thermometer. 


PROBLEMS 

1. An energy of 3600 joules is required to move a charge of 120 coulombs through 
a rheostat. What is the voltage across the rheostat? 

2 . A current of 0.70 amp is maintained in an electroplating cell. If the potential 

difference across the terminals of the cell is 5.0 volts, how many joules of energy are 
furnished to it by the electric current during 20 min? Arts. 4200 joules 

3. If increasing the difference of potential across the cell of problem 2 to 10 volts 
causes the current to rise to 1.25 amp, what is the resistance of the cell under these 
conditions? (Hint: Do not neglect the voltaic cmf of the cell.) 

4 . How much energy is used each minute by a d-c motor in which there is a cur¬ 
rent of 12 amp at 110 volts? Ans. 7.9 X 10 4 joules 

5 . How much heat would be generated in 10 min by a uniform current of 12 amp 
in a rheostat.of resistance 20 ohms? 

6 . A current of 4.0 amp is maintained for 3.0 min in a wire of resistance 5.0 ohms, 

submerged in 600 gm of water in a calorimeter equivalent to 6.0 gin of water. Com¬ 
pute the rise in temperature of the water. Ans. 5.7°C 

7. A coil of wire having 5.0 ohms resistance is lowered into a liter of water at 
10 C and connected to a 110-volt circuit. How long will it take for the water to come 
to the boiling point? Neglect the heat required to change the temperature of the wire 
and the vessel. 
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8 . When a vessel containing 1500 gm of hot water is allowed to cool, its tempera¬ 

ture when it passes 90°C is falling at the rate of 12.0° per min. A wire of 6.00 ohms 
resistance is submerged in the water. What must the current in the wire be to keep 
the temperature of the water at 90°C? Ans. 14.4 amp 

9. In a student experiment performed to measure the mechanical equivalent 
of heat by the electric calorimeter method, the following data were observed: resist¬ 
ance of coil, 55 ohms; line voltage, 110 volts; mass of water, 156 gm; mass of calorim¬ 
eter, 60 gm; specific heat of calorimeter, 0.10 cal/gm°C; time of run, 1.25 min; 
initial temperature of water, 10.0°C; final temperature of water, 35.0°C. Determine 
the percentage difference between the student’s observed value of J and the standard 
value. 

10. A storage battery of emf 35 volts and internal resistance 0.045 ohm is connected 
to a generator that develops an emf of 115 volts and has an internal resistance of 
0.125 ohm. The wires between the generator and battery have a resistance of 0.33 
ohm. A rheostat is inserted in the line to reduce the current to 20 amp. What power 
is used in the rheostat? What heat is developed in the line wires in 30 minutes? 

Ans. 1.4 kw; 57,000 cal 

11. A 40-volt storage battery of 4.0-ohms internal resistance is to be charged from 
a 110-volt d-c line. ( 0 ) What is the resistance of the rheostat which must be placed 
in series with the battery if the charging rate is to be 5.0 amp? ( b ) What is the total 
energy supplied to the battery in 6.0 hr? (e) What is the heat loss in the battery in 
this time? 

12. If the coils of a resistance box arc (each) capable of dissipating power at a rate 
of 4.0 watts, what is the highest voltage one could safely apply across a 2.0-ohm coil? 
a 200-ohm coil? What is the current in each case? 

.4«r. 2.8 volts; 28 volts; 1.4 amp; 0.14 amp 

13. A subway train uses an energy of 12 kw-hr for each mile when traveling at a 
uniform speed of 30 mi/hr on level track. Calculate the force opposing its motion. 

14. A 220-volt motor is supplied by a 10.0-ohm line. The motor is operating at 

85 per cent efficiency and is developing 2.00 hp at the pulley. Find the power lost in 
the line. Ans. 637 watts 

15. What is the efficiency of an electric motor that delivers 3.0 hp (useful) wher. 
taking a current of 65 amp from a 115-volt line? 

16. A certain motor has the name plate stamped “3.00 amp, 110 volts.” At what 

speed could it raise vertically a 50.0-kg man if the entire system were 33^ per cent 
efficient? Ans. 22.4 cm/scc 

17. A Prony brake is used to measure the mechanical output from a small motor. 
It is found that the brake exerts a force of 5.3 lb on the brake arm, which is 6.0 in. 
long. The motor takes a current of 6.2 amp from the 120-volt line when it is running 
at 1600 rpm. What is the efficiency of the motor? 

18. Find the cost at 1.00 cent per kilowatt-hour of running an electric furnace for 

10.0 hr if it takes 10,000 amp at 100 volts. Ans. $100 

19. A bank of 48 incandescent lamps (in parallel), each having a (hot) resistance 
of 220 ohms, is connected to a 110-volt circuit. Find (a) the power and ( b) the cost 
of operating the lamps for 24 hr at 5.0 cents per kilowatt-hour. 
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20 . When electric energy costs 6.0 cents per kilowatt-hour, how much will it cost 
to heat 4.5 kg of water from 20°C to the boiling point, if no energy is wasted? 

Arts. 2.5 cents 

21 . An electric heating coil uses 2200 watts when connected to a 110-volt line. 
Find (a) its resistance and (b) the cost of operating it for 5.0 hr at 3.0 cents per 
kilowatt-hour. 

22. A generator with a brush potential (terminal PD) of 117.5 volts delivers current 
to two rheostats of resistances 55.0 ohms and 220 ohms, connected in parallel, through 
a line having a resistance of 3.00 ohms. Calculate (a) the horsepower used in the 
55.0-ohm resistor, ( b ) the cost of operating the 220-ohm resistor for 30.0 min at 10.0 
cents per kilowatt-hour, and (c) the heat generated in the 3.00-ohm resistor in 10.0 
min. (Assume all the apparatus to be in use at all times.) 

Ans. 0.295 hp; 0.275 cents; 2690 calories 

23 . Four 110-volt, 55-watt electric lights are joined in parallel. This arrangement 
is connected in scries with a toaster that has a resistance of 55 ohms. The whole is 
connected to a 220-volt generator. What current is in the group of lights? What will 
it cost to operate the toaster (only) under these conditions for 5.0 hours at 10 cents 
per kilowatt-hour? 

24 . A motor operates at 100 volts and is supplied with 2.00 hp from a generator 
23.8 ft away. The diameter of the two wires connecting the motor and generator is 
0.0500 in. and the resistivity is 10.5 ohm-circular mils/ft. ( a ) What is the cost of the 
energy used in the line resistance during an 8-hr day at the rate of 5.0 cents per kilo¬ 
watt-hour? ( b ) What heat would be developed in the line wire in this time? 

Ans. 1.8 cents; 3.1 X 10 4 cal 

25 . It is desired to determine accurately the power taken by a coil R of approximate 
resistance 20 ohms by connecting it in a circuit with an ammeter and voltmeter. The 
voltmeter has a range of 150 volts and a resistance of 15,000 ohms. The ammeter has a 
range of 1.5 amp and resistance of 0.033 ohm. Should the meters be connected so that 
(a) the voltmeter measures the PD across both R and the ammeter, or ( b) so that the 


ammeter measures the total current in R and the voltmeter? What per cent error is 
introduced in each case by the effect of one instrument on the readings of the other? 

26. In a test on an electric hot plate, the temperature of a 1200-gm copper calorim¬ 

eter (specific heat, 0.093 caf/gm °C) containing 3.00 kg of water rose from 30.0 to 
43.6 C in 4.00 min. The wattmeter connected to the hot plate read 875 watts. Find 
the efficiency of the hot plate. Ans. 84.3% 

27. A two-wire power line 10 mi long delivers 100 kw at 3300 volts to a factory. 
If the resistance of each wire is 2.0 ohms/mi, what is the voltage supplied to the line 
at the power plant? 

28. A certain electric oven has a resistance of 10 ohms and is supplied with a cur¬ 

rent of 10 arnp. What power is used by the oven? At what rate is heat developed? 
What is the cost of operating the oven for 12 hr if energy costs 3.0 cents per kilowatt- 
^ our ^ Ans. 1.0 kw; 240 cal/sec; 36 cents 

29. A new Nichroine wire heating element is to be put into a 660-watt, 110-volt 
electric heater. What length of wire is necessary if the resistance of the wire when 
hot is 0.40 ohm per foot? 
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30. A coil of resistance wire 500 cm long is connected to a 110-volt power main and 
is observed to raise the temperature of a liter of water 5.0°C in 75 sec. What is the 
resistance of the wire? If the wire had the same cross section but was twice as long, 
what would have been the rise in temperature in the same time? 

Ans. 43 ohms; 2.5°C 

31. A 75-watt lamp designed for use on 25 volts is to be used on a 120-volt source, 
(a) What is the resistance of the lamp under its normal operating conditions? ( b) 
How much resistance must be connected in series with the lamp in order that it may 
operate normally when connected to the 120-volt source? 

32. Connected in parallel to the same 110-volt line are five 60-watt lamps and an 
880-watt heater. Find (a) the total current, ( b ) the energy used in 10 hours, and (c) 
the cost of operating the group for 10 hr if energy costs 3.0 cents per kilowatt-hour. 

Ans. 10.8 amp; 11.8 kw-hr; 35 cents 

33. If a 32-volt, 50-watt tungsten filament lamp is operated from a 110-volt 
source, what resistance must be connected in series with the lamp in order that it 
may operate at normal brightness? 

34. The heating element of an electric heater consists of 200 cm of Nichromc wire 
0.50 mm in diameter. The resistivity of Nichrome is 100 microhm-cm. Find the 
resistance of the element, the energy in calories developed in the coil in 5.0 min 
when connected to a 110-volt circuit, and the cost of operating the element for 20 hr 
if energy costs 5.0 cents per kilowatt-hour. Ans. 10.2 ohms; 8.5 X 10 4 cal; SI.19 

35. Two wires having resistances of 3.0 and 12.0 ohms are placed in parallel across 
the terminals of a 6.0-volt storage battery. What is the ratio of the heat generated in 
the low-resistance wire to that in the high-resistance one? 

36. An electric iron which has a resistance of 10.0 ohms when in use is connected 
in parallel with lamps having a resistance of 15.0 ohms. If both are connected to a 
constant potential difference of 120 volts, what is the minimum rating of fuse that 
could be used at the source of power without breaking the circuit? Ans. 20 amp 

37. The resistance of a power transmission line is 15 ohms. The power consumed 
at the end of the transmission system is 1200 kw. What is the ratio of the power lost 
in transmission when the load PD is 3300 volts to the power lost when the load 
PD is 550 volts? 

38. A 15.0-hp d-c motor requiring 21.0 amp is to run a water pump located 1000 ft 

from a generating station where power is available at 550 volts. The generator and 
motor are connected by copper wire of resistivity 10.4 ohm-circular mils per ft. What 
size wire is needed? Ans. 160 mils diameter 

39. A coil of 7.0 ohms resistance is permanently connected across the terminals 
of a battery whose cmf is 8.7 volts and internal resistance is 0.30 ohm. An unknown 
resistor is then connected in parallel with the 7.0-ohm coil and the potential differ¬ 
ence at the battery terminals becomes 7.9 volts. What power is being developed in 
the unknown resistor? 

40. What current is taken by an electric hoist operating at 250 volts if it is raising 
a 2500-lb load at a uniform speed of 200 ft./min and its over-all efficiency is 25 %? 
What would it cost to operate this device for 3.00 min at 5.0 cents per kilowatt-hour? 

Ans. 181 amp; 11 cents 
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Hence a clear understanding of the basic principles of magnetic circuits is 

vital to a study of electric machinery. . 

Various substances differ widely in their magnetic characteristics. The 
metallurgist is now able to prepare many magnetic materials to specification. 
Scientists are continually on the hunt for new substances that can be utilized 
for magnetic phenomena. However, some of the basic reasons for the mag¬ 
netic behavior of matter are still relatively obscure. 

Magnetic Flux and Induction. It has been explained that many of the 
phenomena of magnetism can be helpfully portrayed by means of the con¬ 
cept of magnetic lines of force. The direction of the line of force everywhere 
indicates the direction of the field and thus provides a map of the field. It is 
also helpful to use lines of force in such a way that they can represent the 

strength of the field. 

If we consider a point in a vacuum 
(n = 1) distant 5 from a magnetic pole 
m, the field strength Hi from Coulomb’s 
law is numerically 

rj _ m 

We represent this field strength by 
taking a unit area perpendicular to the 
field at the point in question and 
agreeing that the number of lines of force through this unit area shall be 
numerically equal to H t . Thus in Fig. 1 the field at A is portrayed as 3 
oersteds and at B as 1 oersted. 

If the pole is surrounded by a medium of permeability /z, the field strength 
is decreased to 



Fic. 1. Magnetic field strength and 
lines of force per unit area. 


H = 


m 

its' 


We portray this altered magnetic condition by a system of lines as before 
but the number per unit area is no longer made equal to H but to fiH. These 
lines are called magnetic Jlux and the number of lines per unit area is calle 
flux density or magnetic induction. Magnetic induction or flux density is repre 
sented by the symbol B, and the defining equation is 

B = nH W 

The unit of flux density is called the gauss. This is the flux density at a 
place where there is a magnetic field strength of 1 oersted in a region of unit 
permeability. Such a flux density is represented by one line of flux per square 
centimeter. 
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The total number of magnetic lines (magnetic flux </>) through any area A 
perpendicular to the field is 

<t> = BA (2) 


The unit of magnetic flux is the maxwell. This is the flux which passes 
through an area of 1 cm 2 normal to a field where the flux density is 1 gauss. 
Hence a gauss is a maxwell per square centimeter. 

Note that since we have chosen to define B as the product of nH, we can¬ 
not use Eq. (1) as a definition of n since a single equation cannot be used to 
define two terms. 

Types of Magnetic Substances. In Chap. 27 it was indicated that sub¬ 
stances are classified as magnetic or nonmagnetic on the basis of whether or 
not a force acts on the substance owing to the presence of a magnetic field. 
If an experiment were performed in which all available substances were 
brought into a magnetic field, we would find, first, that all matter is magnetic 
in the sense that it experiences a force in a magnetic field, and, second, that 
there arc two fundamentally different types of magnetic behavior. 

Certain substances are repelled by magnets. A rod of such material when 
placed in the nonuniform field between the poles of a strong magnet will align 
itself at right angles to the field. Such substances are called diamagnetic and 
exhibit the property of diamagnetism. Bismuth, sodium chloride, lead, gold, 
copper, antimony, flint glass, and mercury are examples of diamagnetic sub¬ 
stances. Diamagnetism is associated with permeabilities less than unity. 
Bismuth, a strongly diamagnetic substance, has a permeability n = 0.9998. 

Just as a current in a small loop produces a magnetic field, an electron 
revolving in its orbit has associated with it a magnetic field. When the atom 
ls pHced in an external magnetic field, that field will change the speed of 
revolution of the electron in its orbit and hence the magnetic qualities of the 
atom in a way to oppose the field (see Lenz's law, Chap. 37). If this were the 
only effect involved, all materials would be diamagnetic. 

The second type of magnetic behavior is known as paramagnetism. Para¬ 
magnetic materials are attracted by magnets and have permeabilities greater 
than unity. A rod of paramagnetic material aligns itself parallel to the mag¬ 
netic field. Aluminum (n = 1.000022), platinum, oxygen, copper sulphate, 
erne chloride, and many metallic salts are paramagnetic. 

In addition to revolving in its orbit, an electron may spin about an axis 
t rough its center. There is a magnetic quality associated with each motion. 

°me atoms possess permanent magnetic characteristics (dipoles) owing to 
unbalanced electron orbits or spins. These atoms act like tiny magnets that 
arc oriented by an external field. Substances arc paramagnetic if this effect 
18 greater than the diamagnetic tendency common to all atoms. 
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A third class of elements, iron, nickel, cobalt, and certain alloys show 
extremely strong magnetic effects. They are strongly attracted toward mag¬ 
nets and have permeabilities ranging to several thousand. They differ from 
paramagnetic materials not only in the magnitude of their permeabilities 
but also in that their permeabilities are variable as H changes. These ferro¬ 
magnetic substances owe their conspicuous magnetic properties to the align¬ 
ment of all the unbalanced internal electron spins in the same direction within 
microscopic crystal domains, causing such domains to behave as tiny mag¬ 
nets readily aligned by an external field. 

The words “magnetic substance” in practice refer to ferromagnetic 
materials. Since the magnetic effects of paramagnetic and diamagnetic 
materials are usually negligibly small, we call them “nonmagnetic. 

Magnetization Curves. The effect of introducing a core of soft iron 

into a current-carrying solenoid is to alter greatly 
the magnetic characteristics of the region within the 
helix. That is, the flux density is greatly different in 
magnitude from the magnetic field strength 
(.B = fiH). The field strength H is also called the 
magnetizing force. 

When a given sample of initially unmagnetized 
iron is subjected to a uniformly increasing mag¬ 
netizing force, the resulting flux density B changes 
at a variable rate, as shown in Fig. 2. The 
magnetizing process may be considered in three 
stages. At first for low values of //, the flux density increases slowly. 
Next the flux density rises rapidly with large changes for small incre¬ 
ments of H, and finally further increase is slow even for large increments of 
the magnetizing force. For small magnetizing force, few of the crystal domains 
are aligned by the field and B remains small. At larger values of H, the 
domains are rapidly lined up causing a rapid increase in B. When nearly all 
the domains are aligned, a further increase in H produces little increase in B. 
At this stage the iron is described as approaching magnetic saturation. It is not 
usually profitable to magnetize the material beyond the “knee” of the satura¬ 
tion curve. Typical B-H or magnetization curves for various types of ferro¬ 
magnetic materials are shown in Fig. 3. Such curves are of great importance 
for industrial work. The designer uses these curves in selecting suitable 
materials for specific purposes. 

The curves of Fig. 3 indicate the fact that the permeability of a given 
ferromagnetic material is not constant in magnitude but varies greatly as the 
substance becomes magnetized. A typical n-H curve is shown in Fig. 4. 



Fio. 2. Magnetization 
curve. 
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Magnetic Hysteresis. Figure 2 shows the appearance of a B-H curve for 
an initially unmagnetized substance as the magnetizing field is increased to 
and beyond saturation. If the field is now reduced, it will lie noted that the 
curve does not retrace itself. In fact the value of B is found consistently to lag 



Fio. 3. Typical B-H curves. 



Fio. 4. Permeability as a function of field strength. 

.1 the corresponding value of H. I his lagging oj the magnetization behind 
^magnetizingforce is called hysteresis. In Fig. 5 the curve Oa is the magnetiza¬ 
tion curve for an initially unmagnetized specimen of iron. When H is reduced 
zero, the values of B follow the curve ab, so that there is a residual magnetism 

to eTnanence rc P rcsen tcd by the ordinate Ob. The magnetism may be reduced 
zero by a magnetic field represented by the abscissa Oc. This quantity is 
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referred to as the coercive force. If the field is made even more negative, the 
iron approaches saturation in the opposite sense, as shown by the cd portion 
of the curve. When the field H is again reduced to zero, the curve de indicates 
that there is a residual Oe in the negative sense, as compared with Ob. If the 
field is again increased positively, the iron again becomes saturated at a. 
When the field is now reduced to zero, then reversed and again increased 
positively the curve abcdea repeats itself as this cycle is indefinitely continued. 
Such a cyclic curve is called a hysteresis loop. , 

It can be shown that the area within the hysteresis loop represents a 
measure of the energy per unit volume dissipated (as heat) in carrying the 

material through a cycle of magnetization. 
The quantitative measure of this loss is given 

Y = X area of loop (3) 

If H is expressed in oersteds, B in gausses, and 
V in cubic centimeters, then W is obtained in 
ergs. In a graph such as Fig. 5 where one 
division along the 5-axis represents n units of 
B and one division along the //-axis represents 
m units of //, the area must be multiplied by 
the scale factor mn. 

Because of the hysteresis loss, the magni¬ 
tude of the area of the hysteresis loop is a 
factor of great importance in the design of electric machinery, partic¬ 
ularly for a-c use. In a-c circuits the iron is continuously being carried 
through complete cycles of magnetization at the rate, commonly, of 60 per 
second. The loss of energy by hysteresis is expensive and arrangements have 
to be made to dissipate the heat evolved. 

Soft iron is used in many parts of electric machinery because it has a rela¬ 
tively low hysteresis loss, together with a high permeability. For permanent 
magnets, a material is desired which has a high residual magnetism; here the 
large hysteresis loop is immaterial. In transformers certain steels are used 
which have large hysteresis loops, the designer being willing to accept a 
comparatively high iron loss in order to obtain the maximum values of flux 
density possible with these materials. 

Magnetic Properties of Alloys. The most familiar ferromagnetic sub¬ 
stances are iron and steel. Nickel and cobalt are also ferromagnetic, though 
to a much less extent than the ferrous materials. But when these elements (or 
a few other materials) arc alloyed with iron some extraordinary ferromag- 
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netic alloys are obtained. Many of these special metals are given trade names 
and are highly useful for particular types of work. For example, permalloy 
(Ni 0.79, Fe 0.21) has exceedingly high permeabilities at low field strengths 
and hence is of great use in certain devices such as telephone cables. Very 
strong permanent magnets are made of cobalt steel (Fc 0.55, Co 0.36, Cr 
0.05, Mn 0.03, C 0.01). A magnet of “alnico” (Al, Ni, and Co) will support 
a weight 1000 times the weight of the magnet. 

The Magnetic Circuit. In any device the magnetic flux may be con¬ 
sidered to be included in a complete path around the circuit. Some of the flux 
may pass through an air portion of the circuit, other parts of the flux may go 
through iron or other materials. For example, in a 
dynamo (Fig. 6), the flux passes through the pole 
pieces, the air gaps near the rotor, then through the 
rotor, and back through the frame to the pole 
piece. Frequently the flux is divided, a part going 
through one portion of the device and other parts 
through the different materials of the apparatus. 

Magnetomotive Force. Just as in current 
electricity an emf is a measure of the potential 
difference which maintains a current in the circuit, 
so in the magnetic circuit a magnetomotive force 
(mmf) is the difference of magnetic potential (work 
per unit pole) which maintains a magnetic flux in the magnetic circuit. 
In symbols 





Fig. 6. A magnetic cir¬ 
cuit. 


mmf - i!' 


m 



The gilbert is the mmf such that work of one erg is required to move a unit 
pole once around the magnetic circuit considered. 

We arc usually concerned with cases in which the mmf is caused by an 
electric current in a solenoid. In such a case the mmf is given by 


mmf = 


4ttA7 

10 



The mmf is measured in gilberts when the current is in amperes and N is the 
number of turns in the solenoid. The product NI , of especial interest in many 
problems and known as the number of ampere turns , is also a unit of mmf. 

Magnetic Reluctance. A magnetic path offers a certain opposition to 
the establishment of magnetic flux in the material. This is known as magnetic 
reluctance (R. Reluctance is defined as the ratio of the mmf to the flux 

Gl = 


0 


( 6 ) 
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The reluctance of a part of a magnetic circuit is directly proportional to the 
length, and inversely proportional to both the cross-sectional area and the 
permeability. In symbols 




Unit reluctance in the usual system of electric and magnetic units is the 
reluctance of a centimeter cube of empty space (or air approximately). 

The Law of the Magnetic Circuit. There is a fundamental law for the 
magnetic circuit that closely resembles Ohm’s law for the electric circuit. 
This law of the magnetic circuit is 


Flux = 

<t> = 


mmf 

reluctance 

mmf 

~(R~ 



Substituting the expressions for mmf and (R, 

4ttj\7 

0 1 01/p A 



The flux is in maxwells when I is in amperes, l in centimeters, and A in square 
centimeters. 


Example: A circular ring of iron (toroid) has a cross-sectional area of 5.0 cm*, 
an average diameter of 30 cm, and is wound with a coil of 1000 turns. A current of 
3.0 amp in the coil magnetizes the iron so that its permeability is 250. What is the 
flux? 

A = 5.0 cm 2 ; p = 250; 1 = 3.0 amp; N = 1000 turns 

l = 7r D = 3.14 X 30 cm = 94 cm 
47 tAY 4tt X 1000 X 3.0 

0 = = (10 X 94) (250 X 5.0) = 5 '° X 1 °« maxwells 

Unit of Reluctance. From the law of the magnetic circuit 

01 = ™ f 
<t> 

Hence a suitable name for the unit of reluctance is the gilbert per maxwell. No 
single name has been assigned for this unit. 

Reluctances in Series and in Parallel. In electric circuits, resistances 
may be connected either in series or in parallel or in series-parallel combina¬ 
tions. In magnetic circuits, reluctances may be connected in similar ways. 
Two pieces of iron joined end to end constitute two reluctances in series. If 
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these pieces were placed so that the flux could divide between them, they 
would constitute a case of reluctances in parallel. For the series case the total 
reluctance is given by 


(Hi — (Hi “F (Ho ~b (R3 -T 



The joint reluctance of a parallel circuit is given by 


1 _ 1 
(R, (R, 




Example: If an air gap 1.0 mm wide were cut across the iron ring in the preceding 
example, what number of ampere turns would be necessary to maintain the same 
flux? 


Here we have a case of two reluctances in scries. Hence 


_ 4ttA7 _ 

5.0 X 10V 93.9 0.10 \ 

47 T/10 \250 x 5.0 + 1.0 x 5 . 0 / 


3800 amp turns 


As compared with the 3000 amp turns in the preceding example, it will be noted that 
the addition of a very short air gap greatly increases the mmf necessary to maintain 
a given flux. 

SUMMARY 

Magnetic induction or flux density is the product of the field strength by the 
permeability. It is conventionally represented by the number of lines of 
magnetic flux per unit area 

B = nH 


The unit of magnetic flux density is the gauss , which is represented by one 
line of flux per square centimeter. 

The total number of magnetic lines is called magnetic flux 


4> = BA 

The unit of magnetic flux is the maxwell. 

Substances are classified according to their permeabilities as follows: 
diamagnetic, n less than 1; paramagnetic, n greater than 1; and ferromag¬ 
netic, n much greater than 1 and dependent upon H. 

An iron core introduced into a solenoid greatly increases the magnetic flux. 
As the magnetizing force is increased the flux increases but not in direct 
proportion. The iron finally becomes saturated. 

Hysteresis is the lagging of the magnetization of a magnetic material behind 
the magnetizing force. The area within a hysteresis loop is a measure of the 
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energy per unit volume lost during a cycle of magnetization 

W 1 

-y — — X area of hysteresis loop 

Certain alloys have ferromagnetic qualities much more pronounced than 
those of the constituent metals. 

Magnetomotive force is defined as work per unit pole 

mmf = — 
m 

One gilbert is a mmf such that 1 erg of work is required to move 1 u.p. 
around the magnetic circuit considered. 

The mmf of a solenoid is given by 

4WV7 


mmf = 


10 


Magnetic reluctance is defined by 

(R = 


mmf 

T 


The reluctance of a magnetic path is given by 

The unit of magnetic reluctance is the gilbert per maxwell. 
The law of the magnetic circuit is 

mmf 


4 > = 


m 


The laws of reluctances in series and in parallel correspond closely with 
those for resistances in series and in parallel. 


In series 


(Sit — (Ri 4" (R 2 4" (R 3 4“ * * * 

In parallel 

± = ± + ± + ± + ... 

(R« (Ri (R 2 (Ra 

QUESTIONS 

1. Explain why an iron core is pulled into a current-carrying solenoid. 

2. A circular iron ring (toroid) may be magnetized in various ways. What would 
be the nature of the magnetic field external to the ring in each case? 

3. Explain how one could magnetically “insulate” a body by placing it within 
a soft-iron shield. 
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4. Why are soft-iron pole pieces or “keepers” placed over the ends of horseshoe 
magnets during storage? 

5. Explain what happens to the force when the permeability of the medium is 
increased: between two poles; between a pole and a current; between two currents. 

6 . State some of the properties of a material which should be selected for the core 
of a large lifting magnet, such as those used in steel mills. 

7. Describe an experiment to demonstrate the difference between diamagnetism, 
paramagnetism, and ferromagnetism. 

8 . On the basis of modem theory as to the electrical nature of atoms, suggest a 
possible explanation for*the magnedc nature of certain materials. Why are other 
materials nonmagnetic? 

9. Plot a curve to show the variation of H with 1 in a solenoid. If an iron core 
were inserted in the solenoid, how would the curve be altered? What would the B 
vs. I curve look like? 

10. After a piece of wrought iron has been magnetized until it approaches mag¬ 
netic saturation, the field strength is doubled. What happens to the induction? 

11. An alternating sine-wave einf is impressed upon a coil wrapped on an iron 
core. Will the flux density follow a sine curve? Why? 

12. Compare a p-H curve for wrought iron with that for cast iron. 

13. Explain clearly why the nature and size of the hysteresis loop is so important 
to the designer of a-c machinery. Describe the loops for various types of commonly 
used ferromagnetic materials. 

14. How might one expect the power loss due to hysteresis to vary with the fol¬ 
lowing: the frequency of the a-c magnetizing current? the volume of the specimen? 
the maximum flux density to which the specimen is subjected? 

15. One method of demagnetizing a watch is to place it in a coil carrying an alter¬ 
nating current and then gradually reduce the current to zero. Explain. 

16. Is magnetomotive force a force? Docs it have the same dimensions as work? 
Compare its dimensions with those of electric current. 

17. Show that magnetic field strength is equal to the space gradient of mmf, that 
is, H = mmf//. 

18. Sketch the magnetic circuits in a four-pole dynamo. 

19. Show that the unit of reluctance, gilbert per maxwell, is identical with oersted 
per gauss-centimeter. 

20. Compare the similarities and dissimilarities of magnetic permeability and 
electrical resistivity in the equations 

01 = — and R = p — 
pA A 

PROBLEMS 

1. What is the permeability of a material in which there is an induction of 
81.2 gausses and a magnetic field of strength 65.0 oersteds? 

2. (a) What is the magnetic field strength 5.00 cm (in air) away from an isolated 
N ma 8 nctic pole of strength 100 u.p.? (b) What magnetic flux (lines of force) would 
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pass through a circle of radius 1.00 mm placed at that point with its plane normal 
to the field? Ans. 4.00 oersteds 0.126 maxwell 

3. An isolated JV magnetic pole A exerts a force of 40 dynes upon a second iso¬ 
lated S pole B of strength 100 u.p. situated 30 cm from A. What is the pole strength 
of A? How many lines of force would pass through a circle of radius 0.60 cm placed 
with its plane normal to the line joining A and B and situated with its center at a 
distance of 10 cm from A and 20 cm from B ? 

4. The hysteresis loss in a certain piece of iron is 12,000 ergs/cm 3 -cycle. How 

many kilowatt-hours per day of 24 hr is used in the core of a transformer operating 
at 60 cyclcs/sec and having a volume of 25 liters? Ans. 43 kw-hr 

5. A hysteresis loop is plotted on a scale of 20 oersteds/in. horizontally and 15,000 
gausses/in. vertically. The area of the loop is 12 in. 1 Find the hysteresis loss per cubic 
centimeter per cycle. 

6. When a hysteresis loop is plotted on centimeter graph paper for a certain piece 
* of iron, a scale of 1 cm for B = 1000 gausses and H = 25 oersteds was chosen. The 

area of the loop was found to be 12.5 cm 1 . Compute the energy loss per cycle for a 
specimen of iron which had a volume of 600 cm 3 . Ans. 1.49 joules 

7. A coil of 600 turns is wound uniformly on an iron ring whose mean diameter 
is 15.0 cm and whose cross section is 5.0 cm 2 . The permeability of the iron is 500. 
Calculate the magnetic flux and the flux density within the ring when a current of 
15 amp is maintained in the coil. 

8. A toroid (ring solenoid) is 100 cm long and has a cross-sectional area of 30.0 

cm 2 . It is wound with a coil of 800 turns of wire and there is a current of 2.50 amp in 
it. The iron core has a permeability under the given conditions of 300. Calculate the 
magnetic field strength in the coil, the total flux (number of lines of induction), and 
the flux density. .4/tr. 25.1 oersteds; 2.26 X 10 3 maxwells; 7530 gausses 

9. A toroid 50.0 cm long is wrapped with 2000 turns of wire. An iron core within 
the toroid has an area of 100 cm 2 and a permeability of 1000. When there is a cur¬ 
rent of 3.00 amp in the coil, what is the magnetic field strength at the center of the 
toroid? the flux density? the flux (total number of lines)? 

10. A circular ring of iron has a cross section of 6.0 cm 2 and a mean radius of 

8.0 cm. The ring is wound with 400 turns of wire. Find the total magnetic flux in 
the ring when there is a current of 10 amp in the coil and the permeability of the 
iron is 300. Ans. 1.8 X 10 s maxwells 

11. There is a current of 500 ma in a solenoid 100 cm long, 10.0 cm 2 in cross sec¬ 
tion, and having 600 turns. Calculate the force on a pole of strength 300 u.p. at the 
center of the solenoid, the mmf of the solenoid, and die reluctance of the region within 
the solenoid. 

12. A toroid has a mean diameter of 20 cm, a sectional area of 5.0 cm 2 , and is 
wound with 400 turns of wire. (1) When there is a current of 5.0 amp in the toroid, 
compute ( a ) the ampere turns, ( b ) the strength of the field inside the coil, (c) the 
flux density, and (d) the flux. (2) What would the flux be if the coil were filled with 
an iron core of permeability 200? 

Ans. 2000 amp turns; 40 oersteds; 40 gausses; 200 maxwells; 4.0 X 10 4 maxwells 
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13. A toroidal iron ring with a mean radius of 10 cm and cross section of 10 cm 1 

is magnetized by a coil of 100 turns in which there is a 5.0-amp current. Find the 

mmf and the magnetic flux in the ring if the permeability for the iron under these 
conditions is 1000 . 

14. A circular iron ring has a mean diameter of 20.0 cm and a sectional area of 
30.0 cm 2 . It is wound with a coil of 1000 turns. The ring contains an air gap 1.00 mm 

long. If the iron has a permeability of 200, what current should there be in the coil 
to produce a flux of 1.00 X 10^ lines? . Ans L10 amp 

15. A circular iron ring has an average diameter of 40 cm and a sectional area of 
120 cm 2 . One semicircular half of the iron has a permeability of 200. and the other 
semicircular half has a permeability of 1000. A small transverse cut, 1.00 mm wide, 
is made in one portion of the ring. If the ring is wound uniformly with a coil of 2000 
turns, what current would have to lx- maintained in the coil to produce a flux of 
1.00 X 10 5 maxwells? 

16. A magnetic circuit of three parts, in series, consists of a wrought-iron portion 
30 cm long and 120 cm 2 area, permeability 1000 ; a cast-iron portion 40 cm long and 
220 cm 2 in sectional area, permeability 200 ; and an air gap 1.5 mm long and 300 
cm 2 in sectional area. Allowing 10% for magnetic leakage, determine how many 
ampere turns are required to produce 1.6 X 10* maxwells in the circuit. 

.-1/m. 2600 amp turns 

17. The series magnetic circuit of a dynamo consists of a wrought-iron portion 
50.1 cm long, with a sectional area of 20.0 cm 2 , n = 1000; a cast-iron portion 40.0 
cm long and 200 cm 2 sectional area, permeability 200 ; and an air gap 5.00 mm long 
with a sectional area of 300 cm 2 . Allowing 20% for magnetic leakage, determine the 
ampere turns necessary to produce a flux of 1.60 X 10 6 maxwells. 

18. A circular iron ring of permeability 400 has an average diameter of 30.0 cm 
and a sectional area of 120 cm 2 . A transverse cut, 1.00 mm long, is made at one place 
in the iron. If the ring is wound uniformly with a solenoid of 250 turns, what current 
must there be in order to produce a total flux of 1.00 X 10* maxwells in the core? 

in Tl. ^ nS ' am P 

!“• I he core of a transformer is circular, with a central crossarm, made somew hat 

in the shape of the Greek letter 0. The diameter of the circular outside member is 
50 cm. The circular cross-sectional area of each member is 30 cm 2 . The permeability 
°f the central arm is 400, while that of the other parts is 600. The central arm is 
wrapped with a coil of 1000 turns. What is the flux density in each member when 
there is a current of 3.0 amp in the coil? 

20. A magnetic circuit is made in the form of a rectangle with a vertical bar 
connecting the mid-points of the horizontal pieces. The central bar is 40 cm long 
and 200 cm 2 in cross section. The outer rectangle is 100 cm wide, 40 cm high, and 

cm I" cross section. The permeability of the iron is 300. A coil of 400 turns is 

wound on the central bar. What is the flux density in the central bar when the cur¬ 
rent in the coil is 20 amp? ltir 17 ... 

il. a gap 1 5 mm wide .s cut transversely in the central vertical bar of problem 
2 • What Would ,M ' thc f,ux density in the gap for a current of 20 amp? 
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22. An electromagnet is constructed of iron, p = 500, in the form of a rectangle. 
The vertical members are each 30 cm long and 64 cm 2 in cross section. The horizontal 
members are each 50 cm long and 90 cm 2 in cross section. There is an air gap of 
2.0 cm in the upper horizontal piece. On each upright there is a coil of 1500 turns. 
What current is required to produce a flux density of 25 kilogausses in the gap if the 
effective area of the gap is 10% greater than that of the pole pieces? Ans. 16 amp 

23. If the pole pieces of the magnet of problem 22 were separated to a distance of 
4.0 cm, what would be the flux density in the gap? Assume that the effective area of 
the gap is 25% greater than that of the poles. 

24. A magnet is made of iron in the shape of a toroid of mean radius 30 cm, area 

of cross section 80 cm 2 , and permeability 400. A bar 50 cm long, of cross section 160 
cm 2 , and permeability 200, is connected across the circle along a diameter. What mmf 
produced by a coil on the cross bar is required to produce a flux density of 12 
kilogausses in the straight bar? Ans. 5.8 X 10 3 gilberts 

25. If a gap 2.0 cm wide is cut in the straight bar of problem 24, what will be the 
flux density in the gap for a mmf of 1500 gilberts? 

26. The core of an electromagnet is toroidal with a 44-cm bar along the diameter 

in which there is an air gap of 4.0 cm. The iron has a permeability of 400 and a cross 
section of 120 cm 2 . The mean diameter of the toroid is 50 cm. What mmf produced 
by coils on the cross bar is necessary to produce a flux density of 5.0 kilogausses in 
the gap? Ans. 2.1 X 10 4 gilberts 

27. A solenoid valve is operated by an electromagnet that has a coil with 200 turns 
and is energized by a current of 0.50 amp. How many additional turns would have 
to be added to the coil in order to operate the solenoid valve with a current of 0.40 
amp? 
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Electromagnetic Induction 


The amounts of energy that are available from electrostatic devices or from 
thermocouples are infinitesimal in comparison with the enormous quantities 
of electric energy now being utilized. Although chemical energy can be used 
as a direct source of electric energy, the high cost of the materials required 
does not permit the use of this means where large amounts are needed. I he 
discovery of the relationships between magnetism and the electric cm rent 
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made possible the development of the electrical industry, for it led to the 
design of generators for the conversion of mechanical energy into electric 
energy and of motors for the transformation of electric to mechanical energy. 
In a little over a century since the fundamental discoveries were made the 
huge electrical industry of today has grown up. This industry is based 
primarily upon the use of the electric generator to produce electric energy 
at low cost and the economical transmission of the energy to the place where 
it is to be used, there to be converted into other forms of energy. 

Induced Emfs and Currents. In Fig. 1, B represents a coil of wire con¬ 
nected to a sensitive galvanometer G. If the N pole of a bar magnet is thrust 
into the coil, the galvanometer will deflect, indicating a momentary current 
in the coil in the direction specified by arrow a. This current is called an 
induced current , and the process of generating the induced emf is known as 


b 



l ie. 1 . A current is induced Fig. 2 . A current induced by 

when a magnet moves through the interaction of two circuits, 

a coil. 


electromagnetic induction. As long as the bar magnet remains at rest within the 
coil, no current is induced. If, however, the magnet is suddenly removed 
from the coil, the galvanometer will indicate a current in the direction 
(arrow b) opposite to that at first observed. The method of inducing emfs 
by the relative motion of a magnet and a coil was first demonstrated by 
Michael Faraday (1831). He found that an emf is induced in a conductor when 
there is any change of magnetic flux intersected by the conductor. 

A voltage may also be induced in a coil by the change in the magnetic field 
associated with a change in current in a near-by circuit. For example, in 
l ig. 2 is shown a coil A connected to a battery through a switch S. A second 
coil B connected to a galvanometer is near by. When the key £ is closed, 
producing a current in the coil A in the direction shown, a momentary cur- 
lent is induced in coil B in a direction (arrow a) opposite to that in A. If S 
is now opened, a momentary current will appear in B, having the direction 
ot arrow b. In each case there is a current in B only while the current in A is 
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changing. A steady current in A accompanied by a motion of A relative to B 
is also found to induce a current in B. Observe that in all cases in which a 
current is induced in B , the magnetic field through B is changing. 

General Expression for Induced Emf. The value of the cmf induced 
in a circuit is found to depend only upon the number of turns in the circuit 
and the time rate of change of the magnetic flux linked with the circuit. 
The average magnitude of such emf (in volts) is given by 


N A<f> 
10 s A/ 



where A” is the number of conductors, A0 is the change of flux, and At is the 
time required for this change. The negative sign is introduced to indicate the 
fact that the induced cmf is one of opposition to the change which produced 
it, as explained in the following section. 

Example: A coil of 600 turns is threaded by a flux of 8000 maxwells. If the flux 
is reduced to 3000 maxwells in 0.015 sec, what is the average induced emf? 

A’ = 600 turns 

A0 = 8000 — 3000 = 5000 maxwells 
At = 0.015 sec 

N A0 600 5000 
~~ 10” At ~ 10* 07015 ~ vo,ts 

Conservation of Energy; Lenz’s Law. An induced current can produce 
heat or do chemical or mechanical work. The energy must come from the 
work done in inducing the current. 

When induction is due to the motion of 
a magnet or a coil, work is done; there¬ 
fore the motion must be resisted by a 
force. This opposing force comes from 
the action of the magnetic field of the 
induced current. Hence the induced current 
is always in such a direction as to of>f)ose by its 
magnetic action the change inducing the current. 

This particular example of conservation 
of energy is called Linz's law. 

Back Emf and Forward Emf. 

When the magnetic flux is increasing in 

a circuit, the induced emf is, by Lenz’s law, in such a direction as to oppose 
this growth. Such an emf is called a “back emf.” If the flux is decreasing in a 
circuit, the induced emf has a direction such as to oppose this decay, that is, 
to prevent the flux from decreasing. This voltage is referred to as a “forward 
cmf.” In Fig. 3 is shown a highly inductive coil connected to a battery 
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I*IG. 3. Back cmf and forward cmf in 
an inductive circuit. 



COLLEGE PHYSICS 


524 

through a switch and an ammeter. (The lamp will temporarily be ignored.) 
When the switch is closed, it will be noticed that the ammeter only gradually 
rises to its final steady value. This is caused by the fact that there is initially a 
back emf in the coil. The voltages in the circuit are expressed by the equation 

V = iR + e (2) 

where V represents the work per unit charge supplied by the source battery, 
1 R is the work per unit charge lost in heating the resistor, and e is the induced 
emf, or the energy per unit charge stored up in the magnetic field. The value 
of the current i at any instant may be obtained from Eq. (2) 



As the magnetic flux in the coil builds up to its final maximum value, its rate 
of change decreases, finally becoming zero. Since e varies directly with the 
rate of change of flux, its value decreases when the current increases until 
finally when e = 0 the current becomes the ordinary Ohm’s-law value V/R. 

Now consider the lamp which is in parallel with the coil. Imagine the lamp 
to be designed for 115 volts and the battery to have a voltage of 50 volts. 
With the switch closed, the lamp is noticed to glow only dimly. When the 
switch is quickly opened, however, the lamp temporarily shines very bril¬ 
liantly. The current in the lamp is supplied by the induced emf in the coil. 
The high temporary current indicates that the forward emf induced as the 
flux dies away is quite large, on account of the large rate at which the flux 
changes at the instant after the switch is opened. 

Example: An inductive coil having a resistance of 3.0 ohms is connected to a 
battery having a terminal PD of 60 volts. What is the induced emf in the coil at an 
instant when the current has risen to one-fourth of its steady value? 

The steady current is given by 

. V 60 volts 
1 = R “ “ 20 amp 

The instantaneous current, which is one-fourth of the steady current, is 2 % or 
5.0 amp. 

Since 

V = iR + e 
e = V — iR 

= 60 volts — (5.0 amp X 3.0 ohms) = 45 volts 

Direction of Induced Emf; Right-hand Rule. Whenever a straight 

wire, such as AB in Fig. 4, is drawn across a magnetic field, an emf is induced 
in the conductor. There will be an induced current in the wire if it is made a 
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part of a closed circuit as indicated in the figure. In accordance with Lenz's 
law, the direction of the induced emf is such as to oppose the motion of the 
conductor. 

Therefore the direction of the induced current is such as to add to the field 
ahead of the current and weaken the field behind the current, since from 



Fig. 4. Fleming's generator rule. 


Ampere’s law (Chap. 31) the force on the current is directed from the strong 
part of the field to the weaker portion of the field. Hence the direction of the 
induced current depends upon the direction of the field and that of the 
motion. These three directions are mutually at right angles to each other. A 
convenient rule for remembering the 
relations of these directions is 
Fleming’s generator rule: If the 
thumb, forefinger, and middle finger 
of the right hand are extended so 
that they are at right angles to 
each other and the thumb points in 
the direction of the flux while the 
middle finger points in the direc¬ 
tion of the motion, then the index 
finger points in the direction of the 
induced current. 

Emf Induced in a Straight Wire. 

When a straight conductor is moved 
through a magnetic field, as in Fig. 5, so that a component of the motion is 
perpendicular to the field, an emf is induced in the wire. If the conductor is 
a part of a closed circuit there will be an induced current in a direction given 
by the right-hand rule. For example, in Fig. 5 the field H is directed toward 


D 



C 


Img. 5. Field, motion, and induced cur¬ 
rent when a conductor moves in a uni¬ 
form field. 
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the right and the motion M is toward the observer. Hence the induced cur¬ 
rent is directed upward (from C to £>). It must be noted that in a generator 
or batter) r the conventional flow of electricity is out of the positive end and 
into the negative terminal, that is, the current inside the generator is directed 
from negative to positive. In the present illustration the upper end D of the 
wire has a positive potential and the lower end C has a negative potential. 

The total flux cut by the conductor is the product of the flux per unit area 
and the area AA swept out by the motion. 

A<£ = B AA = nH AA 
From Eq. (1), since N = 1. 

\ A<t> _ \ BAA 
E ~ 10* A? “ 10 8 At 



Since the area AA is the length / of the wire multiplied by the distance As 
which it moves, the equation above can be written 



10* A t 10 8 



where As/At is the speed v of the conductor perpendicular to the field. 


Example: A wire 30 cm long is moved in air with a speed of 20 cm/sec in a direc¬ 
tion normal to a magnetic field of strength 4.0 X 10 3 oersteds. Calculate the induced 
emf. 

/ = 30 cm; v = 20 cm/scc; H = 4.0 X 10 3 oersteds 
B = nH = 1.0 X 4.0 X 10 3 = 4.0 X 10 3 gausses 

From Eq. (3) 


Blv 

Ti —- - 

10 * 

4.0 X 10 3 gausses X 30 cm X 20 cm/sec 
= 10 * 


0.024 volt 


If the flux is cut by more than one conductor, the induced emf is the summation 
of all the emfs of the separate conductors. For N conductors, the induced emf is 
given by 



Example: A cable which is part of a large coil has 300 turns and moves in air 
with a uniform speed of 20 cm/scc at an angle of 30° to a magnetic field of strength 
0.85 oersted. If the effective length of each piece of wire linking this field is 50 cm, 
what emf is induced in these conductors? 

N = 300 turns; n = 1.0; H = 0.85 oersted; / = 50 cm; v = 20(sin 30°) cm/sec 
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From Eq. (3a) 



fiHlv 

X 1.0 X 0.85 X 50 X 20 X 0.50 


= 1.3 X lO" 3 volt 


The Transformer. It was previously shown that a change in the current 
in one of two neighboring coils causes an emf to be generated in the other 
coil. The induced emf and, therefore, the induced current can be greatly 
increased by winding the two coils on a closed, laminated iron core, as in 
Fig. 6. This combination of two coils and an iron core is one type of trans¬ 
former. Suppose that an alternating current is maintained in the primary 


LAMINATED IRON CORE 




Fio. 6. Showing the principle of the transformer: (a) core type. (6) shell type, (a) is a 
step-up and ( b ) is a step-down transformer. 

coil of the transformer. This current is constantly changing; hence the 
magnetic flux in the iron core also varies periodically, thereby producing an 
alternating emf in the secondary coil. 

Since the rate of change of flux is nearly the same in the primary and 
secondary coils it follows that the induced voltages in the coils are directly 
proportional to the respective numbers of turns in the coils. Symbolically 

jrrw. m E - = w,* E > «> 

where E is used for voltage and N for the number of turns. In practice the 
voltage impressed on the primary from the outside source is somewhat 
greater than E v> the induced emf in the primary, and the secondary voltage 
at the terminals is slightly less than E„ the voltage induced in the secondary. 
The efficiency of a commercial transformer operating under favorable 
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conditions is very high being only a few per cent less than ideal. Hence the 
power input to the primary is nearly equal to the power output from the 
secondary. Equating these powers 


or 



The currents are thus seen to be inversely proportional to the respective 
voltages. 

Distribution of Electric Energy. Whenever electric energy is to be 
used at any considerable distance from the generator, an a-c system is used 
because the energy can then be distributed without excessive loss; whereas, 
if a d-c system were used, the losses in transmission would be very great. 

In an a-c system the voltage may be increased or decreased by means of 
transformers. The terminal voltage at the generator may be, for example, 
12,000 volts. By means of a transformer the voltage may be increased to 
66,000 volts or more in the transmission line. At the other end of the line 
“step-down” transformers reduce the voltage to a value that can safely be 
used. In a d-c system these changes in voltage cannot readily be made. 

One might ask why all this increase and decrease in voltage is needed. 
Why not use a generator that will produce just the needed voltage, say, 
115 volts.' 1 I he answer lies in the amount of energy lost in transmission. In 
d-c circuits, and in the ideal case in a-c transmission lines, the power delivered 
is P = I A where V is the (effective) voltage and / the current. (It will be 
shown later that in a-c circuits P = VI only in special cases.) If a transformer 
is used to increase the available voltage, the current will be decreased. 

Suppose that a 10-kw generator is to supply energy through a transmission 
line whose resistance is 10 ohms. If the generator furnishes 20 amp at 500 
volts, P = I / = (500 volts)(20 amp) = 10,000 watts. The heating loss in the 
line is PR = (20 amp) 2 (10 ohms) = 4000 watts, or 40 per cent of the original 
power. It a transformer is used to step up the voltage to 5000 volts, the cur¬ 
rent will be only 2 amp, and the loss PR = (2 amp) 2 (10 ohms) = 40 watts, 
or 0.4 per cent of the original power. 

A second transformer can be used to reduce the voltage at the other end 
of the line to whatever value is desired. With 2 or 3 per cent loss in each of 
the transformers, the over-all efficiency of the system may be increased from 
60 to 95 per cent by the use of transformers. Thus alternating current, 
through the use of transformers producing very high voltages, makes it 
possible to furnish electric power over transmission lines many miles in 



ELECTROMAGNETIC INDUCTION 


5 2 9 


Example: A step-down transformer at the end of a transmission line reduces the 
voltage from 2400 volts to 120 volts. The power output is 9.0 kw and the over-all 
efficiency of the transformer is 92 per cent. The primary (“high tension”) winding 
has 4000 turns. How many turns has the secondary or “low tension'’ coil? What is 
the power input? 'What is the current in each of the two coils? 


£■,, = 2400 volts; £.= 120 volts; £. = 9.0 kw = 9000 watts; EfT. = 92%; 

N p = 4000 turns. 

£p _ Np 

E. ~ N. 

2400 volts 4000 turns 
120 volts — N, 


Hence 


Therefore 


N. = 200 turns 



0.92 


9000 watts 


Pp = 9800 watts 
0.92 E,Jp = E.I. 

0.92 X 2400 volts X / P = 120 volts X I, = 9000 watts 

Ip = 4.1 amp and /. = 75 amp 


To assist in insulating the coils and to dissipate the heat in a power trans¬ 
former, the core and coils are submerged in oil contained in a metal housing. 
Sometimes in the larger sizes this oil is circulated through the transformer 
and cooled by various means. 

The losses in a transformer are of two types. The copper losses are caused by 
the heat developed from the I 2 R power consumption on account of the 
resistance of the wire in the coils. In practice these losses are minimized by 
the use of wire of large size, although there is an obvious economical limit to 
the size of wire that should be used. Other losses are due to the heat gen¬ 
erated by the rapid magnetization and reversal of the flux in the iron core. 
These are known as iron losses. 

Eddy Currents. When a large block of a conducting substance is moved 
through a nonuniform magnetic field or when in any manner there is a 
change in the magnetic flux through the conductor, induced currents will 
exist in eddies through the solid mass. These are referred to as eddy currents. 
I his effect was discovered by the physicist Foucault (1819-1868) and the 
currents are sometimes referred to as Foucault currents. In Fig. 7 is shown a 
metal disk that is being moved to the right across a nonuniform magnetic 
field assumed to be from an N pole placed behind the disk. The right-hand 
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rule shows the direction of the currents in the eddys in the disk. These cur¬ 
rents tend to set up magnetic fields, which, reacting with the field which 
gave rise to them, will oppose the motion of the disk through the field. The 
disk acts as though it were imbedded in a very viscous medium. Eddy currents 
produce heat and hence consume energy. They are frequently a source of 

considerable difficulty to the electrical designer. 

Eddy currents may be minimized by 
laminating the block of metal, that is, 
by making it up out of many very thin 
sheets or laminations. The planes of 
these laminations must be arranged 
parallel to the magnetic flux. Many a-c 
machines, such as transformers and 
dynamos, have their magnetic parts 
made up of laminated sections. 

Self-induction. When a switch is 
closed connecting a battery' to a coil 
of wire, the current docs not instantaneously reach its steady value given by 
/ = V/R but starts at zero and rises gradually to that value. During the time 
the current is building up, the relation I = V/R does not tell the whole story. 
In fact it can be shown that I = V/R only when the current is not changing. 
In general, therefore, we cannot use the relation V = IR in connection with 
inductive circuits. 

While the current in a coil is increasing, the magnetic field around it is 
being built up, hence energy- is being supplied 
from the battery to create the magnetic field. 

The electricity that passes through the coil 
thus does work in two way's: (1) in passing 
through the electric resistance of the coil and 
(2) in doing its share to build up the magnetic 
field around the coil. The potential difference 
across the coil can be divided into two parts, 
so that V = iR-\- e, where i is the instantane¬ 
ous current and e is the induced emf. Here iR 
is equal to the work per unit charge done against the electric resistance of the 
coil, whereas t is equal to the work per unit charge done in changing the 
magnetic field. The work per unit charge done by the battery on the elec¬ 
tricity passing through it is V. The equation can be rewritten e = V — iR, 
showing that, as the current i becomes larger, e becomes smaller. When the 
current is no longer increasing, e is zero, and V = IR, since no energy' is being 
used in creating a magnetic field. 



Fio. 8. Rise of current after the 
switch is closed in an inductive 
circuit. 



-MAGNET 


MOTION OF DISK 


Fig. 7. Eddy currents in a disk moving 
in front of a magnet. 
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The current in a circuit rises as shown in Fig. 8; rapidly at first and then 
more and more slowly, until any change in it can no longer be detected. It is 
then said to have reached its maximum, or steady value, for which V = IR. 
The time taken for this to happen is usually a small fraction of a second. 
When the circuit contains a coil with a closed iron core, the rise may require 
as much as several tenths of a second. It is instructive to note that the iR drop 
due to the resistance may be laid off proportional to the ordinate on the 
current-time curve (Fig. 8), and the induced cmf e is the corresponding 
distance from this ordinate to the line representing the sum of iR and e , 
namely, the applied voltage V. 

For the current in a coil to decrease, the energy given to the magnetic field 
must be taken back into the circuit; hence electricity passing through the 
coil receives energy per unit charge e from the decreasing of the magnetic 
field. At the same time, it does work per unit 
charge iR against electric resistance. The total 
work done per unit charge is thus 

V = iR - e (6) 

while the current is decreasing. The voltage e is 
commonly referred to as the cmf of self-induc¬ 
tion. A typical curve showing the decay of 
current in an inductive circuit is shown in Fig. 9. 

This emf of self-induction can be accounted for in terms of the ideas pre¬ 
sented in connection with induced currents in general, namely, an emf is 
induced in a coil when there is any change in the magnetic field threading it, 
whether that change is caused by the motion of a bar magnet, a change in 
the current in a neighboring coil, or by a change in the current in the coil 
itself. Since a magnetic field is associated with the current in a coil, any 
change in that current changes the magnetic field around it; hence an cmf 
opposing the change in the current is induced in the coil. This effect is called 
se If-induction. 

The self-inductance of a coil is defined as its cmf of self-induction divided by 
the rate at which the current in it is changing. The emf of self-induction is 
given by the equation 



F 10 . 9 Decay of current in 
an inductive circuit. 


e 




where L is the self-inductance, e is the induced emf, and Ai/At is the rate of 
change of current. This equation is actually the defining equation for self¬ 
inductance. The negative sign shows conventionally that the induced emf is 
one of opposition to the change of current. 
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The unit of self-inductance, called the henry , is the self-inductance of a coil 
in which an emf of 1 volt is induced when the current in it is changing at the 
rate of 1 amp/sec. 

We may think of the self-inductance of a circuit as that property of the 
circuit which causes it to oppose any change in the current in the circuit. 
The role of inductance is therefore analogous to that of inertia in mechanics, 
since inertia is the property of matter which causes it to oppose any change 
in its velocity. 

Example: A circuit in which there is a current of 5 amp is opened so that the 
current falls to zero in 0.1 sec. If an average emf of 200 volts is induced what is the 
self-inductance of the circuit? 


At = 5 amp; At = 0.1 sec; e = 200 volts. 


200 volts 

L 


, At 

e = L &' 

5 amp 
0.1 sec 
4 henrys 


= L 


Mutual Inductance. When the current changes in one of two adjacent 
circuits, some of the change in flux associated with the first or primary circuit 

A links the nearby or secondary circuit 
B, Fig. 10. Hence an emf is induced 
in the secondary circuit. This phenome¬ 
non is called mutual induction. Mutual 
inductance is the property of a pair of 
circuits by virtue of which any change 
of current in one of the circuits causes 
an induced emf in the other circuit. 
It is evident that the value of this emf 
will depend upon the rate of change 
of the current in the primary coil and 
the geometrical constants of the two 
circuits. Mutual inductance may therefore be defined by the equation 



SECONDA R Y PRIM A R Y 

Fig. 10. An emf is induced in the 
secondary when the current changes in 
the primary. 


e, = 


— \{ 

M At 


or 


M = 


—e t 


Ai p /At 


( 8 ) 


where e, is the emf induced in the secondary, Ai p is the change of current in 
the primary, At is the time required for the current to change, and M is the 
mutual inductance of the pair of circuits. The negative sign again is used to 
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indicate the fact that the induced cmf is in such a direction as to oppose the 
change of current. 

The mutual inductance is expressed in henrys when e t is in volts and Ai p At 
is in amperes per second. The unit of mutual inductance, the henry, is the 
mutual inductance of that pair of circuits in which a rate of change of current 
of 1 amp/sec in the primary causes an induced emf of 1 volt in the secondary. 
Mutual inductance is of importance to the electrical designer in calculations 
involving transformer coils, dynamo apparatus, and other electric machinery. 

Example: A pair of adjacent coils has a mutual inductance of 1.5 henrys. If the 
current in the primary changes from 0 to 20 amp in 0.050 sec, what is the average 
induced emf in the secondary? If the secondary lias 800 turns, what is the change of 
flux in it? 


M = 1.5 henrys; At,, = 20 amp; At = 0.050 sec; N. 

,, At* , c , 20 amp 

f. = M -t— = 1.5 henrys n Agn -- 

At 0.050 sec 


= 800 turns. 
= 600 volts 



600 


N. A<t> 
10* At 
800 A<t> 
10* 6.050 


A<f> = 3.8 X 10 r> maxwells 


Energy in Inductive Circuits. It requires energy to build up a mag¬ 
netic flux in an inductive circuit. This energy is stored in the magnetic field 
and all or part of it may be recovered when the field is reduced to zero. This 
storage of energy in a magnetic circuit is of importance in such electric 
apparatus as transformers, radio circuits, and induction coils. In the case of 
a single circuit the energy is referred to as the magnetic energy of self- 
inductance. Its value is given by the equation 1 


Energy = J^L/ 2 (9) 

where L is the self-inductance of the circuit and / is the current in it. The 
energy is measured in joules when L is in henrys and / is in amperes. 

In the case of a pair of adjacent circuits a similar expression for the energy 
of mutual inductance is 

Energy = ^A// P 2 (10) 

where M is the mutual inductance of the system and I v is the primary current. 
I he same units apply as indicated above. 

1 Derived in the Appendix. 
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Example: A pair of coils have a mutual inductance of 0.25 henry. The primary 
coil has a self-inductance of 1.5 henrys. When there is a current of 4.0 amp in the 
primary coil, what is the energy of self-inductance? the energy of mutual inductance? 

L = 1.5 henrys; M = 0.25 henry; l v = 4.0 amp. 


Energy of self-inductance = %LP — M X 1.5 X 4.0 2 — 12 joules 
Energy of mutual inductance = ViMl 2 = Yi X 0.25 X 4.0 2 = 2.0 joules 


SUMMARY 

Most commercial sources of electric energy involve the generation of an 
emf by electromagnetic induction. 

Induced emfs are generated whenever there is a change of magnetic flux in 
an electric circuit. 

The average emf induced by a change of flux is 

E= 

10 8 A< 


Lenz’s law states that the induced current is always in such a direction as 
to oppose the change which gives rise to it. 

A back emf or a forward emf is generated in a circuit when the flux is growing 
or when it is decreasing, respectively. 

The direction of an induced current is such as to build up the field ahead 
of a moving conductor and weaken the field behind the current. 

■ The emf induced in a straight wire moving through a magnetic field is 



Blv 

10 8 


The basic equations of the transformer are 

Ep _ Np _ 

E. N. I P 

Electric energy is transmitted long distances at high voltage and low cur¬ 
rent in order to minimize the PR heating losses in the line. 

Eddy or Foucault currents are the currents induced in relatively large bodies 
of conducting material when they are linked with variable magnetic fluxes. 

Self-inductance is that property of an electric circuit which causes it to 
oppose any change of current in the circuit. It is defined by 
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Mutual inductance is the property of a pair of circuits whereby a change of 
flux in one circuit causes an induced emf in the other circuit. It is defined by 

M = 

AijAt 

The energy stored in an inductive circuit is given by 

Energy = }^LP 

The current in an inductive circuit builds up in accordance with the 
expression 



QUESTIONS 

1. Two identical hoops, one of copper, the other of aluminum, are similarly 
rotated in a magnetic field. Explain reasons for the different torques required. 

2. A bar magnet falls with uniform speed through a coil of wire with its plane 
horizontal. The long axis of the magnet is normal to the plane of the coil. As the A' 
pole of the magnet approaches the coil, in what sense is the emf induced? What is 
the direction of the force which acts upon the wire? Describe the way in which the 
induced emf in the coil varies with time, as the magnet drops through the coil. 

3. The coils wound on the spools of resistance boxes arc often made of bifilar 
wires, that is, a wire doubled back upon itself. Make a sketch of such a resistance 
spool. Explain why this arrangement gives coils which arc practically noninductive. 

4. Derive the general equation for induced emf, beginning with Amjjere’s law 
for the force on a current-carrying conductor in a magnetic field. 

5. In an experiment on electromagnetic induction, the flux in a coil is changed 
by a constant amount in various measured times. Plot a curve to show the variation 
of the induced emf as a function of time. 

6 . Explain clearly why Lenz’s law- must follow’ from the principle of conservation 
of energy. 

7. Sometimes students believe that Ohm’s law- does not apply to an inductive 
circuit. Show that the law is applicable when it is properly interpreted. 

8 . Explain what happens to the electrons in a straight wire when the wire is 
moved through a magnetic field. Give an example to show the direction of the in¬ 
duced emf and the induced current. Indicate the end of the conductor which has the 
highest potential. 

9. When the primary winding of a step-up transformer is connected to the supply 
mains and no current is drawn from the secondary winding, what limits the energy 
taken by the transformer to a small value? Show how the primary current is auto¬ 
matically adjusted as the secondary load is changed. 

10. The coils of a well-designed transformer are wound very tightly on the iron 
core. Why is this design more satisfactory than one in which the coils are loosely 
wound on the iron core? Explain carefully the distinction between the voltage im- 
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pressed upon the primary and the emf induced in it; also the difference between the 
emf induced in the secondary and the terminal PD of the secondary when it is under 

load. 

11. What are some of the advantages of using iron for the core of a 60-cycle trans¬ 
former? Why do ultrahigh-frequency transformers utilize air cores? 

12. A rural electric line supplies power to two industries by means of step-down 
transformers. Both plants use the same voltage, but one plant takes much more 
power than the other. What differences in design are there in the transformers sup¬ 
plying these industries? State the reasons for these differences. 

13. Since there is no electrical connection between the primary and secondary 
of a transformer, what is the mechanism for the transfer of energy between these 
circuits? Even a well-designed transformer becomes warm in use. State reasons why 
this is true. 

14. A certain amount of power is to be transmitted over a long distance. If the 
voltage is stepped up 10 times, how much is the line loss reduced? How much could 
the size of the wire be reduced in order for the line loss to be kept the same as for 
transmission at the original low voltage? 

15. What happens to the motion of a copper pendulum bob when it swings be¬ 
tween the poles of a strong electromagnet? What becomes of the kinetic energy of the 
pendulum? Describe some devices in which eddy currents are of value. Mention 
some in which such currents are objectionable. State reasons in each case. 

16. A flat aluminum disk is rotated between the poles of a U-shaped magnet, 
with the axis of rotation parallel to the magnetic field. Assign letters A, B, C, D to 
the edges of the disk at points 90° apart and letter 0 to the center of the disk. Between 
which two lettered points is the induced emf a maximum? Make a sketch to show the 
paths of the induced currents. 

17. The self-inductance of an air-core coil is independent of the value of the current 
in the coil. This is not true of an iron-core coil. Explain. 

18. Derive the expression for the self-inductance of a long solenoid, namely, 

L = ~7o*/ _ 

where A is the cross-sectional area of the coil and / is its axial length. 

19. A person can close an electric circuit through his body to a 30-volt battery 
and a coil of high inductance without receiving a noticeable shock. A severe shock 
may be noticed when he releases one of the wires, thus opening the circuit. Explain 
why this is true. 

20. Compare the growth of currents in inductive and noninductive circuits. 
Sketch a curve of current vs. time for a circuit of high inductance; for one of low 
inductance. 

21. What will be the effect on the self- and mutual inductance of solenoids when 
iron cores arc inserted? State reasons. Mention some of the factors upon which the 
mutual inductance of a pair of adjacent coils depends, indicating the manner in 
which the mutual inductance varies with such factors. 
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PROBLEMS 

1. A loop of wire has the magnetic flux through it reduced from 5.0 X 10 7 
maxwells to 1.2 X I0 3 maxwells in 0.85 sec. What is the average induced cmf? 

2. A wire “cuts” a flux of 3.0 X 10 6 maxwells in 0.020 sec. What average cmf 

is induced in the wire? Arts. 1.5 volts 

3. The .V pole of a magnet is brought down toward a flat coil of 20 turns lying 
on a table, (a) If the flux through the coil changes from 10.000 to 50.000 lines in 0.30 
sec, what is the average magnitude of the induced emf? (A) Is it clockwise or counter¬ 
clockwise as you look down on the coil? 

4. A circular coil of wire of 3000 turns and diameter 6.0 cm is situated in a mag¬ 

netic field so that the major plane of the coil is normal to the field. If the flux density 
in the coil changes uniformly from 5000 to 17,000 gausses in 3.14 min, what emf is 
induced in the coil? Arts. 54 mv 

5. A coil of wire of 10 turns, each enclosing an area of 900 cm 2 , is in a plane 
perpendicular to a magnetic field of strength 0.50 oersted. It is turned to a position 
parallel to the field in 0.50 sec. Find the average emf induced. 

6 . In one of the coils of a generator armature 100 wires pass across a pole near 

which there is a magnetic flux density of 15 X 10 3 gausses. The pole face has an 
area of 1000 cm 2 . If the armature moves across the pole in 1 | 2 o min, what is the 
average emf induced in the coil by the “cutting” of this flux? Arts. 30 volts 

7. A coil of 300 turns and an area of 200 cm 2 is revolving at a rate of 30 rev/sec 
about an axis perpendicular to a magnetic field of flux density 3000 gausses. What is 
the average emf when the coil is turned through 180°, ( a ) starting where the plane of 

the coil is parallel to the field? (A) starting where the plane of the coil is perpendicular 
to the field? 

8 . A flat, circular coil has 150 turns, a radius of 12 cm and a resistance of 0.85 

ohm. The coil is placed with its plane normal to the earth’s magnetic field which 
has a strength of 0.75 oersted. When the coil is rotated through 90° in I 3 sec, what 
charge circulates in the coil? Ans. 6.0 X 10~* coulomb 

9. A flat, circular coil is constructed from a wire 600 cm long, having a resistance 
of 75 milliohms. The coil has 25 turns and its ends arc connected to form a closed 
circuit. A magnet is moved near the coil, causing the flux to change by 5000 maxwells 
in 0.085 sec. Calculate the induced emf and the charge which circulates in the coil. 

10. In an experiment to determine the flux density of the region between the pole 
pieces of a magnet a 50-turn coil of 30 ohms resistance and area 2.0 cm 2 is placed 
with its plane perpendicular to the field and then quickly withdrawn from the field. 

he charge flowing in the operation is found to be 5.0 X 10~* coulomb. Determine 
Ihe flux density. Am 15 x |0 . gauss ,. s 

11. A coil having 250 turns of wire has an area of 32 cm 2 and is rotated in a uni- 
orm magnetic field of flux density 500 gausses at a rate of 600 rev/min. The resist¬ 
ance of the coil is 2.0 ohms. Calculate (a) the average cmf developed in a half turn from 
* C ,nStam lhc coil is perpendicular to the field, (A) the average emf developed in a 
W . ole turn, ( c) the average current under condition a, and (c/) the quantity of elec¬ 
tricity displaced under condition a. 
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12. An east and west wire falls to the ground with a speed of 25 cm/sec. If the 

horizontal component of the earth’s magnetic field is 0.20 oersted, find the emf in¬ 
duced in 100 m of the wire. Ans • °- 50 “ v 

13. The distance between the rails of a railroad is 1.5 m. The total strength of the 

earth’s magnetic field is 0.80 oersted and the angle of dip is 75°. What is the magnitude 
and direction of the voltage induced in the axle of a locomotive moving due east 


at the rate of 60 mi/hr? 

14. (a) What emf is induced in a straight wire 50 cm long, perpendicular to a 
magnetic field of 2000 oersteds, when the wire is moved with a speed of 5.00 m/sec 
at right angles to the field? Make a sketch to show clearly the directions of the field, 
motion, and emf. ( b ) What emf would be generated if the velocity made an angle 

of 30° with the field? Ans - °- 50 volt 5 °- 25 voIt . 

15. A rectangular loop of wire 30 cm long and 20 cm wide rotates about an axis 

normal to a uniform field of strength 50 oersteds. The coil makes 360 rpm. Find the 
instantaneous value of the induced emf when the plane of the coil is parallel to the 
field. What is the average emf induced as the coil turns through the next 90°? 

16. A closed rectangular coil of wire 20 cm by 50 cm rotates at a uniform speed 
of 5.0 rps about an axis perpendicular to a uniform magnetic field of 800 oersteds. 
The loop has a resistance of 0.20 ohm. ( a ) What is the maximum magnetic flux in¬ 
cluded by the rotating coil? ( b) What is the maximum emf developed in the coil? 

(c) What is the average current in the coil during 1 rev? 

.4ru. 8.0 X 10 5 maxwells; 0.25 volt; zero 

17. A metal spoke in a wheel is 80 cm long. If the wheel makes 30 rev/min in a 
plane perpendicular to the earth’s magnetic field where the field strength is 0.50 
oersted, find the difference in potential between the axle and the rim of the wheel. 
Which part is at the higher potential when the wheel rotates clockwise as seen by one 

looking in the positive direction of the field? 

18. The wire spoke of an automobile wheel is 45 cm long. The wheel turns through 

90° in 0.050 sec. If this motion is perpendicular to a magnetic field of strength 0.35 
oersted, what average emf is induced in the wire? Ans. 110 fiv 

19. A transformer is designed to operate at 15 kw and 220 9l22 volts. Neglecting 
all losses, what is the turn ratio? the primary and secondary currents? 

20. A 110-volt PD is applied to the primary of a step-up transformer that delivers 

2.0 amp from its secondary. There are 25 times as many turns in one winding as in 
the other. Find (a) the voltage of the secondary and ( b ) the current in the primary. 
Assume no losses in the transformer. Ans. 2.8 kv; 50 amp . 

21. A step-up transformer operates on a primary voltage of 220 volts. The ratio 
of primary to secondary turns is 1 to 50. The primary current is 200 amp. Assuming 
ideal conditions, what is ( a ) the secondary voltage, ( b ) the secondary current, and 
(r) the power output? 

22. The primary and secondary coils of a transformer have 500 and 2500 turns, 
respectively. (<j) If the primary is connected to a 110-volt a-c line, what will be the 
voltage across the secondary? ( b ) If the secondary were connected to the 110-volt 
line, what voltage would be developed in the smaller coil? (Assume ideal conditions.) 

Ans. 550 volts; 22.0 volts 
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23. A certain transformer has 1100 turns of wire in the primary coil. It is operated 
in a 3300-volt a-c circuit. A number of 60-watt lamps are operated at 110-volts from 
the secondary of the transformer. Assuming ideal conditions, (a) what is the approxi¬ 
mate number of turns of wire in the secondary coil? (b) What is the current in the 
secondary winding when 20 lamps are operated? (c) If the loss of energy in the trans¬ 
former and connecting wires is 10% of the energy input, what is the current in the 
primary winding when 30 lamps are operated in the secondary circuit? 

24 . A transformer has a primary of 500 turns and a resistance of 0.200 ohm. The 
secondary has 2500 turns and a resistance of 3.00 ohms. The iron losses in the trans¬ 
former for a secondary output of 10.0 k\% at 1200 volts arc 200 watts. Calculate (a) 
the secondary current, ( b ) the copper loss in secondary, (r) the copper loss in primary, 
and (</) the efficiency of the transformer. 

Ans. 8.33 amp; 208 watts; 365 watts; 93% 

25 . Find the power loss in a transmission line whose resistance is 1.5 ohms, if 
50 kw are delivered by the line (a) at 50,000 volts and ( b ) at 5000 volts. 

26. A certain amount of power is to be sent over each of two transmission lines to 

a distant point. The first line operates at 220 volts, the second at 11,000 volts. What 
must be the relative diameters of the line wires if the line loss is to be identical in the 
two cases? (Carefully justify the reasons for the answer.) Ans. 

27. A steady cmf of 110 volts is applied to a coil of wire. When the current reaches 
three-fourths its maximum value, it is changing at the rate of 5.00 amp/sec. Find 
the self-inductance of the coil. 

28 . What is the self-inductance of a circuit in which there is induced an cmf of 

100 volts when the current in the circuit changes uniformly from 1.0 to 5.0 amp in 
0.30 sec? Ans. 7.5 henrys 

29. A coil has 1000 turns and an inductance of 3.0 henrys. If a steady cmf of 36 
volts is applied and the current has risen to two-thirds its maximum value, what is 
(a) the rate of change of the current at that instant? (b) the rate of change of flux? 

30 . An inductive coil has a resistance of 9.50 ohms. A battery of 115 volts is sud¬ 
denly connected to the coil. After the current has risen to 10.0 amp, it is changing at 
the rate of 160 amp/sec. What is the self-inductance of the coil? Ans. 125 mh 

31. Prove that the mutual inductance M of a pair of coils is given by 

A(/)i 

M = N. X 10-* X ^ 

where N. is the number of turns in the secondary and A<f>. is the change of flux in 
the secondary caused by a change of current A/,, in the primary coil. 

32 . An impressed cmf of 50 volts at the instant of closing the circuit causes the 
current in a coil A to increase at the rate of 20 amp/sec. Find the self-inductance of 
the coil. At the same instant the changing flux from A through a nearby coil li 
induces an emf of 100 volts in B. What is the mutual inductance of the coils? 

Ans. 2.5 henrys; 5.0 henrys 

33 . A pair of coils have a mutual inductance of 35 mh. Reduce this value to abso¬ 
lute electromagnetic units (abhenrys). 
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34. Two coils A and B are placed near each other. A current change of 6.00 amp 

in A produces a flux change of 120 kilomaxwells in B, which has 2000 turns. What is 
the mutual inductance of the system? Arts. 400 mh 

35. Coil A has 10 times as many turns as coil B. The two coils are arranged in such 
a way that, in the absence of any iron core, 10 volts arc induced in A when the cur¬ 
rent in B is changing at the rate of 5.0 amp/sec. If instead the current in A is changed 
at the rate of 10 amp/sec, what emf will be induced in coil B ? 

36. Two circuits have a mutual inductance of 2.25 henrys. When the current in 
the primary changes from 0 to 18 amp in 7.5 milliseconds what emf is induced in the 
secondary? What energy is stored as a result of mutual induction? 

Arts. 5.4 kv; 365 joules 

37. An inductive circuit has a self-inductance of 250 mh and a resistance of 18.0 
ohms. A battery of emf 120 volts is connected to the circuit and the current rises undl 
it is changing at the rate of 192 amp/sec. How much energy is stored in the magnetic 
field at this instant? 

38. A coil of 20.0 ohms resistance is connected to a 100-volt d-c line. At the instant 

when the current has grown to 3.00 amp, it is increasing at the rate of 80.0 amp/sec. 
What is the inductance of the coil? What energy is stored in it when the induced 
emf becomes zero? Ails. 500 mh; 6.25 joules 
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Generators and Motors 


A device for converting mechanical energy into electric energy is called a 
generator. I he function of a motor is just the reverse, that is, it transforms 
electric energy into mechanical energy. The types and sizes of these machines 
have developed from the crude models of the late nineteenth century to the 
giant-sized generators found in a modern hydroelectric plant or tlie power- 
fl, l ,nolors uscd »» m any industries. The basic principles of most generators 

54« 
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and many motors are quite simple and involve only fundamental laws, which 
have been discussed in previous chapters. The most essential of these princi¬ 
ples are the laws of electromagnetic induction and Ampere’s law. 

The Simple Generator. The simplest possible generator is a single 
coil of wire turning in a uniform magnetic field as in Fig. 1. The loop ABCD 
turns in a counterclockwise direction starting with the loop vertical. Since 

the magnetic field is directed from N to 
S y the generator rule indicates that 
the current in the conductor AB as it 
moves downward in the first half turn 
is from B to .*1. As the conductor DC 
moves upward at the same time, the 
^ ... current is from D to C. The current 

Fig. 1. A simple generator. . If ... , . 

during this half turn is directed around 
the loop in the order DCBA. If the loop continues to turn through a second 
half turn, AB moves upward in front of the S pole and DC moves downward 
before the jY pole. During this half turn the current is in the direction ABCD. 
Thus the current alternates in the coil, reversing direction twice in each com¬ 
plete revolution. 

The value of the induced einf, and hence the current, is not constant as the 
coil turns, since it is proportional to 
the rate at which the lines of force are 
cut. When the coil is in the vertical 
position as it turns, both AB and CD 
are moving parallel to the field and 
cutting no lines of force. Hence at this 
position the emf is zero. As the coil 
turns, the rate of cutting increases until 
its plane is in the horizontal position 
where the conductors are moving per¬ 
pendicular to the flux and hence the emf 
is a maximum. Thereafter it decreases 
until it again becomes zero when the coil is vertical. The way in which the 
emf varies during one complete turn of the coil starting from a vertical 
position is shown in Fig. 2. It starts at zero, rises to a maximum, decreases to 
zero, rises to a maximum in the opposite direction, and again decreases to 
zero ready to repeat the cycle. Ideally the form of such a curve is a conven¬ 
tional sine curve. At any instant, the emf in the loop is e = e m cos 6 ', where e m 
is the maximum value of the emf and 6' is the angle between the direction of 
the magnetic field and the plane of the loop. This is usually written 

e = e m sin 6 


CO/L CO/L 

HORIZONTAL HOR/ZONTAL 



Fig. 2. Variation of emf with time in 
a single coil turning in a uniform mag¬ 
netic field. 



(i) 
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where d is the angle between the given position of the loop and the position 
in which the emf is zero. Since the latter is a position at right angles to the 
magnetic field, 6 = 90 6\ showing that sin 6 = cos 6', as was assumed. 

These angles are shown in Fig. 3, in which the magnetic field is horizontal. 

One complete rotation of the loop produces one cycle of the emf, causing 
one cycle of current in any circuit connected across its terminals. The number 



Fio. 3. A coil in a magnetic field, showing the angle O' which it makes with the field and 
the angle 0 which it makes with the position in which the emf is zero. 


of cycles per second is called the frequency. In practice the form of the voltage 
curve obtained from commercial alternators is not a pure sine curve, be¬ 
cause of the lack of uniformity of the field. 

The A-c Generator. In the commercial a-c generator a high voltage 
is obtained by having the coil wound on an iron core, thus increasing the flux 
linked, and also by using a large number of turns in series for each coil. The 
rotating coil and its iron core 


comprise the armature of most 
generators. In the usual a-c gen¬ 
erator the ends of the coil are 
connected to circular rings called 
collecting rings or slip rings. Carbon 
(graphite) brushes bearing on these 
rings give a continuous path for the 
current (Fig. 4). The basic elements 



I'io. 4. Slip rings on an a-c generator. 


of a simple generator arc thus seen to be (1) a field magnet, (2) the armature , 
a nd (3) the slip rings and brushes. 


The D-c Generator. An ideal generator can never have a onc-direc- 
tional current in the coil itself but it is possible to have a one-directional 
current in the outside circuit by reversing the connections to the outside 
circuit at the same instant the emf changes direction in the coil. The change 
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in connections is accomplished by means of a commutator (Fig. 5). This device 
is simply a split ring, each side being connected to the respective end of the 
coil. Brushes, usually of graphite, bear against the commutator as it turns 
with the coil. The position of the brushes is so adjusted that they slip from 
one commutator segment to the other at the instant the emf changes direction 
in the rotating coil. In the external line there is a one-directional voltage, 
which varies as shown in Fig. 6. The curve is similar to that of Fig. 2, with 
the second half inverted. To produce a steady, one-directional current, many 
armature coils arc used rather than a single coil. These are usually wound in 
slots distributed evenly around a laminated, soft-iron cylinder. Such a wind¬ 
ing is shown in Fig. 7. The windings, here represented by single conductors 
in the slots, are continuous around the cylinder. Thus, starting at 1, the 



l-'ic. 5. A simple generator with a cornu- Fig. 6. Variation of voltage with time 

tator produces a one-directional current in in the external line of a simple generator 

the external line. with a comutator. 


winding goes successively to 6, 11,4, 9, 2, 7, 12, 5, 10, 3, 8, 1, forming a com¬ 
plete circuit. Solid lines represent connections across the front of the cylinder 
and dotted lines those across the back. Commutator connections are made 
at alternate slots, lor example, the odd-numbered slots. Examination of the 
connections indicates that there are always two parallel paths in the arma¬ 
ture from one brush to the other. Thus, when the armature is in the position 
shown, the two paths arc 1,6, 11, 4, 9, 2, 7 and 1, 8, 3, 10, 5, 12, 7. Further¬ 
more, in each of the parallel paths the emPs arc additive. 

Emf Generated in a D-c Generator. Since the emPs in each of the 
parallel paths are additive, we may write as the emf of the generator at this 
instant 

e = fg -f- -f- e$ 

or 

e — C12 H- + e x0 + e 3 -f 

The emf induced in the conductors of each slot depends upon the number of 
conductors in the slot and upon its rate of cutting lines of force at each in- 
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stant. The emf E of the generator will be the average of the instantaneous 
emf s during a revolution. That is, E for the generator is the average emf of 
one of the parallel paths, or the number of conductors in one parallel path 
times the flux cut per unit time by each conductor times the usual constant. 
Let <f> represent the magnetic flux, N the number of conductors in all the 
slots, co the angular speed of the armature in rotations per second, and n the 



Fio. 7. Schematic diagram of windings on the armature of a d-c generator. The active 

conductors are the wires in the slots. Connections across the front of the cylinder arc shown 

§ 

by solid lines, while those across the back are shown by dotted lines. 


number of parallel paths. In each rotation of the armature, each conductor 
cuts the flux twice. Then 




If there are more than two poles for the generator, the conductors cut the 
flux twice for each pair of poles and hence one must introduce an additional 
factor of the number of pairs of poles in Eq. (2). 

Example: A two-pole generator rotates at 2400 rpm. It has 300 rotor conductors 
arranged in two parallel paths. The flux through the armature is 2.00 X 10® max¬ 
wells. What is the average emf induced? 
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< i ) = 2.00 X 10 6 maxwells; N = 300; co = 2400 rpm = 40.0 rps; n = 2 



2 <t>N<a 

T^T 


2 X 2.00 X 10 6 X 300 X 40.0 

10 8 X 2 


= 240 volts 


The Magnetic Field. The magnetic field of the generator may be pro¬ 
duced by means of a permanent magnet or by an electromagnet. If a perma¬ 
nent magnet is used, the machine is commonly called a magneto. When the 
field is supplied by an electromagnet, several connections are possible. Four 
common possibilities are illustrated in Fig. 8. Assuming that the speed of the 
generator remains constant, the emf of the separately excited generator will 



Fig. 8 . Diagrams of the connections of field and armature in d-c generators. 

remain constant as the load increases, while the terminal potential difference 
decreases by the amount of the I a R a drop in the armature. In the shunt 
generator, the 1 PD decreases more rapidly as the load increases, since the 
lowered TPD decreases the field and thus the emf. In the series generator, 
an increase in load increases the field and hence the emf. By use of a com¬ 
pound field it is possible to keep the TPD almost constant as the load increases. 

Whenever there is a shunt field, there are three currents involved in the 
generator: the armature current I a , the field current //, and the line current 
/;. In this generator, the source of current is the armature and hence 


h — h + h ( 3 ) 

The field acts as a resistor for steady currents, while the armature must be 
treated as a part ol a circuit that has a source of energy'. For the field 

V = IjR f 


For the armature 


V - E - I a R a 


( 4 ) 
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The power I a E converted from mechanical to electric power in the armature 
supplies the power I a -R a used in heating the armature, the power I/‘R/ sup¬ 
plied to the field windings, and the power 7/F delivered to the line. 

IaE = la-Ro + If-Rf + IlV (5) 

Example: A shunt generator has a terminal potential difference of 120 volts when 
it delivers 1.80 kw to the line. The resistance of the field is 240 ohms and that of the 
armature is 0.400 ohm. Find the emf of the generator and the efficiency. 


P = I,V 

_ P 1800 watts 
U = V - 120 volts “ 15 0 arnp 
V 120 volts 

7 ' = R, = 240~ohms = °' 500 amp 

/„ = /, + I t = 0.50 amp -f- 15.0 amp = 15.5 amp 

V = E - /„/?„ 

E = V 4- I a R a — 120 volts -f- 15.5 amp X 0.400 ohm = 126 volts 

Input: 

Pi = IaE = 15.5 amp X 126 volts = 1950 watts 

Output: 

P u = I,V = 1800 watts 


E<r. = £ = 


1800 watts 
1950 watts 


= 0.923 


92 



The Motor Effect. 


As described in Chap. 31, when a current-bearing 


conductor is placed in a magnetic field, the field is distorted and the con¬ 


ductor experiences a force directed from 
the strong part of the field toward the 
weaker part. This effect is illustrated in 
the idealized experiment shown in Fig. 9. 

The value of the force that the current 
experiences in a magnetic field is given 
by Ampere’s law, namely, 



since the current is perpendicular to 
the flux. 



Fio. 9. The motor effect. 


In a motor there is a force on each side of the coil. These forces are equal 
in magnitude but opposite in direction. Thus a couple acts to rotate the coil 
and the torque is proportional to the product of the force and the width w of 
the coil 



BIlw cos a 
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NBIA cos a 

To 



where A is the area of the coil and a is the angle between the plane of the coil 
and the flux. 


Example: Each side of the armature coil of 25 turns in a motor is 60 cm long. The 
coil is 20 cm wide. The armature current is 100 amp and the effective flux density in 
the air gap is 3000 gausses. What is the torque when the plane of the coil is parallel 
to the field? 



NBIA 

ir cos “ 


N = 25 


B = 3000 gausses 
I = 100 amp 

A = (60 cm) (20 cm) = 1200 cm 2 


25 X 3000 X 100 X 1200 n . w ins , 

-—-—-= 9.0 X 10 8 cm-dynes 


Direct-current Motors. The side push that a current-bearing conductor 
experiences in a magnetic field is the basis for the operation of the common 
electric motor. In construction the motor is similar to the generator having 
a commutator and an armature wound on a soft iron core. When a current 
is maintained in the armature coils, the force on the conductors produces a 
torque tending to rotate the armature. The amount of this torque depends 
upon the current, the flux density, the diameter of the coil, and the number 
and length of the active conductors on the armature. The commutator is 
used to reverse the current in each coil at the proper instant to produce a 


continuous torque. 

Back Emf in a Motor. Consider an experiment in which an ammeter 
and an incandescent lamp arc connected in series with a small motor (Fig. 
10). If the armature is held stationary as the current is turned on, the lamp 
will glow with full brilliancy, but when the armature is allowed to turn the 
lamp grows dim and the ammeter reading decreases. 

This shows that the current in a motor is smaller when the motor is running 

frcclv than when the rotation of its armature is retarded. The current is 

0 

diminished by the development of a back emf, which acts against' the driving 
emf. 'That is, every motor is at the same time a generator. The direction of 
the induced emf will always be opposite to that of the voltage impressed on 
the motor, and it will be proportional to the speed of the armature. When 
the motor armature rev olves faster, the back emf is greater and the difference 
between the impressed voltage and the back emf is therefore smaller. This 
difference determines the current in the armature, so that there is a larger 
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current in a motor when it is running slowly than when it is running fast. 
The current is much larger when the motor is starting than when it is operat¬ 
ing at normal speed. For this reason adjustable starting resistors in series with 
the motor arc frequently used to minimize the danger of excessive current 
while starting. 



Since the emf E induced in the armature of the motor opposes the im¬ 
pressed voltage F, we may apply to the armature the equation previously 
used for a part of a circuit that includes a sink of energy 

V = E + I„R a (8) 

For a series motor, the relationship of Eq. (8) applies to the motor as a whole. 
For the motor that has a shunt field, it applies only to the branch including 
the armature. 

Example: A d-c series motor operates at 120 volts and has a resistance of 0.300 
ohm. When the motor is running at rated speed the armature current is 12.0 amp 
What is the back emf in the armature? 

V = 120 volts; / = 12.0 amp; R = 0.300 ohm 
V = E + lit 

E = V - IR = 120 volts - 12.0 amp X 0.300 ohm 
= 116 volts 

The increase in current with decrease in speed makes a motor somewhat 
self-regulating. An increase in load causes the motor to slow down, thus 
causing an increase in current. Since the torque is proportional to the current, 
an automatic increase in torque accompanies an increase in load. 

The power supplied to a motor is the product of the line current and the 
impressed voltage (7jF). A part of this power I/ 2 R/ is used to heat the field, a 
part I a 2 R n is used to heat the armature, and the remainder I U E is available 
for operating the motor and thus represents the useful power 

hV = lf 2 R/ + I a 2 R a + EE (9) 
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SUMMARY 

Generators transform mechanical energy into electric energy, while motors 
transform electric energy into mechanical energy. 

An elementary generator consists of a coil of wire rotating in a unilorm 
magnetic field. The emf induced in an ideal generator is alternating in 
character. It is given by 

e = e m sin 6 

A d-c generator differs from an a-c generator in that the d-c generator has 
a commutator to make it deliver a unidirectional current to the external circuit. 

The emf generated by a two-pole d-c generator is given by 

_ 2 4>No) 

The terminal potential difference of a generator is given by 

V = E - I a R a 

Of the power generated, part is used in heating the field and armature of 
the generator and the remainder is delivered to the line. 

UE = I a 2 R a + l, 2 R f + hV 

The torque on an armature coil of a motor is given by 

. _ NBIA cos a 

To 

The back emf generated in a motor armature is nearly equal to the voltage 
impressed upon it. This back emf reduces the current which there would 
otherwise be in the armature, in accordance with the equation 

V = E + I a R a 

The power delivered to a motor is I t V. The power that remains to operate 
the motor after the heating losses in the armature and field is I a E. 

hV = 7/7?/ + 7 a 2 7?a + IaE 

QUESTIONS 

1. Is an electric generator a “generator of electricity”? Where is the electricity 
before it is “generated”? What docs such a machine “generate”? 

2. A glance at a dynamo will indicate whether it has slip rings or a commutator. 
How will this information enable one to know whether the machine is an a-c or a 
d*c dynamo? 
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3. Why are there many commutator segments on the common d-c generator 
rather than just two? 

4. Is the terminal potential difference of a shunt generator when there is no ex¬ 
ternal load equal to the emf of the generator? Explain. 

5. Draw a curve showing the variation of the terminal potential difference of a 
separately excited generator as the load increases. 

6. Draw a curve showing the variation of the terminal potential difference of a 
shunt generator as the load current is increased. 

7. Draw a curve showing the variation of the terminal potential difference of a 
series generator as the load current is increased. 

8. A railway electric locomotive uses its d-c motor as a generator for braking 
purposes on long, down grades. Show how this may be done and what happens to 
the energy. 

9. Usually an automobile has a generator and a starting motor as separate units. 
How do they differ and why? Would it be possible to make one machine that would 
serve both purposes? 

10. A d-c shunt motor rotates in a clockwise direction when power is supplied 
to it with the current in a certain direction. How must it be rotated as a generator 
so that the current will be in the same direction? 

11. How can one reverse the direction of rotation of a d-c motor? 

12. Explain fully and clearly the reason for using a “starting box” with a motor. 
Describe the action of this device. 

13. Describe an experiment that one might make to measure the input and output 
power of a d-c motor. 

14. Describe an experiment that might be performed to measure the over-all 
efficiency of a motor-generator set used to convert a-c power to d-c power. 

15. From a consideration of the connections shown in Fig. 8, suggest character¬ 
istics of the way that the torque produced by a motor of each kind would change as 
the load is increased. 


PROBLEMS 

1. An a-c generator develops a voltage that has a maximum value of 140 volts. 
What is the instantaneous value of the voltage when the coil is passing through an 
angle of 25° after leaving the position of zero voltage? 

2. A simple a-c generator develops a voltage that has a maximum value of 160 

volts. What is the instantaneous value of the voltage when the plane of the coil makes 
an angle of 50° with the flux? A ns. 102 volts 

3. A d-c generator armature, connected so that there are two parallel paths, 
has 500 turns, which link a flux of 6.0 X 10 6 maxwells from the two-pole field coils. 
What is the emf generated when the coil is rotating at the rate of 1800 rpm? 

4. A four-pole generator has an armature wound with two parallel paths and 
having a total of 800 turns. What must lie the flux in order to produce an emf of 
440 volts when the armature turns at the rate of 2400 rpm? 

Arts. 3.44 X 10 1 * maxwells 
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5. When the armature of a generator cuts a flux of 6.00 X 10 s maxwells, an emf 
of 120 volts is induced. How much would the flux have to be for the generator to 
have a terminal voltage of 115 volts, when delivering a current of 20.0 amp? The 


armature resistance is 1.80 ohms. 

6. The flux of a generator field is held at 4.00 X 10 s maxwells. When the armature 

speed is 1800 rpm, the terminal potential difference at no load is 150 volts. What will 
be the TPD when the machine is running at a speed of 2400 rpm with a load current 
of 25.0 amp? The resistance of the generator is 1.20 ohms. Ans. 170 volts 

7. A d-c series generator has a no-load voltage of 115 volts. At full load, the termi¬ 
nal potential difference is 110 volts, and the power output is 2.20 kw. What is the 
armature resistance? 

8. A d-c series generator has an armature resistance of 0.120 ohm. At no load 

the terminal voltage is 124 volts, and at full load it is 115 volts. Assuming the gen¬ 
erated emf to remain constant, how much power does the generator deliver at full 
load? Ans. 8.62 kw 


9. A shunt generator has a field resistance of 360 ohms and an armature resistance 
of 0.800 ohm. The generator delivers 4.00 kw to the external line at 120 volts. Find 
the emf and the efficiency of the generator. 


10. A shunt generator has a field resistance of 240 ohms and an armature resistance 

of 1.50 ohms. The generator delivers 3.00 kw to the external line at 120 volts. Find 
the emf of the generator and its efficiency. Ans. 158 volts; 74.2% 

11. A shunt generator has a field resistance of 52.0 ohms and an armature resistance 
of 0.300 ohm. The machine will overheat if the armature current is greater than 50.0 
amp. What must be the emf at this maximum current so that the terminal voltage 
will be 300 volts? What is the maximum power delivered? What is the efficiency at 
maximum load? 

12. A certain shunt generator has a field resistance of 240 ohms and an armature 
resistance of 0.600 ohm. The machine will overheat if the armature loss is greater 
than 240 watts. What is the maximum armature current? If the emf under these 
conditions is 150 volts, what is the power output? What is the efficiency? 

Ans. 20.0 amp; 2.68 kw; 89.4% 


13. The armature of a series motor has a resistance of 0.240 ohm. When running 
on a 110-volt circuit, it takes 5.00 amp. What is the back emf? 

14. The voltage impressed across the armature of a series motor is 115.0 volts, 
the back emf is 112.4 volts, and the current is 20.0 amp. What is the armature 


resistance? Ans. 0.13 ohm 

15. A series motor connected across a 110-volt line has an armature current of 
20 amp and develops a back emf of 104 volts when running at normal speed. What 
current would there be in the armature at the instant the switch were closed if no 


starting box were used? 

16. What is the back emf in a shunt motor which has an armature resistance of 
2.00 ohms and in which an impressed voltage of 110 volts produces an armature 
current of 10.0 amp? If the speed were reduced one-half and the field current re¬ 
mained the same, what current would there be in the armature? 

Ans. 90 volts; 32.5 amp 
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17. The voltage impressed on a series motor is 115.0 volts; the back emf is 112.0 
volts; the current is 6.00 amp. What current would there be if the motor were stopped 
altogether? 

18. A series motor has a back emf of 115 volts when the current is 10.0 amp and 

the applied voltage is 120 volts. What will be the current in this motor at the instant 
that the switch is closed? Ans. 240 amp 

19. A motor which has an efficiency of 85% is connected to a 220-volt line. What is 
the current in the motor when it has a power output of 3.00 hp? 

20. What current is taken from 110-volt mains by a motor which is 80 r ; efficient 

and which is delivering 10 hp? Ans. 85 amp 

21. A shunt-wound d-c motor has an armature resistance of 1.00 ohm and a field 
resistance of 200 ohms. When connected to a 110-volt line, there is developed a back 
emf of 105 volts. Find ( a ) the power delivered to the motor, ( b ) the power available 
for operating the motor, and (c) the efficiency of the motor. 

22. A shunt motor has a field resistance of 360 ohms and an armature resistance 
of 0.800 ohm. When it is connected to a 120-volt line, it takes 4.00 kw from the line. 
Find the back emf, the power output, and the efficiency of the motor. 

Ans. 94 volts; 3100 watts; 77% 

23. A shunt motor has a field resistance of 240 ohms and an armature resistance 
ol 1.50 ohms. When it is connected to a 110-volt line, an ammeter in the line reads 
5.00 amp. Find the back emf, the power delivered, and the efficiency of the motor. 
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Capacitance 


A device in which eiectriciiv may temporarily be stored is called a capacitor. 
(The term comJ>n<>i is also frequently used.) Almost any insulated body 
possesses to some extent the ability to retain for a time an electric charge and 
hence such a bod\ might be called a capacitor. However, the most effective 
capacitors are made of metallic “plates,” which are insulated from each 
other and surrounding objects. Such devices have the ability to store a con- 
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siderable quantity of electricity that may temporarily be held bound for 
later use (though oftentimes this later interval may be a matter of a millionth 
of a second). Capacitors are used in such devices as radio sets, all sorts of 
electronic apparatus, telephone and telegraph equipment, and automobile 
ignition systems. 

Simple Capacitors. A simple electric capacitor is formed by placing 
two metal plates near each other, with a sheet of paper, mica, or other in¬ 
sulating material between (Fig. 1). If a battery is connected to these plates, 
though there is essentially no flow of electrons through 
the insulating medium, electrons do leave one of the 
plates and enter the positive terminal of the battery, 
while the same number leave the negative terminal 
of the battery and enter the other plate. As this hap¬ 
pens, the first plate becomes positive, the second nega¬ 
tive, and this continues until the potential difference 
between the plates is equal to the cmf of the battery. 

Thereafter there is no more current and the capacitor 
is said to be charged. Note that electricity does not 
flow through the capacitor, but only into and out of the plates that compose it. 

Capacitance. The capacitance of a capacitor is the ratio of the amount of 
electricity transferred, from one of its plates to the other, to the potential 

difference produced between the plates. In the form of an equation 

© 

charge 

Capacitance = 

c = 2 (i) 

The value of the capacitance depends upon the units in which (£ and V are 
measured and also upon the area of the plates, the distance between them, 
and the nature of the insulator. 

The term “capacity” which is frequently used in this connection is not 
very happily chosen. For one thing, it conveys the idea that a given capacitor 
has a fixed capacity to hold a certain charge, as a water pail has a limited 
capacity to hold water. In reality, the charge which a capacitor will hold 
may be varied within wide limits. The upper limit is set only by the voltage 
necessary to disrupt the dielectric (insulator). 

Units of Capacitance. The unit of capacitance in the practical system 
is the farad, so named in honor of Faraday. A farad is the capacitance of a 
capacitor, which acquires a PD of 1 volt when it receives a charge of 1 cou¬ 
lomb. The farad is so large a unit that it would take a capacitor of unheard- 
of proportions to have a capacitance of 1 farad; hence, the microfarad (/if, 


potential difference 


I 


I 


III 


Fig. 1. A simple ca¬ 
pacitor. 
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one-millionth of a farad) is the unit most frequently used. In some cases the 
micromicrofarad (^t/xf) is a convenient unit. 

The defining equation for capacitance, Eq. (1), may be written in the form 

d = CV (\a) 

which states that the electricity which can be stored upon the plates of a 
capacitor is directly proportional to the voltage between the plates. 

Example: A capacitor having a capacitance of 3.0 /if is connected to a 50-volt 
battery. What charge will there be in the capacitor? 


C = 3.0 /if; V = 50 volts 
0 = CV = 3.0 /if X 50 volts = 150 microcoulombs 

Commercial Capacitors. In order to increase the capacitance of capaci¬ 
tors so that they will hold sufficiently large quantities of electricity for com¬ 
mercial purposes, use is made of a large 
number of plates, each of large area. 
An idealized diagram of a multiplate 
capacitor is shown in Fig. 2. In high- 
grade capacitors mica is used as a 
dielectric. Inexpensive capacitors of 
Fig. 2. A multiplate capacitor. capacitance up to 10 /if are usually made 

of alternate layers of tin or aluminum 
foil and waxed paper. These are frequently wound into rolls under pressure 
and sealed into moisture-resisting metal containers (Fig. 3). Electrolytic 




Fig. 3. A commercial Fig. 4. An air capacitor, 

capacitor. 


capacitors of large capacitance, up to 50 /if, are made by using an insulating 
layer formed by chemical action directly on the metal plates of the capacitor. 
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The slight space between the layers is filled with an electrolyte in liquid or 
paste form, this constituting one of the plates. A variable-capacitance air 
capacitor is shown in Fig. 4. This type of capacitor is widely used in radio 
circuits and electronic devices. 

Capacitance of a Parallel-plate Capacitor. The capacitance of a 
capacitor having parallel plates of large area separated by a thin dielectric 
is given by the equation 1 

c _ KA _ 8.84AVI 
4ttj X 9 X 10 5 10 


where C is the capacitance, in microfarads; A' is the dielectric constant; A is 
the area (of one side) of the dielectric actually between the plates (in square 
centimeters); and s is the thickness of dielectric, in centimeters. 

For a multiple capacitor, such as those shown in Figs. 2 and 4, the capaci¬ 
tance given by Eq. (2) must be increased by the factor (A* — 1) where .Vis 
the total number of plates. It will be seen that this is logical since j\ r plates 
must be used to make up N — 1 individual capacitors. 

It will be observed that in order to have a capacitor of large capacitance 
it is desirable to use an insulator of high dielectric constant, plates of large 
area, and a small separation of the plates. 


Example: A parallel-plate capacitor is made of 350 plates, separated by paraffined 
paper 0.0010 cm thick. The effective size of each plate is 15 X 30 cm. The dielectric 
constant of the paper is 2.5. What is the capacitance of this capacitor? 


K — 2.5; A = 15 cm X 30 cm = 450 cm 2 ; s = 1.0 X 10 -3 cm 



8.84 AVI 
10* r 
35 ni 


(*— 1 ) 


8.84 X 2.5 X 450 

lo* x i.o x io - 3 x (3M) “ 


As indicated by Eq. (2), the dielectric constant of the insulator used in a 
capacitor is of great importance. Unfortunately the values of the dielectric 
constant of most common insulators arc not very high. A list of the dielectric 
constants of a few common insulators is given in Table I. 


TABLE I. DIELECTRIC CONSTANTS 


Solids 

Liquids 

Cases 

Gla “. 6 -10 

Mica . 5.6 6.6 

Paraffined paper. 2.1- 2.3 

Porcelain. 6 7 

Alcohol.... 25 

Oil. 2 - 2.2 

Turpentine. 2.2 2.3 

Water. 80 -83 

Carbon dioxide. . 1 .00097 

Air. 1.00060 

Hydrogen. 1.00026 

Water vapor. ... 1 .007 


* Derived in the Appendix. 








COLLEGE PHYSICS 



Dielectric Strength. The concept of dielectric strength is not to be 
confused with the very different one of dielectric constant. Dielectric strength 
refers to the potential gradient (voltage per centimeter thickness) which must 
be applied to cause a disruptive discharge through the insulator. This factor 
is a measure of the insulating quality of the material. Capacitors are rated 
to be able safely to stand the given voltages and should not be used at higher 
potentials. Approximate values of the dielectric strengths of some commonly 
used insulators arc given in Table II. 


Substance 


Air. 

Transformer oil 
Turpentine. . . . 
Paraffin oil... . 
Kerosene. 


TABLE II. DIELECTRIC STRENGTH 

Average values 



Substance 


Paraffin, solid. . 
Paraffined paper 

| Mica. 

? Ebonite. 

Glass. 


kv/cm 
to puncture 


250- 450 
300- 500 
300- 700 
300-1000 
300-1600 


Combinations of Capacitors. In Fig. 5 are shown three capacitors of 
separate capacitances, C\, Co, and C 3 , respectively, connected in parallel and 
joined to a cell of terminal voltage V. Obviously, all the capacitors are 



Fio. 5. Capacitors in parallel. Fig. 6 . Capacitors in scries. 


charged to the same potential, since they are all connected directly to the cell. 
By definition of capacitance, the charge on each capacitor is, respectively, 

Qi = C,l’: <b = CoV; & = C 3 V 

the PD over each being the same. The total charge Q, is equal to the sum of 
the separate charges, 

Q = 0.’ "b 0.2 + Q.3 

If C represents the joint capacitance, Q, = CV, and therefore by substitution 
for (l, Clu Q. 2 , and Q* we get 


CV = C, V + CoF-f C 3 V 
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By dividing both sides of the equation by V, we obtain 


C = Ci -f- C 2 + C 3 



That is, for capacitors connected in parallel , the joint capacitance is the sum of the 
several capacitances. 

In Fig. 6, the capacitors are shown connected in scries. Each of these 
capacitors holds the same quantity of electricity. This follows from the fact 
that a charge upon one plate always attracts upon the other plate a charge 
equal in magnitude and opposite in sign. Let Fj, V 2 , and V 3 represent the 
voltages over the several capacitors and V the voltage over the whole. For 
the scries connection, it follows that 


V = Vi + Vo + V 3 


Substituting in this equation the various values 



y = Sr- 
C' 

V -S. v _ Q. 

VI - c]' 2 ~ ci' 

^3 

CO 

II 

we have 


Q._ a , a , a 

C Cl c 2 c 3 



Dividing both sides of the equation by (), we obtain 

i.1+1+1 

C Cl Co c 3 



That is, for capacitors connected in series , the reciprocal of the joint capacitance 
is equal to the sum of the reciprocals of the several capacitances. 


Example: Three capacitors have capacitances 0.50, 0.30, and 0.20 /if, respectively. 
What is their joint capacitance when arranged to give (a) a minimum capacitance 
and ( b ) a maximum capacitance? 

Ci = 0.50 /if; C 2 = 0.30 /if; C 3 = 0.20 /if. If they are all connected in series, they 
will have a minimum capacitance given by 

1 = _L_ + _1_ + _L_ 

C 0.50 /if 0.30 /if 0.20 M f 
C = 0.097 /if 


The capacitance is a maximum when they are all connected in parallel, namely, 

C = Ci + Ci + Cj = 0.50 + 0.30 + 0.20 = 1.00 /if 


In Fig. 7 is shown a subdivided capacitor. Mica insulation and careful 
design to minimize leakage result in an accurate capacitor which is useful in 
the electrical measuring laboratory. By manipulating the switches, the 
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Fig. 7. A subdivided capacitor. 


individual capacitors can be placed in series, parallel, or various series- 
parallel combinations. 


Reasons for Connecting Capacitors in Series or in Parallel. A series 



Fig. 8 . Strain- 
type insulators. 


connection of capacitors is used when it is desired to divide 
a high voltage between several capacitors, any one of which 
could not sustain the entire voltage. The voltage per 
capacitor in such a series connection is inversely proportional 
to the capacitance of the capacitor, that is, the capacitor of 
least capacitance has the largest voltage across it. Capaci¬ 
tors are connected in parallel when a large capacitance is 
desired at a moderate or low potential. Such a combination 
of capacitors will hold a large charge. An interesting ex¬ 
ample of capacitors in series is the “strain type” of insulators 
used on high-voltage transmission lines. Such insulators, 
shown in Fig. 8, are essentially capacitors connected in 
scries, thus dividing the total voltage between the several 
units. 

Growth and Decay of Charge in a Capacitor. When 
a steady voltage is introduced into a circuit containing 
only capacitance and resistance, the charge flows into the 
capacitor rapidly at first. As the PD between the plates 


rises, the growth of charge is reduced until the transfer of electricity stops 


entirely when the voltage of the capacitor becomes equal to the emf of the 
charging battery or generator. The rate at which the charge grows is an 
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exponential, or logarithmic, function of time and is illustrated in the rising 
curve of Fig. 9. When a charged capacitor discharges through a circuit of 
high resistance, the decay of its charge also proceeds as an exponential func¬ 
tion of time, as shown in the descending curve of Fig. 9, this curve being the 
complement of the growth curve. The growth or decay of charge proceeds 
more slowly the greater the value of the capacitance and the greater the 
resistance in series with the capacitor. The product RC is known as the time 
constant of the circuit; it is roughly the time required for the growth of charge 



t IN SEC x 10 4 

Fio. 9. Growth and decay of charge in a capacitor. 


to proceed to two-thirds of its final value. In most cases this time is a fraction 
of a second; the time is much longer when a capacitor is charged or dis¬ 
charged through a circuit of very high resistance (of the order of megohms). 
It should be emphasized that the charge and discharge curves are similar to 
those in Fig. 9 only for the case of a high resistance. When the resistance is 
low, the nature of the discharge may be quite different. 

Dielectric Absorption. Residual Charge. When a PD is impressed 
upon a capacitor having a solid dielectric between the plates, there will be a 
rush of electricity into the plates, as shown in Fig. 9. However, this may be 
followed by a small and decreasing flow, so that there may be a slight delay 
in the establishment of a stable electrical state. Also, when a capacitor is 
discharged, if the plates are left insulated for a short time, they will acquire 
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a PD of the same sign as before. A second and smaller discharge may then 
be obtained. This process may be repeated several times, with decreasing 
effects. The charges remaining after the first discharge are called residual 
charges. The processes in a capacitor which produce these effects are known 
as dielectric absorption. Gases show no such effects. 

When a capacitor is carried through cycles of charge and discharge, as is 
always the case in a-c circuits, there are electromechanical effects produced 
which result from physical distortions of the molecular structure of the 
insulator between the plates. These effects arc called dielectric hysteresis. They 
are quite similar to the magnetic hysteresis discussed in Chap. 36. They result 
in power losses within the dielectric which cause heating and other effects 
that are often quite serious. Occasionally this heating effect is put to use, as, 
for example, in the bonding of laminated wooden and plastic materials. 

Energy of a Charged Capacitor. When a charge Q. is moved from one 
point to another, the potential difference remaining constant , the work If ’ is given 
by the defining equation for potential as 

IV = QV 

In charging a capacitor the potential is not constant , but increases in direct pro¬ 
portion to the charge on the capacitor. The average potential (work per unit 
charge) is V 2 V and hence during the charging process the total work done is 

w = HQV (5) 

The energy is in joules when Q, is in coulombs and I* in volts. This equation 
may be written in the form 

H- = i CV 2 = i |r 2 (5a) 


since Q, = Cl', where C is the capacitance expressed in farads. 

Example: A 0.250-^uf capacitor is connected to a 300-volt battery. What energy 
does the capacitor have after it is charged to the potential of the battery? 

C = 0.250 nU V = 300 volts 

W = l >cr : = 4 ( 0.250 X 10- 6 farad)(300 volts) 2 = 1.12 X 10" 2 joule 


SUMMARY 

A capacitor is a device, in which electricity temporarily may be stored. 
The capacitance of a capacitor is defined by 


Capacitance = 


charge 

potential 
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The farad is the capacitance of a capacitor that acquires a charge of 1 
coulomb when the voltage between its plates is 1 volt. 

The capacitance of a parallel-plate capacitor is given by 

^ _ 8.84A/1 

C 10 8 r 

The dielectric strength of a material is the potential gradient (volts per centi¬ 
meter) that must be applied to cause a disruptive discharge. 

When capacitors are connected in parallel , 

V = Vi = V 2 = V 3 =••• 

q = a. + & + &+•• • 

C = Ci + Co + C 3 + 

For capacitors in series 

V = V\ + F 2 + F 3 + • • • 

£ = & = & = & = * • • 

1 _ 1 , 1 , 1 , . . . 

c C> + C 2 + C 3 + 

A charged capacitor contains energy as indicated by 

1 1 l 0- 

W = 2^ V = 2 CVi = 2C 
QUESTIONS 

1. Explain why in the design of capacitors the binding posts and surface insulators 
are made of materials which have exceedingly high resistivities. Is this equally true 
of resistance boxes? 

2. A fairly good analogy to a capacitor is an automobile tire into which air is 
pumped. Show how the phenomena is these two cases are analogous. 

3. An air capacitor having parallel plates is charged to a certain PD. The 
capacitor is then immersed in transformer oil. What happens to the capacitance of 
the system? to the charge? to the PD? 

4. A gold-leaf electroscope is fitted with a pair of plates instead of the usual 
knob. The plates are separated by a thin insulator. A 90-volt battery is connected to 
the plates. What happens to the gold leaf? With the battery still connected the plates 
are separated to a considerable distance. Explain what happens to the gold leaf. 
Explain what would happen if the battery were disconnected before the plates arc 

separated. 

5. In automobile ignition circuits a capacitor is placed in parallel with the breaker 
points. Show how this greatly reduces the sparking at these points. What is the cause 
of the sparking? 
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6. Show that the electric field intensity between the plates of a parallel-plate 
capacitor is given by S = V/s, where V is the PD between the plates and s is the thick¬ 
ness of the insulator. 

7. The dielectric constant of distilled water is very high, about 80. Why is such 
water never used for the dielectric in capacitors? Why is mica used so widely when 
porcelain and glass are much better insulators? 

8. The dielectric constant of a material is frequently measured in the laboratory 
by measuring the capacitance of a parallel-plate capacitor with the material as a 
dielectric and measuring the capacitance with the same plates separated by the same 
thickness of air and then dividing the first capacitance by the second. Show why 
this procedure is justified. Can these capacitances be used to define K from the relation 

capacitance using th e “unknown 1 ' medium 
~ capacitance using air as a medium 

9. Suggest some differences in design which might be found in a l-/if> 120-volt 
capacitor and a l-/if, 600-volt capacitor of equal quality. Also between an inexpensive 
capacitor and a high-grade type of the same electrical characteristics. 

10. Two unlike capacitors of different potentials and charges are placed in parallel. 
What happens to their PD's? How are their charges redistributed? 

11. What capacitance is indicated on the capacitor of Fig. 7? 

12. Four similar capacitors are connected in series and joined to a 36-volt battery. 
The mid-point of the capacitor group is grounded. What is the absolute potential 
(a) of this point? (b) of each end of the group of capacitors? 

13. Two identical capacitors are to be charged by connecting them to a battery. 
Compare quantitatively the relative total charges taken from the battery for the 
following cases: (<i) only one capacitor used, ( b ) each capacitor separately charged, 
(r) capacitors connected in series, and (d) capacitors connected in parallel. 

14. Three capacitors rated at 100 volts and 1, 2, and 3 /if are connected in series. 
If the group is joined to a 300-volt circuit, which capacitor is likely to puncture first? 
Answer the same question for a parallel connection of these capacitors. Explain. 

15. Plot rough graphs to show the growth and decay of current in the charge and 
discharge of capacitors. 

16. In the curve of the growth of charge in a capacitive circuit (Fig. 9), show that 
the ordinates are proportional to the voltages across the capacitor and that the re¬ 
maining vertical distances to the asymptouc maximum are proportional to the iR 
drops in the circuit. 

17. The dielectric properties of many insulators used in capacitors are greatly 
affected by temperature. Explain why capacitors designed for d-c or low-frequency 
circuits cannot be used in high-frequency circuits. Would this be true of air capacitors? 

18. Discuss the following characteristics of dielectrics in their relationships to use 
in capacitors: dielectric constant, dielectric strength, dielectric loss (electric hysteresis), 
insulation resistance, temperature coefficients, tensile and compressive properties. 

19. What type of energy is stored up in a capacitor? in a storage cell? in an induc¬ 
tive circuit? Why are capacitors not used in place of secondary batteries for the storage 
of electric energy? 
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20. A capacitor is separately charged to a series of voltages, and the energy thus 
stored is determined for each value of the voltage. Sketch the energy vs. voltage curve 
which would be obtained from such an experiment. 
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1. What charge is there in a 3.45-/if capacitor when the PD between the plates 
is 125 volts? 

2. A certain capacitor having a capacitance of 2.00 /if is charged to a difference 
of potential of 100 volts. What is the charge on this capacitor? 

Ans. 200 microcoulombs 

3. A 2150 /i/if capacitor acquires a charge of 0.750 microcoulombs. What is the 
voltage across the capacitor? 

4. Calculate the area in square miles of a parallel-plate air capacitor having a 
capacitance of 1.0 farac when the plates are separated by 1.0 mm. Ans. 43 ini 2 

5. A parallel-plate t <pacitor has plates 30 by 30 cm, separated by a mica dielec¬ 
tric 0.10 mm thick (A* = 6.0). What is the PD between the capacitor plates when 
there is a charge of 7.00 microcoulombs on the plates? 

6. A capacitor is made up of 21 plates alternately connected in parallel and 

separated by sheets of mica 0.400 mm thick, the area of each plate being 150 cin 2 
and K for mica being 6.00. Calculate the capacitance. Ans. 0.0398 /if 

7. An air capacitor has a capacitance of 135 /i/if. What would be its capacitance 
if the air were replaced by mica, K = 6.42? 

8. A 0.500-/if capacitor is placed in parallel with a 0.750-/if capacitor and the 
group is joined to a 110-volt d-c source. What charge is taken from the source? 
What are the charges on each capacitor? 


Ans. 137 microcoulombs; 55.0 microcoulombs; 82.0 microcoulombs 

9. A capacitor of capacitance 5.00 /if and potential 250 volts is placed in parallel 
with another capacitor of 10.00-/tf capacitance and potential 375 volts. The capacitors 
arc connected positive to positive and negative to negative. What is the resultant 
potential of the parallel group? 


10 . 

series 


Ihrec capacitors of capacitance 2.0 /if, 3.0 /if, and 4.0 /if are connected in 
across a 1300-volt line. What is the drop in potential across each capacitor? 


Ans. 600 volts; 400 volts; 300 volts 

11. A capacitor of capacitance 5.50 /if is placed in series with a capacitor of un¬ 
known capacitance. The charge on the unknown is 4.35 millicoulombs. The voltage 
of the system is 1000 volts. Calculate the capacitance of the unknown capacitor. 

12. Six f£-/tf capacitors are connected first in series and then in parallel. What are 
tilt respective joint capacitances of the combinations? What charge appears on each 
capacitor in each case when the group is connected to a 600-volt battery? 


Ans. 83 in/if; 3.0 /if; 50 microcoulombs; 300 microcoulombs 

13. A parallel-plate capacitor which has 11 circular plates, 40 cm in diameter 
and separated by mica 0.10 mm thick, is connected in series with a l.0-/if capacitor 
across a 500-volt line. The dielectric constant of mica is 5.4. Find the potential differ¬ 
ences across each capacitor. 
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14. Two capacitors of capacitance 2.0 /if and 4.0 /if are connected in parallel. 

This group is connected in series with a 3.0-/if capacitor across an 800-volt line. 
Find the PD across each capacitor. Ans. 270 volts; 530 volts 

15. Show how one might connect a group of l-/tf capacitors so as to obtain the 
following capacitances: 0.5, 1, 1.5, 2 and 2.25 /if, respectively. 

16. Three capacitors of capacitance 0.100, 0.200, and 0.500 /if, respectively, are 

connected in parallel and the group then connected in series with another group of 
0.100, 0.200, and 0.500 /if, respectively, connected in scries. Calculate the total 
capacitance. Ans. 54.7 m/if 

17. Six 1.00-/if capacitors are so arranged that their joint capacitance is 0.750 /if. 
If a PD of 600 volts is applied to the combination, what charge will appear on each 
capacitor? 

18. A capacitor of capacitance 3.00 /if is charged to a potential of 150 volts. If 

the voltage were changed to 500 volts in 5.25 millisec, what average current would 
there be? A ns. 0.20 amp 

19. A 20-/if capacitor is to be charged from a 90-volt storr je battery. The charging 
circuit includes a rheostat of 3000 ohms resistance. What is the current (a) when the 
circuit is first closed? (A) when the charge on the capacitor is two-thirds the maximum 
value? 

20. A 5.0-/tf capacitor is charged to a potential difference of 800 volts and dis¬ 

charged through a conductor. How much energy is given to the conductor during the 
discharge? A ns. 1.6 joules 

21. A capacitor is charged during a time of 25 microseconds. During this interval 
there is an average current of 1.75 amp. The PD produced across the capacitor is 
45 volts. Calculate the energy stored in the capacitor. 

22. Three capacitors of capacitances 2.0, 3.0, and 6.0 /if, respectively, arc charged 

by a 60-volt battery. Find the energy of the stored charge when the capacitors are 
connected (n) in parallel and ( b ) in series. Ans. 0.020 joule; 0.0018 joule 

23. Three capacitors of capacitance 0.300, 0.400, and 0.600 /if, respectively, are 
connected in parallel. The group is then connected in series with another group of 
0.100. 0.200. and 0.500 /if. respectively, connected in series. A voltage of 300 volts 
is applied to the combination, (a) What is the charge on the 0.400-/if capacitor? ( b ) 
What is the energy in the 0.200-/if capacitor? 

24. Three 1.00-/tf capacitors are charged to potentials of 100, 200, and 300 volts, 
respectively. The capacitors are then connected in series and joined to a 450-volt 
battery. What is the total energy of the system before and after the series connection 
is made? How do you account for the difference? Ans. 0.0700 joule; 0.0437 joule 

25. If the capacitors in problem 24 were connected in parallel, instead of in series, 
with no battery, what would be the resultant potential? the total energy after 
connection? 

26. A 10-/tf capacitor charged to a potential difference of 1200 volts is connected 

terminal to terminal to an uncharged 20-/if capacitor. What is the resulting potential 
difference? Ans. 400 volts 

27. How can several 0.0010-/if capacitor units be connected to give a total capaci¬ 
tance of 6.7 X 10 -4 /if? 
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28. A 2.0-/if capacitor is connected in series with a resistor of 5000 ohms across a 
1500-volt line. What is the current at the instant the switch is closed? If the current 
remained at this value how long would it take to charge the capacitor fully? 

Ans. 0.30 amp; 1.0 X 10 -2 sec 

29. Two capacitors of 1.0-/if and 2.0-/if capacitance are separately charged to 
potentials of 100 volts and 200 volts, respectively. The two positive terminals and the 
two negative terminals are then connected. Find the resulting potential and the energy 
stored in the system. 

30. A 10-/if capacitor A is charged to a potential difference of 500 volts. A 15-/tf 
capacitor B is charged to a potential difference of 1000 volts. I'he positive terminal of 
A is now connected to the negative terminal of B and the negative terminal of A to 
the positive terminal of B. What is the resulting potential difference? Ans. 400 volts 

31. Two capacitors of capacitance 2.0 /if and 4.0 /if are connected in parallel and 
charged to a potential of 1200 volts. When they are discharged through a conductor, 
how much heat is developed in the conductor? 

32. A 4.0-/if capacitor is connected in series with a 2500-ohm resistor across a 
500-volt line. What is the current in the resistor at the instant («) the switch is closed? 
( b) the capacitor is half charged? (c) the capacitor is fully charged? 

Ant. 0.20 amp: 0.10 amp; zero 

33. A 0.0050-zif, 1000-volt capacitor is needed. There are available only a number 
of 0.0025-/if 500-volt units. How should they be connected to make the required 
capacitance? 


34. Two capacitors of 3.0 and 5.0 /if, respectively, are connected in series and a 
110-volt difference in potential is applied to the combination. What is the potential 
difference across the 3.0-/tf capacitor? What is the energy in the 5.0-/tf capacitor? 


Ans. 69 volts; 4.2 X 10 4 ergs 
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Alternating Currents 


The use of electric machinery makes possible the transmission of energy from 
the place at which it is easily produced to the point at which it is to be used. 
The electric energy can there be converted into any other form of energy 
that best suits the needs of the consumer. 

In the early generation of electricity the energy was consumed not far from 
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the generator, and direct-current systems were almost universally used. As 
it became desirable to transmit electric energy over greater distances, power 
losses in the lines became excessive and in order to reduce these losses a-c 
systems were set up. At the present time a-c systems are used almost ex¬ 
clusively in power lines. Where the application requires that direct current 
be employed, a local rectifying system or motor-generator set is installed. 

Radio and a host of modern electronic devices are fundamentally applica¬ 
tions of high-frequency a-c principles. Most of the laws of a-c circuits are like 
those for d-c circuits but there are many significant differences. Some of these 
differences become highly pronounced in the region of ultrahigh frequencies, 
such as those used in radar devices. 



Nomenclature in A-c Circuits. In Chap. 38, the form of voltage curve 
generated in an ideal alternator was described. The instantaneous values of 
the voltage e are related to the maximum values e m as shown by curve a of 
Fig. 1 and given by the equation 

e = e m sin 0 (1) 

where 0 is the angle between the given position of the coil and its position 
when the generated cmf is zero. The instantaneous values of the current in 
an a-c circuit similarly may follow a sine curve, as shown by curve l> of Fig. 1, 
so that the instantaneous current i in terms of the maximum current i m is 
given by 

i = i m sin 0 (2) 

Example: The voltage in an a-c circuit varies harmonically with time with a 
maximum of 170 volts. What is the instantaneous voltage when it has reached 45° in 
its cycle? 


e = e m sin 0 = 170 volts X 0.71 = 120 volts 
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In the common 60-cycle a-c circuit, there are 60 complete cycles each 
second, that is, the time interval of 1 cycle is %o scc - should be noted that 
this corresponds to a reversal of the direction of the current every H 20 sec 

(since the direction reverses twice during each cycle). 

The common frequencies for commercial power circuits in the United 
States are 25 to 60 cycles per second. Radiobroadcast frequencies are of the 
order of one million cycles per second. A few modern ultra high-frequency 
devices use frequencies of the order of 3 X 10 10 cycles per second. 

Effective Values of Current and Voltage. Suppose that in a rheostat 
of resistance R there is an alternating current whose maximum value is 1.0 
amp. Certainly the rate at which heat is developed in the resistor is not so 
great as if a steady direct current of 1.0 amp were maintained in it. 

Remembering that the rate at which heat is developed by a current is 
proportional to the square of its value ( P = PR), one can sec that the average 
rate of production of heat by a varying current is proportional to the average 
value of the square of the current. The square root of this quantity is called the 
effective , or root-mcan-squarc (mis), current. The effective value of a current 
is equal to the magnitude of a steady direct current that would produce the 
same heating effect. The value ordinarily given for an alternating current is 
its effective, or rms, value. 

For a current that varies sinusoidally with time, the effective value / is 
•y/2/2 times its maximum value t„„ that is, I = 0.707i m . Similarly, since the 
effective value E of an alternating voltage is defined as its rms value, 

E = 0J07e m 

(if the voltage varies sinusoidally). 

Example: What is the maximum value of a 6.0-amp alternating current? 

I = 0.707u = 6.0 amp 

so that 

6.0 o c 

I... = Q 7 Q 7 amp = 8.5 amp 

It is standard practice to use capital letters, such as I and V, for effective 
values in a-c circuits with the lower-case letters, such as i and v , being used 
to indicate instantaneous values. Unless otherwise clearly stated, effective 
values are understood when a-c quantities are mentioned. For example, a 
“voltage of 25 volts” refers to an effective value of 25 volts. These are the 
values indicated by ordinary meters. 

Phase Relations of Current and Voltage in A-c Circuits. In an a-c 

circuit containing only pure resistance (that is. no inductance or capacitance) 
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the instantaneous values of current and voltage arc always in phase. This 
means that they both are zero at the same instant, both pass through their 
maximum values at the same instant and always have similar time relation- 

4 

ships. This is illustrated in Fig. 1 and is as demanded by Eqs. (1) and (2). 



Fig. 2. Curves showing the current lagging the voltage by 90° in a circuit having only 
pure inductance. 


In an inductive circuit the current lags behind the voltage, that is, the 
current does not reach its maximum value until some time after the voltage 
is a maximum. In a circuit containing only a pure inductance (that is, no 
resistance or capacitance) the angle of lag of current behind voltage is 90°, 1 
as shown in Fig. 2. In general, however, circuits contain both inductance and 



Flo. 3. Curves showing the current lagging the voltage by 30° in a circuit having both 
resistance and inductance. 


resistance. In such cases the angle of lag is less than 90°. In other words the 
phase angle for circuits containing resistance and inductance may vary from 
h for a circuit with resistance only to 90° for a circuit with inductance only. 
An example of an angle of lag of 30° is shown in Fig. 3. 

In circuits in which capacitance predominates the current leads the voltage, 
'Derived in Appendix III. 
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that is, the current is always ahead of the voltage in phase. This phase angle 
may vary from 90° for a pure capacitance 1 (no resistance or inductance) to 
0° for a circuit containing resistance only. 

The most general case is for circuits containing resistance, inductance, and 
capacitance. These may be present in all proportions so that the current may 
either lag or lead the voltage by 90° or less. This is expressed by the equation 

i = im sin (0 — <)>) (3) 

The phase angle <f> is considered positive when the current lags the voltage 
and negative when the current leads the voltage; hence the sign of <f> must 
always be introduced properly in Eq. (3). 

Example: In an a-c circuit with capacitance predominating, the current leads 
the voltage by 30°. The effective value of the current is 100 amp. What is the instan¬ 
taneous current when the voltage passes through its zero value? 

I = 0.707 i m = 100 amp 
im = 141 amp 
i = t m (sin 0—0) 

= 141 amp X sin [0° — ( — 30°)] = 70.5 amp 

Inductive Reactance. Whenever there is inductance in a circuit, an 
induced emf is set up as the current changes. This emf is proportional to the 
rate of change of the current [Eq. (7), Chap. 37] 



Since the rate of change of current with time is 90° behind the current in 
phase, it follows that the voltage which must be applied to “overcome” this 
induced emf is 90° ahead of the current. 

The ratio of the effective value of the induced voltage Vi to the effective 
value of the current is called the inductive reactance Xt, 



The value of Xi. is given by 1 

X L = 2t tJL (4) 

where/ is the frequency of the alternating current and L is the self-inductance 
of the circuit. Reactance is expressed in ohms when/ is in cycles per second 
and L is in henrys. 

The portion of the applied voltage which must be used because of this 
1 Derived in Appendix III. 
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induced emf is called the reactance drop. It is equal to the product of the current 
and the inductive reactance and may be written as 



In our discussion of a-c circuits we shall discuss series circuits only. In 

* 

such circuits the current is the same in all parts. Therefore we refer phases 
to the common current phase. Thus the various voltages are ahead or behind 
the current in phase. 

The voltage and phase relations in a circuit con¬ 
taining a pure resistor and a pure inductor in scries 
are shown in Fig. 4. Such a figure is known as a 
phase diagram. The resistance drop ( IR ) is in phase 
with the current and is laid off' along the positive 
direction of the .Y-axis. The reactance drop (/A’*.) 
leads the current by 90° and is laid off along the 
2^-axis. The impressed voltage V is the vector sum of 
IR and lXi,. The angle is the phase angle. 

Impedance. The joint effect of resistance and 
reactance in an a-c circuit is known as impedance; it 
is designated by the symbol £. Impedance is defined 
as the ratio of the effective voltage to the effective current. The defining 
equation is 

Z = 7 ( 5 ) 



Vr~-TR 

Fig. 4. The reactance 
and resistance compo¬ 
nents of the applied volt¬ 
age in an inductive 
circuit. 


Impedance is measured in ohms, when I’ is in volts and / in amperes. From 
Fig. 4 it is clear that 

Z l = R- + Xir (6) 


I he current in an a-c circuit containing resistance and inductance is given by 


V V 

l 'y/R* + AY 2 



An application of this equation offers a very direct method for measuring 
Xc and hence L by Eq. (4). The current in an inductive circuit is measured 
when a known voltage is impressed. The resistance R is easily measured and, 
if the frequency is known, every factor in Eqs. (4) and (7) is known except I.. 

Example: In an inductive circuit a coil having a resistance of 10 ohms and an 
inductance of 2.0 henrys is connected to a 120-volt, 60-cycle a-c source. What is the 
current? 
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R = 10 ohms; L = 2.0 henrys; V = 120 volts 



= R* + Xv 1 = 10 2 + (2t X 60 X 2.0) 2 
= 760 ohms 


V 120 volts 
Z 760 ohms 


0.16 amp 


The conventional wiring diagram for a circuit of the type illustrated by 
the example above is shown in Fig. 5. The resistance portion is shown dia- 

grammatically as physically separated 
from the inductor; in practice this is 
rarely the case. The phase diagram for 
a circuit of this type is illustrated by 
Fig. 4. 

Capacitive Reactance. When a 
d-c voltage is impressed across the 
plates of a capacitor, there is an initial 
rush of charge which quickly charges 
the capacitor to the applied potential, 
after which there is no further current. 
But with an a-c source, charges continually flow into and then out of the 
plates as the voltage alternately rises and falls. Hence an a-c ammeter in the 
circuit will show a continuous reading. The charge and discharge are associ¬ 
ated with a capacitive drop in potential that is 90° behind the current in phase. 
The capacitive reactance X c is the ratio of the effective value of the capacitive 
drop in potential Vc to the effective value of the current 



Fic. 5. Circuit containing resistance 
and inductance. 



V c 

I 


The value of Xc may be obtained from 

( 8 ) 

The reactance Xc is in ohms when C is in farads. 

The impedance of a circuit containing resistance and capacitive reactance 
is given by the equation 

= R- + X’.<? ( 9 ) 

The current in a circuit containing resistance and capacitive reactance is 
expressed by the equation 

/ = r = -- 

Z y/ R - + w 



(10) 
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The conventional wiring diagram for a circuit containing a resistor and a 
capacitor in series is illustrated in Fig. 6. The corresponding phase diagram 
is shown in Fig. 7. In actual practice a good-quality capacitor connected 
directly to an a-c power source gives a phase angle vcr\ close to 90 . How 
ever, in many capacitors there are appreciable power losses due to poor in¬ 
sulation, dielectric absorption, etc. In such cases an equivalent resistance of 

the capacitor may be defined from 

_ P 

/?e«|Uiv. »•» 


where P is the power loss and / is the current 


in the capacitor circuit. 



Fic. 6. Circuit containing re¬ 
sistor and capacitor in series. 


V r -IR j 



Fig. 7. Phase diagram for 
circuit containing resistor and 
capacitor in series. 


Example: In the circuit of Fig. 
volts, and R = 25 ohms. What is 


6, the values arc as follows: C = 30 n<, F = 120 
the current? What is the phase angle? 


Z 

I 


1_!_- = 88 ohms 

2 irfC 2n X 60 X 30 X 10“ 

+ X? = \/25 2 + 88* = 91 ohms 


V 120 volts 
£ = 91 ohms 

— Xc 

arc tan ^ 


1.3 amp 


arc tan 


— 88 ohms 
25 ohms 


-74.2° 


Scries Circuits Containing Resistance, Inductance, and Capacitance. 
Wc will first consider an ideal case of a series circuit (Fig. 8) containing pure 
resistance (without inductive or capacitive effects), pure inductance (with¬ 
out resistance or capacitive effects), and pure capacitance (without resistance 
or inductive effects). The voltages in this circuit are shown in the “clock'’ 
diagram of Fig. 9 In Fig. 9a, the voltage V H across the resistor is laid off in 
phase with the current. The voltage V L across the inductive coil is 90° ahead 
of the current. The voltage Vc across the capacitor lags the current by 90°. 
Hence the net reactive voltage is V,. - V c and is designated V x in Fig. 9b. 
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From 

Vx = IX = IX L - IXc = I(X L - X c ) 

it follows that the net reactance X of the series circuit is X = Xl — Xc • The 
impedence Z ls gi ven by 

z = V'* 2 + * 2 = V-R 2 + (^L - JTc) 2 

+ (lirfL 




We may now write what is one of the most useful equations in a-c circuits 

0 o_j in the following expression for the 

current in a series circuit containing 
resistance, inductance, and capaci- 


V r -IR 


v L =/x L V c =/X c 


‘—^\A/vVVv— lOOOOOQOy —ll* 


tance, namely, 


R L C 

Fig. 8. A series circuit containing pure 
resistance, pure inductance, and pure 
capacitance. 




The ideal case represented by Fig. 8 never exists in practice. The resistor 
usually contains more or less inductance; the reactor necessarily includes 
some resistance; the capacitor may have sufficient losses to offer appreciable 
equivalent resistance. However, the phase diagram of the voltages in such a 



Fio. 9. Phase relations of voltages in a scries circuit having resistance, inductance, and 
capacitance. In this circuit the inductive reactance is shown predominant over the capaci¬ 
tive reactance. 


circuit may be reduced to one like that in Fig. 9, where in this case V R repre¬ 
sents the voltage across all the resistance in the circuit, V L the total inductive 
voltage of the circuit, and V c the total capacitive voltage. As before, Vx 
represents the net reactive voltage and V the voltage of the entire circuit. 

The Choke Coil. A coil made up of a large number of turns of heavy 
copper wire has little resistance in a d-c circuit, but, because of its high 
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inductance, it offers a large impedance in an a-c circuit. By fitting the coil 
with a variable iron core, the impedance may easily be varied within wide 
limits. Such a device is useful for many purposes instead of a rheostat, such 
as for dimming lights, and possesses the important advantage over a rheostat 
in that the PR heating loss is much less. In other words, the coil acts as a 
“choke” without requiring a large expenditure of energy in the form of heat, 
as is the case of an ordinary resistor. 

Power in A-c Circuits. In d-c circuits the power is given by P = VI. In 
such circuits both the current and voltage are assumed to be steady and in 
phase. In a-c circuits this is not the case. During half of the cycle, energy is 
supplied to the reactive component of the circuit, but this energy is returned 
to the source during the other half of the cycle. Hence no power is required 
to maintain the current in the part of the circuit which is purely reactive. 
All the power is used in the resistance portion of the circuit. From Fig. 9b, 
P = IV R . But Vr = V cos 0 and therefore 


P = VI cos 0 



where P is the average power in watts when V is the effective value of the 
voltage and I is the effective value of the current. The angle 0 is the angle of 
lag of the current behind the voltage. The quantity cos 0 is called the power 
factor of the circuit. Note that the power factor can vary anywhere from zero 
for a purely reactive circuit to unity for a pure resistance. From the deriva¬ 
tion of Eq. (11) and Fig. 9b, it may be seen that the phase angle 0 is defined 
by the equation 


cos 0 = 



(H) 


Example: (a) Find the current in a circuit consisting of a coil and capacitor in 
series, if the applied voltage is 110 volts, 60 cycles/sec; the inductance of the coil is 
0.80 henry; the resistance of the coil is 50.0 ohms; and the capacitance of the capacitor 
is 8.0 /i(. ( b ) Find the power used in the circuit. 


/ = | -? = V'/? 2 + ~(Xl - Xcp 

R = 50 ohms Xt. = ItcJL = 2tt( 60)(0.80) = 300 ohms 

<c = 2rrjC = 27r(60)(8.0) (10~®) ohms = 330 ohms 
Z = \/(50)* + (300 - 330)* ohms = \A0* + 1^30)* ohms = 58 ohms 


V 110 volts 

1 = ? = S ohms = 19 a, "P 
It 50 ohms 

cos 0 = y = ==—j,— = 0.86 
Z ohms 

P = VI cos 0 = 110 volts X 1.9 amp X 0.86 = 180 watts 
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Note also that 

P — PR — (1.9 amp) 2 X 50 ohms = 180 watts 

There are power losses in inductors other than the usual I 2 R copper losses. 
Such losses are due to eddy currents and hysteresis in the core of the inductor, 
especially if the coil is wound on an iron core. Hence the equivalent resistance 
of such a coil is considerably larger than the ordinary (“ohmic”) resistance 
as measured by the use of direct current. The equivalent resistance of an 
inductor may be obtained (as was the case for the capacitor) from the relation 



P_ 

P 


where P is the power loss and I is the current in the coil. 

Electric Oscillations. In the study of mechanical vibration (Chap. 13), 

it was found that oscillations can be set up in a 
body if certain conditions are present. The 
body must have inertia, a distortion must pro¬ 
duce a restoring force, and the friction must 

not be too great. A massive object suspended 

I ic. 10. Circuit for produc- j n a j r ^ a S p r i n g meets these conditions, 
tion of electric osculations. .... . 

In an electric circuit, analogous conditions 
are necessary for electric oscillations. Just as inertia opposes change in 
mechanical motion, inductance opposes change in the flow of electrons. The 
building up of charge on the plates of a capacitor causes a restoring force 
on the electrons in the circuit. Resistance causes electric energy to be 
changed into heat, just as friction changes mechanical energy to heat. To 
produce electric oscillations, it is necessary to have inductance, capacitance, 
and not too much resistance. As the frequency of mechanical vibrations 
depends upon the inertia (mass) and the restoring force (force constant), so 
the frequency of electric oscillations depends upon inductance and 
capacitance. 

In the circuit of Fig. 10 a capacitor of capacitance C and a coil of in¬ 
ductance L are connected in series with a sphere gap G. The sphere gap has 
a high resistance until a spark jumps across but low resistance after it jumps. 
If the voltage across G is gradually increased, the charge on the capacitor 
will increase. When the voltage across G becomes high enough, a spark will 
jump and the capacitor will then discharge. The current does not stop when 
the capacitor is completely discharged but continues, charging the capacitor 
in the opposite direction. It then discharges again, the current reversing in 
the circuit. The current oscillates until all the energy stored in the capacitor 
has been converted into heat by the resistance of the circuit. 

The frequency / of the oscillation is determined by the values of L and C 
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and is the frequency for which the impedance of the circuit is the least, that 
is, the frequency for which the reactance is zero. From 


it follows that 




where L is the inductance in henrys and C. is the capacitance in farads. 

Resonance. If an alternating voltage is applied to a series circuit in 
which there is both capacitance and inductance, an oscillation is set up the 
amplitude of which depends upon the frequency. If the frequency of the 
impressed voltage is the same as the natural frequency of the circuit, the 
current will be much larger than for other frequencies. The circuit is then 
said to be in resonance. Figure 11 shows how the 
current varies with the frequency in such a 
circuit if the resistance is small (solid curve). If 
the resistance is increased, the current values 
arc decreased (dotted curve). For a very small 
range of frequencies, the current is rather 
large, but outside this region the current is 
small. This response over a very limited range 
of frequencies makes possible the tuning of a 
radio circuit. The incoming wave produces in 
the receiver a voltage that varies with a fixed 

frequency, and the circuit is tuned so that its natural frequency is the same 
as that of the incoming wave. The tuning is usually done by adjusting the 
value of the capacitance. 

It may be noted from Eq. (12) that for resonance when A’/ = Xc 



Fic. 11. Resonance in a series 
circuit. 



V 

R 


just as if the circuit contained only resistance, with no inductance or capaci¬ 
tance present. 

In a series circuit at resonance the voltage across the inductor and that of 
the capacitor may each be very large, with only a moderate applied voltage. 


SUMMARY 

Alternating currents are used very much more than direct currents because 
of the economy of transmission made possible by the ease with which a-c 
voltages may be stepped up or stepped down. 
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Common commercial frequencies of a-c systems in the United States are 
25 to 60 cycles per second. Radio frequencies are around 1 megacycle per 
second and ultrahigh frequencies are of the order of 3 X 10 10 cycles per 
second. 

The effective or rms value of a sinusoidal current is 

/ = 0.707 X i m 


In a-c circuits the current and voltage are: 

1. In phase for noninductive resistors, 

2. 90° out of phase for pure inductances or pure capacitances. 

The current lags the voltage in inductive circuits by angles ranging from zero 
to 90°, depending upon the relative values of the resistance and inductance. 

The current leads the voltage in capacitive circuits by angles ranging from zero 
to 90°, depending upon the relative values of the resistance and capacitance. 

In circuits containing resistance, inductance, and capacitance, the in¬ 
stantaneous current is given by 

i = *' m sin (0 — <fi) 


Inductive reactance is defined by the ratio 

v V L 

-V /. — —r- 


X L = 2irfL 


Impedance is defined by the ratio 



< - V * 2 + x- 


Capacilive reactance is defined by the ratio 




1 

2t rjC 


The equivalent resistance due to losses in a capacitor or inductor is given by 


R 


cquiY. 


P 

/* 


The impedance of a scries circuit containing R, L, and C is given by 
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The power in an a-c circuit is 

P = VI cos <f> 

Power factor is the cosine of the angle by which the current is out of phase 
with the voltage, cos <£ = R/Z 

When Xl = Xc, the circuit is said to be in electrical resonance , and the current 
is a maximum for a given voltage and resistance. 

The frequency of the oscillations in a resonant circuit is determined by L 
and C 

1 


/ = 


2ir y/LC 


QUESTIONS 

1. Prove by means of vectors the statement t = e m sin 6 , which holds for the ideal 
generator. Justify the reasoning. 

2. Sketch and describe an analogy between an a-c generator and circuit and a 
hydraulic “circuit.” 

3. What is the average value of an alternating current of 10 amp for one complete 
cycle? 

4. In some a-c ammeters the deflections are nearly proportional to the square 
of the current. What are some of the desirable and undesirable features of such instru¬ 
ment scales? Plot a curve to show the deflection vs. current relations in such an 
instrument. 

5. In considering the voltage in an a-c circuit required to puncture a capacitor, 
should one be concerned with the effective, maximum, or average values? Explain. 

6. An air-cored solenoid is connected to an a-c source. Then an iron core is 
brought from a distance and inserted into the solenoid. Plot a curve to show the varia¬ 
tion of the angle of phase lag as a function of the distance from the center of the 
solenoid to the iron core. 

7. A long section of wire is available. Compare the inductive reactance of the 
wire under the following conditions: (a) long, straight wire, (/>) wire doubled back 
U|x>n itself at the center, (c) wire wound as a long solenoid of small radius, (d) wire- 
wound as a short coil of large radius, and (/) iron core inserted in coil ( d). 

8 . Compare the equivalent resistance (due to iron losses) of a reactor in a 60- 
cyclc and a 500-cycle circuit. 

9. A circuit contains a fixed resistor in series with a variable capacitor. Plot a 
curve to show the variation of the impedance as the capacitance is varied from zero 
to an infinitely large value. 

10. Describe the differences Ijclwccn the currents that exist in the wires leading to 
a capacitor when these wires are connected to (a) a d-c source and (/>) an a-c source. 

11. An air-cored solenoid of negligible resistance is connected to an a-c generator 
having a constant emf but whose frequency can be varied. Plot a curve of current 
as a function of frequency for this case. Plot a similar curve for the case in which 
the generator is connected to a good-quality capacitor. 
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12. How would one expect the equivalent resistance of a 500-volt, l-/zf mica 
capacitor to compare with a 500-volt, l-/if paper capacitor? 

13. A noninductivc resistor, an iron-cored solenoid, and a good quality capacitor 
are in scries in an a-c circuit. The current in the circuit and the voltage across each 
part are measured by a-c meters. The applied voltage is then raised and the readings 
repeated. The process is continued for several increasing voltages. Explain what 
values would be expected for the V/I ratios for each part of the circuit. 

14. A choke coil placed in series with an electric lamp in an a-c circuit causes the 
lamp to become dimmed. Why is this? A variable capacitor added in series in this 
circuit may be adjusted until the lamp glows with normal brilliance. Explain why 
this is possible. 

15. Compare the power in watts with the apparent power in volt-amperes for the 
following apparatus in an a-c circuit: ( 0 ) electric lamp, ( b ) choke coil, and (c) 
capacitor. 

16. Show clearly how it is much more nearly possible to have “wattless” current 
in a-c capacitor circuits than it is in a-c circuits containing choke coils. 

17. Explain clearly how an a-c wattmeter is designed to indicate the true power 
and not merely the volt-amperes. 

18. It is desired to measure the power factor in an a-c circuit, but no power- 
factor meter is available. A supply of various other meters is at hand. Explain how 
one might make the desired measurement. 

19. Show why the kilovolt-ampere rating of a generator is more significant than 
the power rating in expressing the characteristics of the dynamo. When are these 
ratings identical? 

20. A resistor, capacitor, and inductor are connected in scries to a 120-volt a-c 
generator. Sketch a curve to show how the current in the circuit varies with the 
frequency of the generator, the voltage being kept constant. 


PROBLEMS 

In each of the following problems in which it is appropriate draw a phase diagram, 
roughly to scale, to represent the voltages involved. 

1. A capacitor has a maximum rating of 550 (peak) volts. What is the highest 
a-c voltage (effective) across which it can safely be connected? 

2. A 60-cycle a-c circuit has a voltage of 120 volts and a current of 6.00 amp 
(effective values), (a) What are the maximum values of these quantities? ( b ) What is 
the instantaneous value of the voltage '730 sec after the voltage has zero value? 

Ans. 170 volts; 8.50 amp; 85.0 volts 

3. A capacitor is frequently placed across a 110-volt line to reduce the noise in 
radios. W hat is the smallest voltage rating such a capacitor should have? 

4. An alternating emf has an effective value of 125 volts. What is the instantaneous 

value at the instant when 6 is 75°? Ans. 170 volts 

5. IVo generators are connected in series. One develops an emf of 225 volts, 
the other an emf of 120 volts. If the first generator is 90° in phase ahead of the second, 
what is the emf of the two generators in series? 
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6 . A solenoid has an emf of 43.8 volts induced when the current is changed by 

12.5 amp in 0.100 sec. What is the inductive reactance of this solenoid in a 60-cycle 
circuit? Ans. 132 ohms 

7. A variable inductor of negligible resistance is placed across an a-c source 
whose effective voltage remains constant. I he current in the inductor is 12 ma. If the 
value of the inductance is doubled and the frequency is made four times as large, 
what will be the new current? 

8 . A coil connected to 120-volt d-c mains takes a power of 432 watts. When this 

coil is connected to a-c mains of the same voltage, a current of 2.5 amp and a power 
of 281 watts are observed. What are the actual and equivalent resistances of this 
coil? Ans. 33 ohms; 45 ohms 

9. What is the impedance of a circuit in which there is a 60-ohm rheostat in 

series with a coil of inductive reactance 50 ohms? 

10. A choke coil has a resistance of 4.00 ohms and a self-inductance of 2390 a* h. 

It is connected to a source of 500-cycle, 110-volt alternating emf. Calculate the 

reactance, impedance, and current of the circuit. 

Ans. 7.50 ohms; 8.50 ohms; 12.9 amp 

11. What is the reactance of a 0.60-henry coil on a 60-cycle line? W hat is the 
current if the applied voltage is 110 volts and the coil resistance is 100 ohms? 

12. A coil has an inductance of 478 uh. (*) What is its reactance in a 1000-cycle 

a-c circuit? ( b ) If connected in series with a resistor of 4.00 ohms, what current would 
there be in a 1000-cycle, 110-volt line? Ans. 3.00 ohms; 22.0 amp 

13. A coil which takes 10 amp from a 20-volt d-c circuit takes 3.0 amp from a 
120-volt, 60-cycle line. What is the resistance, inductive reactance, and inductance 
of the coil? 

14. A coil of wire has a resistance of 30 ohms and an inductance of 0.10 henry. 

(a) What is its inductive reactance A'/, in a 60-cycle circuit? (/') its impedance 

(c) What current will there lx* if the coil is connected to a d-c source of 120 volts? 

(.d) to a 60-cyclc a-c source of 120 volts? 

Ans. 38 ohms; 48 ohms; 4.0 amp; 2.5 amp 

15. A capacitor has a reactance of 200 ohms at 60 cycles sec. \\ hat is its reactance 
at 180 cyclcs/sec? 

16. What is the reactance of a 2.00-/if capacitor on a \ 10-volt, 60-cycle line? 

What is the current? /I ns. 1320 ohms; 0.0833 amp 

17. A variable capacitor of negligible resistance is placed across an a-c source 
whose effective voltage remains constant. The current in the capacitor is 12 ma. If 
the capacitance is doubled and the frequency is made three times as large, what will 
be the new current? 

18. (a) What is the reactance of a 3.00-/if capacitor in a 60.0-cycle a-c circuit? 

(b) What is the impedance of this capacitor in series with a resistance of 300 ohms? 

(f) What current would there be if this capacitor and resistor were connected to a 
1200-volt line? Ans. 88.3 ohms; 933 ohms; 1.29 amp 

19. A 125-/if capacitor has an equivalent resistance of 4.2 ohms in a 60-cycle 
circuit. What current does this capacitor take when a 120-volt PI) is applied? What 
is the power loss? 
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20. A pure inductor and a pure resistor are connected in series in an a-c cir¬ 
cuit. A voltmeter reads 30 volts when connected across the inductor and 40 volts 
when connected across the resistor. What will it read when connected across both? 

Ans. 50 volts 

21. A 20.0-ohm resistor and a coil having a resistance of 12.5 ohms and an induct¬ 
ance of 0.250 henry are connected in series. What is the voltage across each when 
there is a 60-cycle, 240-volt PD impressed? 

22. A 120-ohm rheostat and a good-quality 15.2-/xf capacitor are connected in 
series and joined to a 60-cycle, 600-volt line. What is the voltage across each? 

Ans. 341 volts; 495 volts 

23. A 25.0-/if capacitor having an equivalent resistance of 3.00 ohms is connected 
in series with a 50.0-ohm resistor. When a 500-cycle, 300-volt PD is impressed on the 
circuit, what is the voltage across the capacitor? across the resistor? 

24. A resistor of 4.00 ohms, an inductive coil of negligible resistance and induct¬ 

ance 2.39 mh, and a good-quality 3.00-juf capacitor are connected in series to a source 
of 500-cycle, 110-volt alternating emf. Calculate the reactance of each part of the 
circuit and the current in the line. Ans. 7.50 ohms; 106 ohms; 1.12 amp 

25. Circuit elements having pure resistance, inductance, and capacitance are 
connected in scries to an a-c source. A voltmeter reads 40 volts when connected 
across the resistor, 50 volts across the inductor, and 20 volts across the capacitor. 
What should the voltmeter read when connected across all three at once? 

26. A choke coil takes a current of 5.00 amp from a 120-volt a-c source. A watt¬ 

meter connected to the coil reads 450 watts. What is the (a) apparent power, (A) 
real power, and (c) power factor? Ans. 600 volt-amp; 450 watts; 0.75 

27. A fluorescent lamp unit connected to a 110-volt a-c line takes 1.20 amp and 
requires 110 watts power. What is the power factor? 

28. A coil is connected across 220-volt, 60-cycle mains. The current in the coil 

is 4.0 amp and the power delivered is 624 watts. Find the resistance and the induct¬ 
ance of the coil. Ans. 39 ohms; 0.10 henry 

29. A coil takes 3.0 amp and 108 watts from a 120-volt, 60-cycle line. What is its 
resistance and inductance? 

30. A 250-/if capacitor has an equivalent resistance of 12.5 ohms. What power 
docs it take from a 60-cyclc, 120-volt line? What is the power factor? 

Ans. 670 watts; 0.76 

31. A lamp bank operates at a current of 12 amp and a voltage of 120 volts. What 
power is taken from (a) d-c mains and (6) a-c mains? 

32. A 0.10-henry coil (resistance, 100 ohms) and a 10-/if capacitor are connected 
in series across a 110-volt a-c line. Find the current and the power if the frequency 
is (a) 60 cycles/sec and (6) 25 cycles/sec. 

Ans. 0.44 amp; 20 watts; 0.18 amp; 3.2 watts 

33. A rheostat and a choke coil are connected in series and joined to a 60-cycle, 
70.0-volt line. The voltage across the rheostat is 25.0 volts and that across the coil 
is 60.0 volts. Calculate the power factor of the circuit. 

34. There is a current of 0.600 amp in a 60-cycle a-c circuit, which consists of a 
40.0-ohm lamp, a choke coil of 50.0 ohms resistance, and a capacitor having a negli- 
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gible resistance, connected in series. The voltage across the coil is 50.0 volts and that 
across the capacitor is 170 volts. Find the total voltage of the circuit, the power, and 
the power factor. Arts. 141 volts; 32.4 watts; 0.383 

35. A 40.0-volt, 500-cycle a-c source is connected to a series circuit containing a 
5.00-ohm resistor, a capacitive reactance of 4.00 ohms, and a coil which has a resist¬ 
ance of 1.25 ohms and 12.0 ohms inductive reactance. Calculate the power and the 
power factor. 

36. A capacitor and a coil arc connected in series across a 520-volt, 60-cycle line. 
The capacitor has a capacitive reactance of 240 ohms. The coil has a resistance of 
60.0 ohms and an inductive reactance of 320 ohms. Find (a) the current in the circuit, 
( b ) the power factor, (c) the power delivered, and (d) the capacitance of the capacitor. 
Is the current lagging or leading? Arts. 5.20 amp; 0.600; 1620 watts; 11.1 /if 

37. A 10.0-ohm resistor and a 0.20-henry inductor are connected in series with a 
capacitor across a 60-cycle main. A voltmeter, an ammeter, and a wattmeter are 
connected in the circuit. The voltmeter reads 110 volts, the ammeter 5.0 amp, and 
the wattmeter 250 watts. What is the capacitance of the capacitor? Assume the cur¬ 
rent is ahead of the voltage in phase. 

38. Given a 60-cyclc sinusoidal emf of 142 volts (maximum) applied to a circuit 
having an inductance of 1.0 henry, a capacitance of 0.50 /if, and a resistance of 200 
ohms, calculate (a) the effective voltage, ( b ) the impedance, (r) the effective current, 
and ( d ) the power factor. Is the current leading or lagging? 

Arts. 100 volts; 4900 ohms; 20 ma; 0.041 

39. A noninductivc resistor of 20 ohms, a coil of inductance 60 mh, and a 105-/if 
capacitor arc connected in scries across 110-volt, 60-cycle mains. Find the current, 
the power delivered, the power factor, and the potential difference between the 
terminals of each of the three members. 

40. A capacitor and coil are connected in series across a 390-volt, 60-cycle a-c 

line. The capacitor has a capacitive reactance of 480 ohms. The coil has a resistance 
of 50.0 ohins and an inductive reactance of 360 ohms. Find («) the current in the 
circuit, ( b ) the power factor, and (c) the power delivered. Is the current lagging or 
leading? Arts. 3.00 amp; 0.384; 450 watts 

41. A 10.0-ohin resistor, a 10-inh inductor, and a 250-/if capacitor .ire connected 
in series across a 110-volt a-c line. For what frequency will the current be greatest? 
What is the value of that current? 

42. A coil of inductance 80 mh, < 7.0-ohm resistor, and a 25-/uf capacitor are con¬ 

nected in series across 110-volt a-c supply mains of variable frequency. For what 
frequency is the current a maximum? What is that maximum value? When the cur¬ 
rent has this value what is the voltage across the inductor? across the resistor? across 
the capacitor? Arts. 113 cycles/sec; 16 amp; 890 volts; 110 volts; 890 volts 

43. An alternating voltage of 115 volts and frequency 60 cycles/sec is impressed 
upon a circuit consisting of an electric lamp of 12 ohms resistance, a pure inductance 
of 2.50 henrys, and a pure capacitance, all connected in series. What must lx* the 
value of the capacitance for the circuit to lx* in resonance? What is the value of the 
current under these circumstances? 
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Conduction in Gases; Electronics 


In the modern development of physics one of the important ideas is that of 
the electron. The existence of an elementary quantity of electricity was sug¬ 
gested by the experiments on electrolysis conducted by Faraday, which 
indicated that each ion taking part in electrolysis has a fixed charge, the 
smallest being that on the monovalent ion. Stoney (1874) attempted to 
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determine the magnitude of this charge by using the measured mass of silver 
deposited by a coulomb and Avogadro’s number jV, the number of atoms 
in a gram atom. From these data he computed the charge per atom. To 
this unit of charge he gave the name “electron.” The value obtained by 
Stoney was inaccurate because his value of N was in error. 

In 1870, Sir William Crookes discovered the phenomenon of cathode rays 
and later (1879) suggested that the rays consist of streams of negatively 
charged particles. J. J. Thomson confirmed this hypothesis, showed that all 
these particles are alike, and named the particles electrons. 

The subject of electronics properly includes all phenomena in which elec¬ 
trons arc involved, even though the term is often restricted to the much 
smaller branch of physics and engineering dealing with vacuum tubes and 
vacuum-tube circuits. In our discussion we shall adopt the broader definition 
of the field. 

Conduction of Electricity in Solids and in Liquids. In Chaps. 29 and 
34 conduction of electricity in solids and in liquids was discussed. There it 
was stated that solid conduction consists of the drift of electrons that have 
been temporarily detached from the parent atoms. On the other hand, con¬ 
duction in liquid electrolytes is ionic in nature. Ions, produced by dissocia¬ 
tion of molecules, drift through the solution when a potential difference is 
maintained. Whereas in solid conduction a single kind of charged particle, 
the negative electron, moves in the process, in electrolytic conduction both 
positively and negatively charged particles take part in the motion, the 
positives moving in one direction while the negatives move in the opposite. 
Moreover, the particles moving in electrolytic conduction are of atomic or 
molecular mass, consisting of charged atoms or groups of atoms, while in 
solids the moving particles have the mass of the electron, much smaller than 
that of the smallest atom. 

Conduction of Electricity in Gases at Atmospheric Pressure. A third 
type of conduction occurs in gases. This type of conduction is similar to liquid 
conduction in that both positive and negative ions move in the process, but 
it differs in the very important respect that very few of the ions exist before 
the beginning of the conduction process. Most of the ions are produced as a 
result of collisions between moving particles and molecules of the gas. Also 
the ions are of both atomic and electronic nature. 

Under normal conditions a gas is a very poor conductor of electricity. 
There are very few ions present to take part in the conduction. If a low 
voltage is applied to the specimen of gas, each ion moves toward the appro¬ 
priate terminal. In this motion the ions collide frequently with molecules of 
the gas. In these collisions further ionization rarely takes place, because the 
ion colliding with a molecule seldom has enough energy to remove an electron 
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from the molecule. As the potential difference applied to the gas is increased, 
each ion will acquire more energy-, on the average, between collisions. When 
the voltage is great enough that an ion acquires between collisions sufficient 
energy- to ionize the atom or molecule that it strikes, two or more new ions 
are produced, one being the electron knocked off the atom and the other 
being the atom less its electron. Thus the number of ions builds up very 
rapidly and a disruptive discharge, or spark, occurs. This process of cumu¬ 
lative ionization is called ionization by collision. 

Ionization by collision is dependent upon the interaction of individual ions 
and atoms or molecules. Whether or not an atom is ionized will depend upon 
the energy acquired by the ion and also upon the energy necessary to ionize 
the atom struck. Thus the potential required to produce a disruptive dis¬ 
charge will depend upon the kind of gas, since the energy necessary to 
ionize the molecules varies from gas to gas. The potential V through which 
an electron must fall in order to have enough energy to ionize the atom that 
it hits is called the ionizing potential of that atom and is characteristic of the 
atom. The energy acquired is Ve , where e is the charge of the electron. 

The potential necessary to produce a disruptive discharge is also dependent 
upon the distance between the atoms or molecules, since that distance must 
be great enough that the fall in potential is equal to the ionization potential 
of the gas. That is, the potential required for the disruptive discharge depends 
upon the pressure. When the pressure is high, the ions will move only small 
distances between collisions since the molecules are close together. A very 
high potential gradient is then required to produce the discharge. The voltage 
gradient necessary to produce a spark between fairly large terminals in air 
at atmospheric pressure is about 30,000 volts per centimeter. If the pressure 
is reduced, the average distance between molecules is greater and hence, on 
the average, the ion moves farther between collisions. Hence a smaller 
potential gradient is required for the ion to acquire sufficient energy between 
collisions in order to ionize the molecule that it strikes. 

Discharge of Electricity through Gases at Low Pressure. An interest¬ 
ing experiment on phenomena of electric discharges through gases at reduced 
pressures may be performed by the use of the apparatus shown in Fig. 1. A 
glass tube about 3 ft long is connected to a vacuum pump. Cylindrical 
aluminum electrodes sealed into the ends of the tube are attached to the 
terminals of a source of high voltage, such as an induction coil. When the gas 
in the tube is at atmospheric pressure, the sparks will pass across the short 
air gap between the terminals of the induction coil. As the gas pressure in the 
tube is continuously reduced, the discharge begins to pass through the long 
tube, in preference to the shorter path between the terminals of the coil in 
air at atmospheric pressure. The gas in the tube emits light of a color charac- 
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teristic of the particular gas used. When air is used, the first discharge to 
appear consists of long sparklike streamers emitting bluish-violet light. As 
the pressure is reduced further a glow appears on the cathode, or negative 
terminal. At still lower pressure, this glow moves away from the cathode and 
a pinkish glow appears throughout most of the tube. The appearance of the 
tube at a pressure of a few tenths of a millimeter of mercury is shown sche¬ 
matically in Fig. 2. Each of the electrodes is covered by a velvety glow, 
known, respectively, as the cathode 
and anode glow. A comparatively dark 
space near the cathode is called the 
Crookes dark space. Near it is a short 
region of light known as the negative 
glow , this being followed by another 
darker portion designated the Faraday 
dark space. The major portion of the 
tube is filled with a striated series of 
bright and dark regions called the positive column. 

If the pressure of the gas in the tube is lowered below the optimum value 
for the type of discharge just described, it will be observed that the Crookes 
dark space becomes larger, finally filling the whole tube. At this stage, on the 
average, an ion traverses the whole length of the tube without colliding with 
a molecule of the gas. Consequently, there are few ions produced, and the 
discharge current decreases. The voltage required to maintain the discharge 
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Fig. 1. A low-pressure electric dis¬ 
charge tube. 
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Fio. 2. Discharge of electricity through a gas at reduced pressure. 


rises rapidly until finally, at very high vacuum, the discharge becomes nearly 
impossible. 

Cathode Rays. At intermediate pressure, about 0.001 mm of mercury, 
many of the positive ions will traverse nearly the whole length of the tube 
without collision and strike the cathode with enough energy to cause it to 
emit a considerable number of electrons. These electrons stream away from 
the negatively charged cathode in directions at right angles to the surface. 
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Such electrons are called cathode rays . Historically the study of their properties 
has yielded very rich dividends. 

Some of the properties of cathode rays can be demonstrated rather easily. 
A few of these properties are listed below. 

Cathode rays travel in straight lines perpendicular to the surface of the cathode. If 
a discharge tube contains a metal obstruction in the path of the cathode rays, 
the shadow cast by the obstruction is sharp, indicating that the rays travel 
in straight lines (Fig. 3). If the surface of the cathode is made concave, the 
rays are focused at the center of curvature of the cathode (Fig. 4), which 
shows that they travel at right angles to the surface. 



Fig. 3. Cathode rays travel in Fig. 4. Heat- 

straight lines. ing effect of 

cathode rays. 


Cathode rays have kinetic energy. When an intense beam of cathode rays is 
allowed to fall on a target, the target is heated by the impact of the rays 
(Fig. 4). Also, if the target is movable, it can be set into motion by the impact 
of the particles. 

Cathode rays can produce fluorescence. If a beam of cathode rays is allowed to 
fall on a suitable material, light is emitted while the beam continues. The 
color is characteristic of the fluorescing material. If the walls of the tube are 
ordinary soft glass, they will fluoresce with an apple-green color. Some 
materials will continue to emit light for a short time after the beam has been 
discontinued. 

Cathode rays can be deflected by a magnetic field. If cathode rays are confined 
in a small pencil and a magnet is brought near, the pencil of rays is deflected 
in the direction that moving negative charges would be deflected. 
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Cathode rays are deflected by an electrostatic field. If the narrow pencil of rays is 
passed between two plates, one of which is positive and the other negative, 
the electrons will be deflected toward the positive plate. 

Cathode rays can produce x rays. If the energy of the cathode rays is sufficiently 
high, very penetrating radiation is emitted when they strike a target. These 
penetrating rays are called x rays. Their properties will be discussed in a 
later chapter. 

Electrons. J. J. Thomson gave the name electron to the particles that make 
up the streams of cathode rays and studied their properties by use of the 
deflection in electric and magnetic fields. In Fig. 5 is shown a diagram of 
apparatus similar to that used by Thomson. The cathode rays are accelerated 
as they move toward the anode. Some of them pass through the opening in 
the anode and a narrow pencil proceeds into the region beyond the anode. 



Fig. 5. Diagram of apparatus used to measure t/m for the electron. 


There the particles pass between two plates spaced a distance s apart and 
differing in potential by V. Each particle will experience a force as it moves 
between the plates and it will be deflected downward: 



where £ is the strength of the electric field and e is the charge of the partiel 


e. 





s 

V 


— e 


s 



“ ^ * s volts and e in coulombs, we must introduce a factor of 10 7 into 
(2) so that F will be in dynes 


F = 10 7 - 

S 


(3) 


Since the force is constant, the path of the particle is here parabolic like that 
°f a projectile. 
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If in place of the electric field a magnetic field is used, directed out of the 
paper toward the reader, the particles again experience a force, this time 
perpendicular to the motion of the particles and the particles will move in a 
circular path while in the field. The force on a current is 



If in the stream of electrons there are n electrons per unit length, each moving 
with a speed v , the current is / = nev 


nHnevl 

Fl - ~lo~ 


But in the field there are nl electrons. Thus the centripetal force Fona single 
electron is F = Fi/nl and 


nHev _ mv 2 

"To fl 

= nHeR 
10m 


(4) 

(5) 


The magnetic field deflects the particles upward, while the electric field 
deflects them downward. Thus one can adjust the fields so that the resultant 
force is zero and there will be no deflection of the beam as shown by no 
change in position of the spot on the fluorescent screen. Then, from Eqs. (3) 
and (4), 

10 ^, = ^ ( 6 ) 

s 10 


When we substitute for v from Eq. (5) and assign a value y = 1, since the 
medium is a near vacuum, we obtain 



- = 10 9 
m 


He HeR 

10 10m 

V 

sH 2 R 


(7) 

( 8 ) 


Thus Thomson was able to determine the ratio of charge to mass for the 
electron and found it to be much greater than the corresponding ratio for the 
hydrogen ion. Later, more accurate measurements showed its value to be 
about 1837 times that for the hydrogen ion. The present most probable value 
of e/m for the electron is 1.759-2 X 10 8 coulombs/gm. 

Charge of the Electron. Thomson’s experiment enabled him to deter¬ 
mine e/m but not to determine independently either e or m for the electron. 
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Townsend, Thomson, and Millikan carried out experiments designed to 
measure the charge e. Townsend and Thomson worked with clouds of water 
droplets which when charged were supported by electric fields between two 
parallel horizontal plates. These experiments were not very accurate, partly 
because of evaporation of the water droplets. Millikan, in his famous oil-drop 
experiment, modified and improved the procedure, eliminating evaporation 
by the use of oil and observing individual small droplets for comparatively 
long times. His apparatus is shown schematically in Fig. 6. The size of the 
droplets could be determined from the rate of fall when the plates were 
uncharged. By adjusting the potential difference between the plates, the 


- ATOMIZER TO 

^ O SPRAY OIL DROPS 

c --£=3 LOW-POWER 
MICROSCOPE 

/ FOR OBSERVING 

PARALLEL PLATES 0 /L DROPS 

Fig. 6. Apparatus for an oil-drop experiment. Ionization between the plates is produced 
by radium or an x-ray tube not shown. 



droplet could be held stationary or caused to rise or fall in the field of view. 
When the droplet is stationary, its weight is balanced by the force of the field 

10 7 y q = mg (9) 


where V is the potential difference of the plates in volts, q (= ne) is the charge 
on the droplet in coulombs, and s is the distance between the plates. Using 
many droplets of different sizes and various charges it was found that all 
charges were whole-number multiples of a smallest charge e. Millikan found 
a value of e = 1.590 X 10“ 19 coulomb. At present the most probable value 
for e, determined by various methods, is e = 1.6020 X 10“ 19 coulomb. I he 
electronic charge e is a natural unit of electric charge. 

From the values of e and e/m, one can compute the mass of the electron 


m 



1.6020 X 10~ 19 coulomb 
1.7592 X 10 8 coulombs/gm 


= 9.1066 X 10- 28 gm 


Conduction of Electricity in a Vacuum. In all conduction of electricity 
there is a transfer of some kind of charged particle. Hence in a perfect vacuum 
there can be no conduction at all. At high vacuum, the number of ionic 
carriers is so small that the current is negligible even at high voltages. Few 
ions arc produced by collision because of the rarety of such occurrences. 
Hence if there is to be appreciable conduction in a region of high vacuum, 
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ions must be introduced by some process. The most common of the processes 
is thermionic emission. 

Thermionic Emission. In any substance, gas, liquid, or solid, the par¬ 
ticles of the medium are in constant motion if the temperature is above the 
absolute zero. The temperature is a measure of the average kinetic energy’ 
of the particles. If a liquid is in an open container, it will evaporate because 
some of the molecules have sufficient energy’ to escape from the surface. As 
the temperature of the liquid is raised, more and more of the molecules 
acquire the necessary energy, and hence the evaporation becomes more 
rapid. This process occurs also in solids though it is usually slower at ordinary 
temperatures since greater energies are required to break through the 
surface. 


It has already been noted that in metallic conductors there are always 
present free electrons in addition to the molecules of the conductor. Both 
molecules and electrons take part in the thermal agitation, but the electrons, 
being of much smaller mass, have higher average speeds than the molecules. 
If the temperature is raised sufficiently, many of the electrons will attain 
speeds sufficient for them to leave the metal. The temperature at which this 
process begins depends upon the kind of metal and the condition of its 
surface. As electrons are emitted by a heated wire, the wire becomes posi¬ 
tively charged while the electrons collect in a “cloud” around it. This charge 
around the filament is called a space charge. Other electrons, as they' tend to 

leave the filament, arc attracted by the 
wire and repelled by the space charge. 
These effects combine to stop the 
emission unless the filament is con¬ 
nected into a circuit so that it is sup¬ 
plied with electrons and the space 
charge is largely’ removed. 

The Diode. If a filament and a 
plate are scaled into an evacuated 
tube, a two-element electron tube, or 
diode (Fig. 7), is formed. When the 
filament is heated by an electric cur¬ 
rent, electrons are emitted. If the 



A-BATTERY FOR 
HEATING FILAMENT 

Fig. 7. A diode. 


plate is made positive with respect to 
the filament, electrons will be attracted 


to the plate and there will be a current 


in the tube. If, however, the plate is made negative with respect to the fila 


ment, the electrons will be repelled and there will be no current. The diode 


thus acts as a valve, permitting flow in one direction but not in the other. If 
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it is connected in an a-c line, the diode acts as a rectifier; there is a cur¬ 
rent during the half cycle in which the plate is positive. 

If the plate is positive with respect to the filament, electrons will flow across, 
but not all the electrons that come out of the filament reach the plate, because 
of the space charge. Figure 8 shows a graph of potential against distance 
across the tube. Because of the space charge, the potentials at points out to A 
are below the potential of the filament. An electron will reach the plate only 
if it has sufficient speed as it leaves the filament to reach B, the point of lowest 
potential, before it is stopped. If the difference of potential I p between fila¬ 
ment and plate is increased, the potential at B rises, and more electrons will 
be able to reach the plate. The current depends upon I as is shown in the 



I-IG. 8. Variation of potential between filament 
and plate. 



Fig. 9. Plate current as a function of 
plate potential. 


graph of Fig. 9. At the higher potentials the current no longer increases, 
because, when A has been pushed back to the filament, all the electrons 
emitted reach the plate, and further increase in V v produces no change. 
Saturation has been reached. 

If the plate potential is kept constant while the filament temperature is 
increased, the current increases at first but reaches saturation because of the 
increase in the electron cloud around the filament. 

The Triode. If a third element, the grid, is inserted into the tube near 
the filament, it can be used as a control for the tube current. Such a tube is 
called a triode , or three-element tube. The grid usually consists of a helix, or 
spiral, of fine wire so that the electrons may freely pass through it. Small 
variations of the grid potential will cause large changes in the plate current, 
much larger than those caused by similar changes in the plate potential. If 
the grid is kept negative with respect to the filament, electrons will not be 
attracted to the grid itself, and there will be no grid current. A typical varia¬ 
tion of plate current with grid potential V 0 is shown in Fig. 10. A part of the 
curve is practically a straight line. If the grid voltage varies about a value in 
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this region, the fluctuations of the plate current will have the same shape as 
the variations of grid voltage. The tube will amplify the disturbance without 
distorting it. 

The triode also acts as a detector or partial rectifier if the grid voltage is 

adjusted to the bend of the curve. With 
this adjustment an increase in grid 
voltage above the average produces con¬ 
siderable increase in plate current, but a 
decrease in grid voltage causes little change 
in plate current. The plate current fluctuates 
in response to the grid signal, but the 
fluctuations are largely on one side of the 
steady current. 

In Fig. 11 is shown a simple receiving 
circuit. When the waves strike the antenna, 
they set up oscillations in the circuit, which 
is tuned to the frequency of the waves. This 
causes the potential of the grid to vary, and 
the tube acting as a detector produces a 
variation in current according to the amplitude of the signal. This causes 
the earphones to emit sound. 

In radio circuits, triode electron tubes are used to produce high-frequency 
oscillations, to act as detectors or rectifiers, and to act as amplifiers. Tubes 
of different characteristics are used for each of these purposes. 
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Fig. 10. Operating character¬ 
istics of a vacuum-tube amplifier. 



In many tubes the filament merely acts as a heater of a sleeve that covers 
it and is insulated from it. The sleeve, or cathode, is the element that emits 
electrons. 

For many purposes tubes are constructed with more than three active 
elements. They are named from the number of active elements, as tetrode, 
pentode, etc. 

Cathode-ray Oscilloscope. The fact that cathode rays are really elec- 
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trons traveling at high speed away from the cathode, is now a familiar fact 
to the numerous users of the various types of cathode-ray oscilloscopes, first 
developed by the physicist Braun in 1897. The essentials of a modern tube 
are shown in Fig. 12. Cathode rays from the thermionic cathode C pass 
through a small hole in a control grid and are accelerated by the voltage 
applied to the anode A. The electrons then pass between two pairs of parallel 
plates to which various test voltages may be applied. One pair of plates V is 



horizontal, the other 77 is vertical. The electric fields of these plates therefore 
cause deflections, either vertically or horizontally in proportion to the values 
of the test voltages applied. The spot of light on the fluorescent screen S at 
the large end of the tube can travel around with extraordinary rapidity, 
because of the very small mass of the electrons and their high speeds. Hence 
these tubes can be used to follow transient variations of voltage, which are 
of entirely too high frequency for any mechanical device to follow. A com¬ 
mercial type of cathode-ray oscilloscope tube is shown in Fig. 13. 



Fig. 13. Cathodc-ray oscilloscope tube. 


Positive Rays; Mass Spectrograph. The atomic masses of elements 
historically have been measured by conventional chemical methods, using 
comparatively large amounts of the material under test. Recent develop¬ 
ments in electronics have provided scientists with apparatus far more precise 
and capable of making measurements on individual atoms and ions. Such 
devices are known as mass spectrographs , a well-chosen designation, since they 
enable measurements to be made of atomic masses and to separate a mixture 
of ions into a veritable spectrum of atoms having different masses. 
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A form of mass spectrograph designed by Dempster (1936) is shown 
schematically in Fig. 14. This apparatus is based upon the fact that a beam 
of ions moving through electric and magnetic fields suffers a deflection that 
depends upon the charges and masses of the ions. Hence ions of various 
masses are deflected differently. A source of positive ions near the slit S is 
made to pass through a radial electric field set up by the cylindrical con- 


^ v c 




denser plates Ci and C 2 . The ions are thereby 
+ | 5 "| li+* bent into a path that is an arc of a circle. 

—^ | r | ions 'nH+^/ After emerging from the electric field, the 

^^0\A+ ions enter a magnetic field that is at right 

c * *\ \Vi- angles to the electric field. The magnetic field 

-J It— causes the ions of different masses to be 

P[_ _/■>_separated so that they fall at different places 

W&jifBjki&z on t ^ le photographic plate PP'. The blacken- 

» n g of the plate gives clear indication of the 
masses of the respective ions. A typical mass 
spectrogram is shown in Fig. 15. 

_ .. . Isotopes. Studies of positive rays first 

riG. 14. A Dcmpstcr-typc mass ... ,, _ . 

spectrograph. snowed that not all atoms of a given element 

have identical atomic masses. Although the 

various atoms of a given element have exactly the same chemical properties, it 

was shown by mass spcctrographic studies that such atoms frequently have 

different atomic masses. Elements which have the same chemical properties 

(atomic number, or position in the periodic table) but different masses are 

known as isotopes. Chlorine, atomic mass 35.46, is a mixture of isotopes of masses 

35 and 37. The case of hydrogen is an extreme example. Its atomic mass is 




: : : "v- : ‘ 

Fig. 14. A Dcmpstcr-typc mass 
spectrograph. 



1.00813 and it is a mixture of ordinary hydrogen of mass 1 and “heavy 
hydrogen of mass 2. This isotope (unlike other cases) has been given the 
special name of deuterium. A third isotope of mass 3 has also been identified. 
It has been named tritium. \ arious elements arc composed of quite different 
numbers of isotopes, ranging from 1 for gold to 11 for tin. 

The Photoelectric Effect. The action of electromagnetic radiation 


107 109 110 112 114 116 

Fig. 15. A mass spectrogram showing isotopes of silver and cadmium. 
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(light) in causing the emission of electrons is called the photoelectric effect. 
Light of suitable frequency incident upon certain metallic surfaces causes the 
emission of electrons from these materials. A photoelectric tube (Fig. 16) 
consists of a cathode having a photosensitive surface and an anode suitably 
arranged in a glass bulb, which is cither evacuated or filled with an inert gas 
at low pressure. Common light-sensitive surfaces are potassium, caesium, 
sodium, barium, rubidium, and certain oxides. The 
anode is frequently a wire parallel to the axis of the 
cathode, connected to the positive terminal of a 
battery through a sensitive meter. 

The number of photoclectrons emitted per second 
by the cathode as a result of the radiation falling 
upon it is directly proportional to the intensity 
of the incident radiation. The current in the meter 
therefore faithfully measures the intensity of the 
radiation. 

Photovoltaic Cells. A photovoltaic device is one in which the energy 
of the incident light produces an emission of photoelectrons creating a poten¬ 
tial difference that may be used to maintain an electric current, without the 
use of an auxiliary battery. The most common type in use today is exempli¬ 
fied by the Weston photronic cell (Fig. 17). This cell has a thin film of 
selenium formed on an iron plate. Light incident upon the selenium surface 
produces a photovoltaic effect resulting in the iron becoming a positive 



Fic. 17. A Weston photronic cell. 


terminal and the selenium a negative terminal of the cell. A sensitive meter 
connected across these two surfaces will indicate a current. This current is 
proportional to the intensity of the light and the meter may therefore be 
calibrated directly in suitable units, for example as an exposure meter. 

Applications of Photoelectric Cells. T he motion picture industry de¬ 
pends on photoelectric devices for the recording and reproduction of sound. 
These cells also are used extensively in control devices in industry. By sending 
a beam of light across the path of a succession of moving objects and into a 
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Fig. 16. A photoelec¬ 
tric tube. 
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photoelectric cell it is possible to count the number of objects, to detect 
inferior ones, and to actuate automatic control devices. These cells are used 
to actuate burglar alarms, to turn lights off or on at suitable times, to open 
doors as one approaches, to count vehicular traffic, to control power devices, 
and to furnish television signals. 

The Coolidge X-ray Tube. The modern type of x-ray tube designed 
by \V. D. Coolidge (1913) is in principle a rather simple form of two-element 
(diode) electronic tube. It consists of a spiral filament constituting the 
cathode (Fig. 18) and an anode often in the form of a heavy rod of copper in 
the end of which is embedded a small cylinder of tungsten. In operation the 
filament is heated by a low-potential current and gives off a copious supply 
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Fig. 18. A Coolidge x-ray tube. 


of electrons, easily regulated by varying the heating current. A high voltage 
(25 to 250 kv, or much higher in special tubes) is impressed from a trans¬ 
former so that the electrons move from the cathode to the anode with 
enormous speeds, sometimes approaching the speed of light, 186,000 mi/sec. 
\\ hen these electrons strike the anode, most of them give up their kinetic 
energy in the form of heat. Hut a small fraction of the electrons hits the atoms 
of the anode in such a favorable manner as to cause them to emit the very 
penetrating radiant energy known as x rays. 


SUMMARY 

All electrical conduction consists of motion of some charged particles. In 
metals the carriers are electrons; in electrolytes they are positive and negative 
ions formed by dissociation; in gases they are positive and negative ions 
produced by collisions between ions and molecules of the gas. 
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Gases under standard conditions are very poor conductors but become 
rather good conductors at reduced pressure. 

Cathode rays are streams of electrons. They emerge normally from the 
surface of the cathode, travel in straight lines, may be easily deflected by 
magnetic or electric fields, cause fluorescence when they strike many min¬ 
erals, and produce heating, chemical, and physiological effects upon matter. 

Electrons are basic particles of electricity. All charges are multiples of the 
electronic charge. The ratio of charge to mass of the electron can be deter¬ 
mined by means of deflection in magnetic and electric fields. The charge was 
first accurately determined by the Millikan oil-drop experiment. 

In order to have conduction in a vacuum charges must be introduced. 
This is most conveniently done by thermionic emission , the emission of electrons 
by a conductor when it is heated to a sufficiently high temperature. 

Two-clement tubes, or diodes, act as rectifiers in a-c circuits. 

Three-element tubes, or triodes, may be used as amplifiers, oscillators, or 
detectors. 

Cathode-ray oscilloscopes are used to study rapidly varying voltages and other 
transient or cyclic phenomena. As such they arc useful in radar and television. 

Positive rays are streams of positive ions. They are used in the mass spectro¬ 
graph for the identification and measurement of atomic masses and the study 
of isotopes. 

The photoelectric effect is the liberation of electrons m a material by means 
of radiation. In many photoelectric cells the photoelectric current is propor¬ 
tional to the intensity of the radiation. 

Photovoltaic cells are those in which light produces an emf used to maintain 
an electric current. 

An x-ray tube is a specially designed diode in which high-speed electrons 
from the filament strike a target and cause x rays to be emitted. 


QUESTIONS 

1. Would a spark discharge begin at the same potential difference for all gases 




at a given pressure 

2. Lightning is a huge spark between charged clouds. How might the voltage 
required to produce lightning vary from clouds near the earth as compared w ith those 
very high in the atmosphere? 

3. Could there ever lx- a disruptive discharge of electricity betw een the earth and 
the moon? Why? 

4. Electrodes are set at the two ends of a tube in which the pressure of air can be 
varied. Sketch a curve of pressure vs. potential difference necessary to produce a 
discharge. 

5. State and describe briefly the three main functions that are performed by 
thermionic vacuum tubes in modern radio receivers. 
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6. Describe a number of distinct uses of an electron tube. 

7. In using a three-element tube as an amplifier, it is desirable to arrange the cir¬ 
cuit so that the linear portion of the characteristic curve is used. Show why this is 
desirable and what happens when other portions of the curve are used. 

8. How can one determine the portion of the characteristic curve that is used 
when a three-element tube is operating? 

9. Why is it true that a thermionic tube should produce a louder radio signal than 
a crystal detector? 

10. Explain why it is expected that the wireless transmission of power over long 
distances is commercially impractical. Why then is it possible to utilize receiving 
sets at great distances from the transmitter? 

11. Radio reception is frequently very seriously interfered with when an electric 
shaver is being used near the radio receiver. Show why this is to be expected. How 
may this be minimized? 

12. Show clearly why the mass spectrograph gives data on the atomic masses of 
individual ions while conventional chemical methods yield results only on average 
atomic masses. 

13. A circuit consists of a battery, a rheostat, and a photoelectric cell, connected 
in series. The voltage across the rheostat is found to change with the illumination on 
the photoelectric cell. Explain why this is true. 

14. Make a list of some of the services that can lx* performed by the aid of relays 
actuated by photovoltaic cells. 

15. Can a Coolidgc x-ray tube be operated by alternating current? If so, what is 
the effect of the tube? What limitations might be imposed? 

PROBLEMS 

Whenever needed in the following problems, take the electronic charge to be 
1.60 X 10~ 19 coulomb, the electronic mass 9.107 X 10~ 28 gm, and the mass of an 
atom of unit atomic weight 1.66 X 10^ 24 gm. 

1. In one hour how many electrons pass a point in a wire in which there is a 
current of 3.00 amp? 

2. An electron is accelerated by a potential difference of 12 volts. Find the energy 
acquired by the electron and its speed. .4 ns. 1.9 X 10 _M erg; 2.0 X 10 s cm/sec 

3. What energy is acquired by an electron in falling through a potential differ¬ 
ence of 50.0 volts? What is its speed after this acceleration if it starts from rest? 

4. A beam of cathode rays equivalent to a current of 10.0 ma impinges on a thin 
sheet of metal with a speed of 5.00 X 10 9 cm sec. (a) How many particles strike the 
metal sheet per second? ( b ) If their speed is halved in passing through the metal 
sheet, how much heat do they develop per second? .4/w. 6.25 X 10 16 ; 12.8 cal 

5. A stream of electrons, accelerated by a potential difference of 100 volts, passes 
midway between two plates 2.00 cm apart and 5.00 cm long. The beam continues 
to a screen 20.0 cm beyond the plates. What is the deflection of the beam on the 
screen when a potential difference of 20.0 volts is maintained between the plates? 

6. A stream of particles of atomic mass 4.0 and double electronic charge is ac- 
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celerated by a potential difference of 100 volts and projected midway between two 
parallel plates 1.00 cm apart and 3.00 cm long. What is the deflection of the beam 
on a screen 15.0 cm beyond the plates when a potential difference of 30.0 volts is 
maintained between the plates? Ans 7 6 cm 

7. What speed must an electron have for its path to lx* a circle of radius 1.00 cm 
if it is projected normal to a magnetic field of strength 20 oersteds? 

8 . A beam of electrons moving with a uniform speed of 4.00 X 10 9 cm. sec is 

projected nortnal to a uniform magnetic field of strength 10.0 oersteds. What is the 
path of the beam in the magnetic field? Arts. Circle of radius 22.7 cm 

9. A stream of electrons is accelerated by a potential difference of 50 volts and 

proceeds into a uniform magnetic field of 80 oersteds. What is the radius of the path 
in the magnetic field? 

10. A stream of positive ions is accelerated by a potential difference of 120 volts 

and then passes into a uniform magnetic field of strength 378 oersteds where they 
move in a circular path of radius 20.0 cm. Each ion carries one electronic unit of 
charge. What is the atomic mass of the ions? Arts 23 

11. What electric field would just support a water droplet 1.0 X 10~< cm in diam¬ 
eter, carrying one electronic charge? 

12. An oil droplet whose mass is 2.5 X lO"" gm and which carries two electronic 
charges is between two horizontal plates 2.0 cm apart. Assuming that the droplet is 

entirely supported by electric forces, what must lx- the potential difference between 
the plates to support the droplet? Ans , s >000 vo)|s 

13. I wo isotopes of copper have mass numbers of 63 and 65, respectively If the 
positive ions are accelerated by a potential difference of 25 volts and deflected 180° 
by a magnetic field of 200 oersteds, what will be the separation of the lines on the 
photographic plate? Assume each ion carries a single electronic charge. 

14. Positive ions each carrying a single electronic charge are accelerated by a 

potential difference of 30 volts and projected normal to a magnetic field of strength 
180 oersteds. They are deflected 180° in the field and strike a photographic plate. 
One group of 10 ns is known to lx- sodium, atomic mass 23; the others arc unknown. 
On the plate the second and third lines are, respectively, 1.0 and 1.8 cm beyond the 
sodium line, hind the atomic mass of each of the unknowns. Arts. 24- 25 




CARL 

DAVID 

ANDERSON 

1905- 


BORN IN NEW YORK. PROFESSOR AT THE CALIFORNIA INSTITUTE 
OF TECHNOLOGY. THE 1 936 NOBEL PRIZE FOR PHYSICS WAS 
AWARDED JOINTLY TO HESS AND ANDERSON, TO THE LATTER FOR 
HIS DISCOVERY OF THE POSITRON. 



Light and Illumination 


Most of our knowledge of our surroundings comes to us by means of sight. 

\ irtually our only knowledge of the universe outside the earth is attained by 

sight, while much information about the behavior of electrons, atoms, and 

molecules is obtained from the visible and other radiations, which have 
basic similarity. 

Much is known about radiant energy but sufficient mystery remains to 
suggest that the continued study of radiation may lead to exciting discoveries 
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and important changes in our present science. The mechanism by which 
radiant energy is transmitted through a vacuum is still a challenge to our 
imagination. The two apparently contradictory aspects of radiation, which 
sometimes behaves as a wave phenomenon and sometimes exhibits the 
characteristics of particles, arc well understood individually and a unified 
theory which embraces both aspects of light may yet be attained. 

Optics is the field of science which treats of light, its sources, its propagation, 
and the effects which it suffers and produces. Much of the everyday usefulness 
of light can be understood from a study of geometrical optics, the branch which 
treats light propagation in terms of rays, which arc straight lines in homo¬ 
geneous mediums. In physical optics, light is considered to be a wave phe¬ 
nomenon and its propagation is studied by means of wave fronts. Physiological 
optics embraces the geometrical and physical optics of the eye and its parts, 
together with the physiology (and much of the psychology') of the visual 
process. 

Nature of Light. Energy in transit in the form of radiant energy can 
be detected and studied only when it is intercepted by matter and converted 
into thermal, electric, chemical, or mechanical energy. The energy and wave¬ 
length of radiant energy can thus be measured by purely physical means. 
Other aspects of radiant energy depend upon the presence and response of an 
observer. Light is the aspect of radiant energy of which a human observer is 
aware through the visual sensations 
which arise from the stimulation of the 
retina of the eye. 

The wavelength of radiant energy 
capable of visual detection varies from 
about 3.9 to 7.6 ten-thousandths of a 
millimeter. This range is usually ex¬ 
pressed in millimicrons (390 to 760 m/i) 
or in angstrom units (3900 to 7600 A). 

Light wavelengths arc usually expressed 
in angstrom units (A) or in microns 
GO- One angstrom unit is 10~ 8 cm. One micron (a millionth of a meter) is 
10 -4 cm. Owing to the very short wavelength, there is little spreading of light 
around and behind obstacles as is observed with water waves and sound 
waves. Except for such diffraction effects, to be discussed later, light travels 
in straight lines in a homogeneous medium. The rectilinear propagation of 
light is made use of in sighting with a plumb line, in aiming a gun, or in 
forming a photographic image in a pinhole camera (Fig. 1). 

Radiation similar to light and having wavelengths between 390 and 100 
m/i constitutes ultraviolet radiation and is detected by photographic means 



l ie. 1. Formation of an image in a 
pinhole camera by the straight-line 
propagation of light. 
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That in the wavelength range from 760 m p to 1 mm is called infrared radia¬ 
tion. The longer wavelengths of infrared radiation are most readily detected 
by their thermal effects. According to the electromagnetic theory of light, 
originated by Maxwell, all these waves are the same in kind as those which 
constitute the electromagnetic oscillations of radio waves. 

Study of the interaction between matter and energy has added to our 
ideas about light an important assumption which is the basis of the quantum 
theory. According to this theory energy transfers between light and matter 
occur only in discrete amounts of energy (quanta), which are proportional 

to the frequency as given by 



W = hf 


0 ) 


tions of wave fronts. The straight 
lines represent rays. 


If/ is the frequency in vibrations per second 
and h is Planck’s constant, whose value is 
determined experimentally to be 6.61 X 
10 - - 7 erg-sec, the energy W is in ergs 
(Chap. 51). 

Waves and Rays. The representation of 
a wave motion was discussed in Chap. 24. 
Figure 2 shows spherical waves spreading 
from a small source and also the radial lines, 
called rays, drawn to show the direction 
in which the waves are moving. The rays 
are merelv convenient construction lines that 

4 

often enable us to discuss the travel of light 
more simply than by drawing the waves. 

Shadows. In lig. 3, the light from a small source Rencounters an obstacle 
A placed between the source and the screen C. The obstacle casts a shadow, 
that is, all parts of the screen are illuminated except the area within the curve 
B. I he curve is determined by drawing rays from the source that just touch 
the edge of the obstacle at each point. If the source is not small or if there is 
more than one source, the shadow will consist of two parts, a completely dark 
one where no light arrives at the screen and a gray shadow, which is illumi¬ 
nated from part of the source only. One of the best examples of this is a total 
eclipse of the sun, which occurs when the moon comes directly between the 
earth and the sun (Fig. 4). \\ ithin the central cone of ravs, no light is received 
from any part ol the sun while the surrounding region gets light only from 
part of the sun s disk. A person located within the central cone experiences a 
total eclipse and does not see the sun at all; an observer anywhere in the 
crosslined area sees a crescent-shaped part of the sun—a partial eclipse. 

Sources of Light. Our most important source of light and life-sustaining 
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radiation is the sun. Most artificial sources of light arc hot bodies which 
radiate light but which also emit much infrared radiation. Hence as pro¬ 
ducers of visible radiation they have a low efficiency. Generally the efficiency 
of such light sources improves as the operating temperature is increased. The 
early carbon-filament electric lamp, which supplanted the open-flame gas 
light, employed an electrically heated filament as the source of radiation. 



The filament was mounted in an evacuated glass envelope to prevent its 
oxidation. In a modern electric lamp the use of a tungsten spiral filament in a 
bulb containing inert gas permits operation at a higher temperature (3000°C) 
without excessive evaporation of the filament. 

The carbon arc also uses the heating effect of an electric current. Most 
of the light originates at the crater of the positive carbon which attains a 
temperature of 3700°C. T he brilliant white light of a carbon arc is frequently 
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Fio. 4. An eclipse of the sun. 


used for searchlights and commercial motion-picture projectors. High- 
temperature light sources approach sunlight in the whiteness of their radia¬ 
tion. But no artificial sources ol light operate at temperatures as high as the 
6000 G measured lor the sun’s photosphere, the layer of ionized gases in 
which sunlight originates. 

Most light sources in common use produce light from an incandescent 
solid. Such light contains all visible wavelengths, though in varying in- 
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tensities. Light obtained by maintaining electric current in a gas at low 
pressure has its intensity concentrated in one or several narrow wavelength 
bands. A low-pressure mercury-arc lamp has a characteristic bluish light and 
also emits ultraviolet radiation. Such lamps are used for photographic work, 
some kinds of industrial illumination, germicidal purposes, and advertising 
signs, but they are not suited for general indoor illumination. By operating 
the discharge in a tiny quartz tube containing mercury vapor at high pres¬ 
sure, 50 to 100 atm, the quality of the light is improved, all wavelengths now 
being present although some are still emphasized. 

A fluorescent lamp consists of a thin-walled glass tube in which an electric 
current is maintained in mercury vapor at low pressure. The ultraviolet 
radiation from the glow discharge is absorbed by fluorescent substances 

ULTRA-VIOLET BLUE GREEN YELLOW RED INFRA-RED -► 



WA V EL ENG TH (A NGS TROMS) 
Fig. 5. Standard luminosity curve. 


affixed to the inner wall. These reemit the radiant energy' with a shift of 
wavelength into the visible range. The color of the light can be adjusted by 
the choice of fluorescent powders: calcium tungstate for blue, zinc silicate for 
green, cadmium borate for pink, or mixtures for white. 

Luminous Flux. Practical measurements of light, called photometry, 
are concerned with three aspects: the luminous intensity of the source, the 
luminous flux or flow of light from the source, and illuminance of a surface. 

1 he energy radiated by a luminous source is distributed among many 
wavelengths. Only radiant energy in the wavelength interval from 390 to 
760 m/i produces a visual sensation, and in that interval the radiant energy' 
is not all equally effective in stimulating visual sensation. The standard 
luminosity (visibility) curve oi Fig. 5 represents the ratio of the power at the 
wavelength of the eye’s greatest sensitivity to produce a given brightness 
sensation to the power at the chosen wavelength necessary’ to produce the 
same brightness sensation. The maximum ordinate i> thus arbitrarily 
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assigned a value of 1. The curse represents the average response of many 
individuals and is assumed to be the normal response. 

We define luminous flux in terms of the curve of Fig. 5. We may divide the 
visible region into many wavelength intervals so short that the response of the 
eye can be considered the same over any one such interval. For each interval 
we multiply the radiant energy per unit time in the interval by the corre¬ 
sponding ordinate of the curve and add the products so obtained. This sum 
is called the luminous flux. It represents the part of the total radiant energy per 
unit time that is effective in producing the sensation of sight. The other 
photometric quantities are defined in terms of luminous flux. Since the 
process here described is difficult to carry out the unit of luminous flux is not 
defined directly from this procedure but in terms of the flux from a standard 
source. 

Luminous Intensity of a Point Source. While no actual source of light 
is ever confined to a point, many are so small in comparison with the other 
dimensions considered that they may be regarded as point sources. From 
such a source light travels out in straight fines. If we consider a solid angle to 
with the source at the apex, the luminous flux included in the angle remains 
the same at all distances from the source. The 
luminous intensity of a point source is defined ns the 
luminous flux per unit solid angle subtended at the 
source 

F 

where F is the flux in the solid angle to. 

If a sphere of radius s is described about the 
apex as center (Fig. 6) the solid angle intercepts 
an area A on the surface of the sphere. The ratio F |C - 6. Flux from a point 
of the intercepted area to the square of sourcc - 
the radius is the measure of the solid angle to in steradians 



In building a set of photometric units, it is convenient to start with lumi¬ 
nous intensity rather than the more fundamental luminous flux. The common 
unit of luminous intensity is the candle. The candle was originally defined as 
the luminous intensity in a horizontal direction of the flame of a standard sperma¬ 
ceti candle of specified dimensions burning wax at the rate of 120 grains per 
hour. Since the flame of a candle is a rather unsatisfactory source this 
primary standard has been replaced by others measured in comparison with 
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it. Standardized electric lamps are most commonly used as secondary sources. 
However, in 1948 a new international candle was adopted, defined as one- 
sixtieth of the luminous intensity of a square centimeter of blackbody radiator 
(Chap. 21) operated at the temperature of freezing platinum. The new unit 
is about 1.9 per cent smaller than the former international candle, a differ¬ 
ence which does not affect significantly most photometric ratings. 

Most light sources have different luminous intensities in different direc¬ 
tions. The average luminous intensity of a source measured in all directions 
is called its mean spherical luminous intensity. The total flux emitted by the 
source is 47 t times the mean spherical luminous intensity since there are 47 t 
steradians about a point. - 

The unit of luminous flux is defined from the candle. A lumen is the lumi¬ 
nous flux in a unit solid angle from a point source of one candle. 

Example: An automobile headlight equipped with a 32-candle bulb concentrates 
the beam on a vertical area of 125 ft 2 at a distance of 100 ft. What is the luminous 
intensity of the headlight? 

The purpose of the reflector and lens is to concentrate the beam into a small solid 
angle. The total flux emitted by the bulb is given by 

F = AttI = 47t X 32 candles = 400 lumens 


For the beam, the solid angle is 


/ 


co 


125 ft 2 
(100 ft) 2 


= 0.0125 steradian 


F 400 lumens 
a; 0.0125 steradian 


32,000 candles 


Illuminance. When visible radiation comes to a surface, we say that 
the surface is illuminated. I he measure of the illumination is called illumi¬ 
nance. The illuminance of a surface is the luminous flux per unit area that reaches 
the surface. 

E - a w 

The flux F may come from one or many sources; it may come to the area from 
any direction. The flux used in Eq. (4) is the sum total of the flux from all the 
sources that irradiate the surface being considered. Among the units of 
illuminance are the lumen per square foot (foot-candle) and the lumen per square 
meter (lux). 
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For point sources there is a simple relationship between illuminance E and 
luminous intensity I. By definition 


or 


/ = — 
co 


F = Iu) 


When luminous flux from the point source P (Fit;. 7) falls on the surface 
around 0, the normal to the surface at 0 makes an angle 0 with the direction 
PO of the flux. The solid angle co subtended at P by a small area .-1 of the 
surface is 

A 

co = cos 0 

5 2 

where s is the distance PO from the 
source to the screen. 


F = /co = 


IA cos 0 




Substituting in Eq. (4), 

_ F IA cos 0 

e = a= 1 m 


E = cos 0 
* 2 





For light from a point source the illuminance of a surface varies inversely 
with the square of the distance from the source and directly with the cosine 
of the angle between the direction of flow and the normal to the surface. 
When the surface is perpendicular to the light beam, the angle 0 becomes 
zero and cos 0=1. For this special case, Eq. (5) reduces to 


E = 


( 6 ) 


For a uniform point source whose luminous intensity is 1 candle, the 
luminous flux sent out is Aw lumens. If this source is taken as the center of a 
sphere 1 ft in radius, the flux through the area of the sphere (4* ft 2 ) is 47 t 
lumens. 'Fhe illuminance of this surface is 1 lumen/ft 2 . This unit is also called 
the foot-candle since it is the illuminance of a surface 1 ft from a point source 
of one candle. Similarly, the lumen per square meter is also called the 
meter-candle. 
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Example: A small unshaded electric lamp of luminous intensity 32 candles is 
4.0 ft above the top of a table. Find the illuminance of the table ( a ) at a point directly 
below the lamp and (6) at a point 3.0 ft from the point dirccdy below the lamp. 

Directly below the lamp the light falls normally on the surface. From Eq. (6) 

/ 32 candles lumens 

E = ? = (4.0 ft) * = 2 -° —= 20 ft - candles 


At the second point 


and 


* = V '(4.0 ft) 2 + (3.0 ft) 2 = 5.0 ft 


cos 6 = ^-jr = 0.80 


From Eq. (5) 


E = — cos 6 = 


32 candles __ , ^ lumens 

(50 ^)2 X 0.80 = 1.0 —jrj— = 1.0 ft-candle 


Example: A small unshaded electric lamp hangs 6.0 ft directly above a table. 
To what distance should it be lowered to increase the illuminance to 2.25 times its 
former value? 

Eo = 2.25 £i 

From Eq. (6) 

/ _ / 


2 = 2.25 —„ 
j 2 2 V 

- _ ill 

" 2 ‘ 2.25 ~ 

st = 4.0 ft 


(6.0 ft) 2 
2.25 


Lighting. In planning the artificial lighting of a room, the type of work 
to be done there or the use to which the room is to be put is the determining 
factor. Experience has shown that certain illuminances are desirable for 
given purposes. Some figures arc given in Table I. 

TABLE I. DESIRABLE ILLUMINANCES FOR VARIOUS PURPOSES 
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Dull daylight supplies an illuminance of about 100 ft-candles while direct 
sunlight when the sun is at the zenith gives about 9600 ft-candles. 

In addition to having the proper illuminance it is essential to avoid glare , 
or uncomfortable local brightness such as that caused by a bare electric lamp 
or by a bright spot of reflected light in the field of vision. Glare may be 
reduced by equipping lamps with lowered shades or diffusing globes and by 

avoiding polished surfaces or glossy paper. 

Photometers. A photometer is an instrument for comparing the luminous 
intensities of light sources. A familiar laboratory form of such an instrument 
usually consists of a long graduated bar with the two lamps to be compared 
mounted at or near the ends. A movable dull-surfaced white screen is placed 
somewhere between the lamps and moved back and forth until both sides of 
the screen appear to be equally illuminated. \\ hen this condition is attained 

Ei = Eo 

From Eq. (6) 

A - £ o) 

S 1 Z s 2 


where /i and I 2 are the luminous intensities of the two sources and and s■: 
are their respective distances from the screen. If one source is a standard lamp 
of known luminous intensity, that of the other may be found by comparison 
using Eq. (7). 

Example: A standard 48-candle lamp placed 36 in. from the screen of a photom¬ 
eter produces the same illumination there as a lamp of unknown intensity located 
45 in. away. What is the luminous intensity of the latter lamp? 

Substitution in Eq. (7) gives 

/> _ Z 45 in y 

48 candles \36 in./ 

/, = 75 candles 


Notice that the distances may be expressed in any unit when substituting in the equa¬ 
tion, so long as they are both in the same unit. 

In ordinary lighting the value of total flux from a lamp is more significant 
than is the luminous intensity in a particular direction. Total flux is most 
simply measured by use of an integrating sphere. The lamp is placed in a 
large sphere with a white diffusing interior wall. The flux emerging from a 
small hole in the wall is measured by means of a photometer set at the hole. 
The flux emerging from the hole is proportional to the total flux emitted by 
the source within the sphere. In practice, a source of known output is placed 
in the sphere and a reading made to calibrate the comparison source. 
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Foot-candle Meter. In planning a practical lighting installation for a 
room, one should take into account not only the direct illumination from all 
light sources but also the light that is diffused or reflected by the walls and 
surrounding objects. For this reason it is often very difficult to compute the 
total illuminance at a given point, but this quantity can be measured by the 

use of instruments known as foot-candle meters. The most 
commonly used type of this instrument makes use of the 
photoelectric effect (Chap. 41). The light falling on the 
sensitive surface causes an electric current whose value 
is proportional to the radiant flux and hence to the 
illuminance. This current operates an electric meter 
whose scale is marked directly in foot-candles 
(Fig. 8). 

This instrument gives objective readings but it has the 
disadvantage that the sensitivity curve for the photoelec¬ 
tric cell is not the same as that for the human eve. 
However the two curves are somewhat similar, and if 
close similarity is desired it can be obtained by the use 
of a special filter over the photoelectric cell. 

Extended Sources. Luminance. Since the advent of diffusing shades, 
fluorescent lamps, and indirect lighting fixtures, many light sources must be 
treated as extended sources rather than points. The luminance Be of a surface 
element .1 (Fig. 9) in any direction 0 is defined as the luminous flux (lumens) 
per unit solid angle Ie per unit area of source projected on a plane perpen¬ 
dicular to that direction 



Fig. 8. Photoelec¬ 
tric foot - ca nd le 
meter. 




.1 cos 0 



or luminance is the intensity per unit projected area of 
emitting surface. 

For a surface which radiates or reflects 
diffusely, Lambert found that the luminance Be 
is practically independent of the angle 0. This 
result is known as Lambert's cosine law, for it 
may be expressed by the relation 

Be = B n cos 0 (9) 



Fig. 9. The intensity of the 
surface element .1 in direction 
6 is le = AE/Aoi. 


where B n is the luminance normal to the surface. 

The new international candle mentioned above is actually a unit of lumi¬ 
nance rather than of luminous intensity. That is, the luminance of a black- 
bodv at 1769°C is defined as 60 new candles cm 2 . 
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Of more practical importance is the luminous efficiency of a source , defined as 
the number of lumens of light produced per watt of power supplied to the 
source. Table II lists approximate luminous efficiencies of some typical light 
sources. 


TABLE II. LUMINOUS EFFICIENCIES OF SOURCES 


Source 

Luminous 

intensity, 

. candles 

Efficiency, 
lumens/watt 

40-watt tungsten lamp. 

30 

10.7 

100-watt tungsten lamp. 

93 

15.3 

500-watt tungsten lamp. 

590 

19.6 

1500-watt tungsten lamp. 

3200 

22.0 

250-watt Photoflood lamp. 

550 

35.8 

15-watt daylight fluorescent lamp.! 


33.0 

15-watt green fluorescent lamp. 


60.0 

250-watt mercury-vapor lamp. 


40.0 


Speed of Light. The speed with which light, and presumably all radiant 
energy, travels through space is one of the most precisely measured quantities 
in the physical sciences. This speed, moreover, is one of the most important 
constants in physical theory. Galileo was one of the first to suggest that the 
light takes a finite time to travel between two points and to attempt to 
measure this time. The immense speed of light calls for the measurement of 
its passage over great distances or the precise determination of small time 
intervals, or both. 

Romer in 1675 made a measurement of the speed of light over an astro¬ 
nomical distance. He noticed that when the earth was closest to Jupiter 
(Fig- 10) the cclip ses of one of the moons of Jupiter occurred about 500 sec 
ahead of the time predicted on the basis of yearly averages and that they 
were late by the same amount when the earth was farthest from Jupiter. He 
concluded that the difference of 1000 sec was the time required for light to 
traverse the diameter of the earth’s orbit (186,000,000 mi). Unfortunately 
Romer used an erroneous value for this distance and obtained for the speed 
of light 192,000 mi/sec. 

Since the time of Romer several investigators have devised methods for 
measuring the speed of light. Michelson in 1926-1929 measured the speed of 
light over an accurately measured terrestrial distance, the 22 mi between 
Mt. Wilson and Mt. San Antonio, using an ingenious method of timing. An 
octagonal mirror M (Fig. 11) is mounted on the shaft of a variable speed 
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motor. Light from a source S falls on the mirror Af, at an angle of 45 , and is 
reflected to a distant mirror m , which returns it. With M stationary the 
reflected ray strikes A/* at an angle of 45° and is reflected into the telescope 
T. When mirror M is set in rotation light returning to it from mirror m will 
generally strike A/ 3 at an angle different from 45°, and hence light will not 



enter the telescope. When, however, the speed of M is sufficient so that 
section 2 of the octagonal mirror M is brought into the position formerly 
occupied by section 3 in the time required for light to go from Ah to m and 
back to M •_•, light will again enter the telescope. The experiment consists of 
varying the speed of the motor until light reappears in the telescope. 'I his 



Fig. 11. Nlichclson's method of measuring the speed of light. 


speed is accurately measured by stroboscopic comparison with a signal of 
standard frequency. The time for the light to travel a distance of 2A 1m is then 
one-eighth of the time required for one revolution of M. In these experiments 
the speed of the motor was about 500 rps and the final adjustment was made 
by noticing the displacement of the beam from the cross hair of the telescope. 
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The final calculation of the speed of light c based on Michelson's experi¬ 
ments and reduced to vacuum is 

c = 299,774 + 5 km/sec 
c — 2.99774 X 10 10 cm/sec 
c = 186,270 mi/sec 

Thus it takes light 8.3 min to travel the 93,000,000 mi from the sun to the 
earth. 

Speed of Light in Different Materials. The speed of light is different 
in each material, being less in any material medium than in a vacuum. Fou¬ 
cault (1850) and Michelson each measured the speed of light in water by 
placing tubes of water in the path of the light. In this way the speed of light 
in water was found to be about three-fourths of its speed in air. This was a 
decisive experiment, for it eliminated temporarily one of two rival theories 
of light. 

Newton (1666) had suggested that light might consist of particles or cor¬ 
puscles shot from a body. He showed that ordinary laws of mechanics could 
account for the observed characteristics of light provided light traveled faster 
in a dense material (water) than in air. The wave theory developed by 
Huygens (1678) competed with the corpuscular theory for a hundred years 
by offering an equally logical explanation of reflection and refraction and a 
simpler explanation of diffraction. The wave theory predicted that light 
must travel slower in a dense medium (water) than in air. Foucault’s direct 
measurement of the speed of light in water decided the controversy in favor 
of the wave theory. The corpuscular theory became dormant. 

Recently studies of the interaction of light and matter, notably the photo¬ 
electric effect, have shown that light behaves as if it were comprised of energv 
particles (quanta). While we have not returned to Newton's concept of light 
as made up of mass particles, current theory is forced to view light as having 
both wave and particle characteristics. 

SUMMARY 

Radiant energy within certain limits of wavelength (3900-7600A) is visible 
as light. Neighboring ranges of wavelengths comprise the ultraviolet and 
infrared radiations. 

Light is transmitted in waves, which can pass not only through some 

( ‘transparent”) materials, such as glass, but also through empty space 
(vacuum). 

Lines drawn in the direction of travel of light waves are called rays. In a 
homogeneous substance the rays are straight lines. 
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Most sources of light are hot bodies, which simultaneously emit invisible 
radiations. 

Measurement of the luminous intensity of a light source takes account only 
of the portion of the emission that evokes visual sensation. 

The luminous intensity of a point source is evaluated in terms of the energy 
that arouses the brightness experienced from a standard candle and is 
expressed in candles. 

Luminous flux is the quantity of visible radiation passing per unit time. 
The unit of luminous flux is the lumen, which is the flux emitted by a point 
source of 1 candle through a solid angle of 1 steradian. 



O) 


The total flux emitted by a point source is 

F = 4tt/ 

The illuminance of a surface is the luminous flux per unit area that reaches 
the surface 



Illuminance is expressed in lumens per square foot (foot-candles) or lumens 
per square meter (luxes). 

For light from a point source, the illuminance on a surface is given by the 
inverse square law 

E = ~ cos 6 

Luminance is the luminous intensity per unit projected area emitted by an 
extended source. It is measured in candles per square foot or in candles per 
square meter. 

R = U 
9 .4 cos 6 

A photometer is an instrument for comparing the luminous intensities of two 
point sources. The working equation of the photometer, a corollary of the 
inverse square law, is 

h = h 

s x - sfl 

A foot-candle meter is an instrument that measures a constant fraction 
(whose value depends upon spectral distribution) of the radiant flux, and is 
calibrated in units of illuminance. 
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In a vacuum, the speed of light is about 186,285 mi/sec. In any substance 
the speed is always less than this. 


QUESTIONS 


1. Describe a theoretical and an experimental verification of the inverse square 
law of illumination. Does the photometer experiment verify the inverse square law? 
Explain. 

2. Docs the inverse square law apply even approximately to the beam from an 
automobile lamp? to illumination from a fluorescent lamp? to illumination under a 
skylighted ceiling? to light from a bonfire? Explain. 

3. How would you determine experimentally the effective luminous intensity 
of a searchlight? 

4. Light from a student lamp falls on a paper on the floor. Mention the factors 
on which the illuminance of the paper depends. 

5. With the aid of a diagram, show that an illuminance of 1 ft-candlc is the same 
as 1 lumen/ft 2 . 

6. Sketch a shadow photometer with which you could compare the intensity 
of a light source with that of a lamp of known luminous intensity using only meter 
sticks and a white wall. What measurements would lx* made? 

7. When a diffusing globe is placed over a bare electric lamp of high intensity, 
the total amount of light in the room is decreased slightly, yet eyestrain may be 
considerably lessened. Explain. 

8. What are some advantages and disadvantages of the indirect system of 
lighting? 

9. Compare the advantages of black and light-colored walls in a photographic 
dark room. 


10. Show that the illuminance on a given surface distant s from a line source of 
light (fluorescent lamp) is given by 



21 

Ls 


where I/L is the intensity per unit length of the lamp in candles per foot. Hint: 
Consider a cylinder of radius s and length I. concentric with the lamp. Calculate the 
illuminance on the cylinder produced by light proceeding radially from the lamp. 

11. Derive an equation for calculating the speed of light from the quantities 
measured in the Michelson method. 

12. A member of a radio studio audience in New York is seated 150 ft from the 
performer while a radio listener hears him in Cedar Rapids, 1000 mi away. Which 
auditor hears the performer first? 

PROBLEMS 

1. Sunlight enters a darkened room through a tiny aperture in the roof when 
the sun is directly overhead. What will be the size of the sun’s image on the floor 12 
ft below the aperture? The sun is 93 million miles away and its diameter is 865,000 
miles. 
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2. What is the effect on the illumination of a work table if a lamp hanging 4.5 ft 

directly above it is lowered 1.0 ft? Ans. Increased 65% 

3. What is the illuminance on the surface 10 ft from a 100-candle lamp in a room 
with black walls? Would it be different if the walls were white? Explain. 

4. It is desired to have an illuminance of 25 ft-candles on a drafting table. 
What incandescent lamp should be used if it is to be located 6.0 ft directly above the 
table and if two-thirds of the light received on the table is reflected from the walls and 

ceiling? Ans • 300 candles 

5. An engraver wishes to double the illuminance he is now getting from a lamp 

55 in. away. Where should the lamp be placed in order to do this? 

6. If a lamp that provides an illuminance of 8.0 ft-candles on a book is moved 
1.5 times as far away, will the illumination then be sufficient for comfortable reading? 

Ans. No, 3.6 ft-candles 

7. At what distance from a source of effective intensity 100 candles would a book 
receive the same illumination that it would receive from a 25-candle source 5.0 ft 
distant? 

8. What is the illuminance on the pavement at a point directly under a street 

lamp of 800 candles hanging at a height of 20 ft? Ans. 2.0 ft-candles 

9. Find the luminous intensity of a lamp that gives an illuminance on a surface 
placed 3 ft away equal to that of dull daylight. 

10. What is the total illuminance produced by two 60-candle lamps each 4.0 ft 

from a surface and one 45-candle lamp 3.0 ft from this surface if all the light falls on 
the surface normally? 12.5 ft-candles 

11. A small screen is 20 ft from a 100-candle point source of light, and its surface 
makes an angle of 60° with the line drawn from the source. Calculate the illuminance 
on the screen. 

12. A lamp produces a certain illuminance on a screen situated 85 cm from it. 
On placing a glass plate between the lamp and the screen the lamp must be moved 
5.0 cm closer to the screen to produce on it the same illuminance as before. What per 
cent of the light is stopped by the glass? 

13. What is the illuminance in foot-candles on a screen 6.0 ft from a 72-candle 
lamp? How far from the screen and on the same side as the first lamp must a 40-candle 
lamp be placed in order that the illuminance on the screen will be doubled? 

14. What illuminance will be given on a desk by a 36-candle fluorescent lamp 
1 ft long placed 18 in. above the surface? (For an extended line source, the illumina¬ 
tion decreases as the inverse first power of the distance, E = 21 Lv.) 

Ans. 48 ft-candles 

15. What illuminance will be produced on a table by a fluorescent lamp (line 
source) of 40 candles ft hung horizontally 24 in. above the table? 

16. A 16-candle lamp is placed 10 in. from a screen. How far from the screen and 

on the same side as the first lamp must a 100-candle lamp lx- placed so that the total 
illuminance on the screen becomes three times its former value? *4w.r. 1.47 ft 

17. If the light of the full moon is found to produce the same illuminance as a 
1.0-candle source does at a distance of 4.0 ft. what is the effective luminous intensity 
of the moon? (The mean distance to the moon is 239,000 mi.) 
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18. A table 7.0 ft long is illuminated by two lamps. A 200-candlc lamp is 4.0 ft 
above the left-hand end and a 150-candle lamp is 5.0 ft above the right-hand end. 
Find the illuminance of the table 3.0 ft from the left-hand end. Ans. 10 ft-candles 

19. A room 15 ft by 20 ft with black walls and ceiling is illuminated by three 
50-candle lamps arranged at the ceiling 8.0 ft above the floor, in a line parallel with 
the longer wall of the room, 5.0, 10.0, and 15.0 ft from one end and in the middle 
laterally. Find the illuminance of the floor directly below one of the end lights. 

20. A searchlight has a source of 80.0 candles. The reflector and lens concentrate 

the light on an area 50.0 ft in diameter at a distance of 200 yards. Calculate the effec¬ 
tive source intensity of the searchlight. Ans. 1.85 X 10 s candles 

21. A 16-candle point source is placed at the focus of a parabolic mirror so that 
the reflected rays are parallel. The mirror is cut so that it has an opening 6.0 in. in 
diameter, and the focus is in the plane of the opening. Find the illuminance due to 
direct and reflected light on a screen 3.0 ft from the source at a point within the 
reflected beam. 


22. A photometer has a standard 30-candle lamp at one end and a lamp of un¬ 

known intensity at the other. The two sides of the screen are equally illuminated 
when the screen is 3.0 ft from the standard lamp and 5.0 ft from the unknown. What 
is the luminous intensity of the latter? Ans. 83 candles 

23. At what position on a photometer scale, which is 4.0 ft long, should a screen 
be placed for equal illumination by a 20-candle lamp and a 45-candlc lamp placed 
at the two ends of the scale? 

24. A sample 60-watt lamp produces on a screen 2.00 m away the same illumi¬ 

nance as produced by a 16-candlc standard lamp 1.00 m from the screen. What is 
the efficiency of the sample lamp? Ans. 13.4 lumens/watt 

25. A 16-candle lamp is 125 cm from a photometric screen, producing on it the 
same illuminance as an unknown lamp at 175 cm distance. If the unknown lamp 
takes 0.85 amp at 110 volts, what is its efficiency? 

26. If a photographic print can be made in 14 sec when the printing frame is held 

2.0 ft from a lamp, what is the correct exposure time when it is held 3.0 ft awav? 

0 

Arts. 31 sec 

27. A 20-candle standard lamp is placed at one end of a 3.0-meter photometer 
bar. At the other end is a 2.0-crn flat circular window having uniform luminance 
such that the photometer is balanced with the screen 1.0 in from this window. What 
is the luminance of the window? 


28. A 150-candle lamp is suspended 8.0 ft above a sheet of white blotting paper 

which reflects 75% of the light incident upon it. Calculate («) the illuminance of 
the paper and (b) its luminance. Ans. 2.3 ft-candles; 1.7 candles/ft 1 

29. What minimum s|*ed of rotation is necessary for an eight-sided mirror used 
m a Michclson experiment for measuring the sjx-ed of light if the distance from the 
rotating mirror to the fixed reflector is 22 ini? 

30. I he speed of light is to be measured by means of a revolving mirror. If the 

distance between the rotating mirror and the fixed mirror is 5.00 mi, how fast 
must the mirror rotate in order that the angle between the incident beam and the 
reflected l>eam shall be 3.00 degrees? ^nx. 77 5 rev/scc 
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31. The nearest star, Alpha Centauri, is 4.3 light-years distant from the earth. 
How far is this in miles? (A light-year is the distance light travels in one year.) 

32. The speed of light has been measured by means of a toothed wheel rotating 
at high speed. Assume such a wheel to have 480 teeth that arc just as wide as the 
spaces between them. A beam of light perpendicular to the wheel passes between 
two teeth and falls normally upon a stationary mirror 500 m away. Compute the 
minimum speed of rotation which will cause a tooth to intercept the reflected beam. 

Ans. 312 rev/sec 
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Reflection of Light 


An object is seen by the light that comes to the eye from the object. If the 
object is not self-luminous, it is seen only by the light it reflects. The reflection 
of light makes a room with white walls much lighter than a similar room with 
black walls. The “high lights” produced by reflection on polished door knobs 
and car fenders are so characteristic of convex surfaces that an artist uses 
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them to suggest curved surfaces in a painting. Reflection at the concave 
surface behind a head lamp sends light where it is needed to make other 
objects visible, by reflected light. 

In general, part of the light falling on a surface is reflected while the 
remainder passes into the material itself, where it may be either completely 
absorbed (in opaque material) or partly absorbed and partly transmitted 
(in a translucent material). Thus, when light strikes a piece of ordinary glass, 
about 4 per cent is reflected at the front surface, the exact amount depending 
on the angle of incidence. The remainder passes into the glass where some 
is absorbed. About 4 per cent of the light arriving at the rear surface is 
turned back, the rest passing through. 

Representation of Light. Huygens’ principle states that every point on 
a light wave front acts as though it were a new center of disturbance sending 
out wavelets of its own, always away from the source, the combined effect 
of all such wavelets constituting a new wave front. Thus in Fig. 7, Chap. 24, 
if .S' is the original center of disturbance and arc AH the wave front at a given 
instant, then all points (a, b, r, etc.) on AH may be considered to be sending 
out wavelets whose envelope. CD is the position of the wave front a moment 


later. 

Huvgens" principle, published in 1690, was fruitful in explaining and 
predicting many properties of light. It is interesting to note that on the wave 
theory one would expect light to spread into a region behind an obstacle 
much as water waves pass through an opening in a breakwater to disturb the 
entire surface of the pond inside. Since the wavelength of a light wave is 
exceedingly small compared with the dimensions of most obstacles it en¬ 
counters, very little light is bent into the region of geometrical shadow. A 
later discussion of diffraction will show, however, that the spreading of light 
past a sharp-edged obstacle can be detected and even put to valuable use 
with properly designed apparatus. 

I he propagation of light can be represented in a diagram by drawing 
successive wave fronts, located by applying Huygens’ principle. However, 
the construction of a fairly accurate wave front diagram is usually a tedious 
task. It is easier and often quite as satisfactory to draw a few rays representing 
the direction of propagation of the light wave. In an isotropic medium (a 
material whose physical properties are the same in all directions) the rays 
w ill be straight lines perpendicular to the wave fronts, as are SC and SD in 
Fig. 7, Chap. 24. 

Law of Reflection. It is found by experience that when light, or any 
wave motion, is reflected from a surface, the reflected ray at any point makes 
the same angle with the perpendicular, or normal, to the surface as does the 
incident ray. The angle between the incident ray and the normal to the 
surface is called the angle of incidence, and that between the reflected ray and 
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the normal is called the angle of reflection (Fig. 1). The law of reflection may 
then be stated: the angle of incidence is equal to the angle of reflection. The incident 
ray, the reflected ray, and the normal to the surface lie in the same plane. 
This law holds for any incident ray and the corresponding reflected ray. 

In Fig. 1 a beam of parallel light is incident on the mirror surface MM'. 
The wave fronts occupy successively the positions AB, A\B\, etc., and would 
reach a position A'D were it not for the mirror. The presence of the reflecting 
surface starts a Huygens’ wavelet upward from B , which spreads outward to 



Fig. 1. Reflection of light by Huygens’ principle. 


B ' in the time it takes the upper part of the original wave front AB to travel 
from A to the mirror, at A'. Meantime wavelets from the preceding wave 
fronts at B u B>, and /i 3 have left the mirror and have proceeded to the posi¬ 
tions indicated by the arcs. The line A'IV tangent to these arcs indicates the 
position of the wave front AB immediately after reflection. The reflection 
has inverted the wave front. 

The right triangles BAA' and A’B'B arc similar. Since angle IVBA' equals 
AA'B , it follows that their complements are equal: angle i equals angle r. 




and diffuse* reflection. 


Kinds of Reflection. Sunlight falling on water is reflected at an angle 
equal to its angle of incidence, but sunlight falling on a piece of white 
blotting paper is scattered. These are examples of specular and diffuse re¬ 
flection, respectively. A smooth, plane surface reflects parallel rays falling 
on it all in the same direction, while a rough surface reflects them diffusely 
in many directions (Fig. 2). At each point on the rough surface the angle of 
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incidence is equal to the angle of reflection, but the normals have many 
different directions. 

Plane Mirrors. When light from a point source, proceeding in spherical 


wave fronts, falls on a plane mirror, the wave fronts are reflected with their 
curvatures reversed. In Fig. 3, there is a point source of light above a plane 

mirror. At the instant considered, points a 
and b on the wave front have just reached 
the mirror, while the central part of the 
wave has been reflected upward a distance 
mn equal to the distance mri, which it 
would have progressed below the line amb 
in the absence of the mirror. The center of 
curvature of the reflected wave front anb is 
at point /, whose distance ml below the 
mirror is equal to the distance mO at which 
the source 0 lies above the mirror. The 
reflected wave front proceeds toward 
an observer at £ as if it came from /. 



Fig. 3. Reflection in a 
ror, wave-front diagram. 


plane mir- 


Point / is the virtual image of the real source at 0. This image lies below the 
mirror the same distance the object lies above it. The image is virtual because 
the light does not actually pass through it. 

The position of an image formed by a mirror can be located even more 
readily in a ray diagram. In Fig. 4, a ray 0K from the source 0 reaching the 


0 



Fig. 4. Reflection in 
a plane mirror, ray 
diagram. 


OBJECT 

^ /MAGE 


rx 

/ -C 


1 

Fig. 5. Image of 
(arrow) formed by 

an extended object 
a plane mirror. 


mirror at A is reflected along ATT, making angle r equal angle /. A ray reach¬ 
ing the mirror along the normal Om makes zero angle of incidence and is 
reflected back on itself. Lines Om and Eh\ when extended below the mirror, 
intersect at /. Rays from 0 after reflection at the plane mirror travel as if they 
originated at /. The point I is the virtual image of the source 0. The triangles 
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OmK and ImK are similar, and the image distance ml is equal to the ooject 
distance Om. 

The image of an extended source or object in a plane mirror is found b\ 
taking one point after another and locating its image. The familiar result is 
that the complete image is the same size as the object and is placed sym¬ 
metrically with respect to the mirror (Fig. 5). 

Optical Lever. In many physical and technological instruments, small 
displacements must be indicated or recorded. One way of magnifying such 
effects to make them readily measurable is by the use of a ray of light reflected 
by a small mirror mounted on the moving system, the ray forming a sort of 
“inertialess” pointer. This arrangement is called an optical lever and is used in 
such pieces of apparatus as indicating 
and recording galvanometers, pyrom¬ 
eters, elastometers, and sextants. In Fig. 

6 , SO represents a ray or narrow beam 
of light striking the mirror M mounted 
on a body, for example, the coil of a 
galvanometer, which is to rotate about 
the axis P. When the mirror is turned 
through any angle 0, the reflected beam 
turns through an angle twice as great. As 
the mirror turns through the angle 0, the 
normal also turns through the same 
angle, decreasing the angle of incidence 
by 0. The angle between the incident and 
reflected rays is always twice the angle of 
incidence. Thus the angle that the 
reflected ray makes with the incident ray 
is reduced by 20. The position of the reflected beam may be observed on a 
screen some distance away and from the change in its position the angle of 
turn may be computed. 

Example: A small beam of parallel light falls on the plane mirror of a galvanome¬ 
ter making an angle of 30° with the normal. The mirror is then turned through 5°. 
Through what angle is the reflected beam turned? 

In the first position of the mirror (Fig. 6), angle SON is 30° and the angle of 
reflection NOR is 30°. The angle of rotation 0 = 5°. The new angle of incidence 
SON' and the new angle of reflection N'OR' are both 25°. Hence the reflected beam 
has been rotated 10° from OR to OR'. 

Spherical Mirrors. If the reflecting surface is curved rather than plane, 
the same law of reflection holds but the size and position of the image formed 
are quite different from those of an image formed by a plane mirror. 
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Curved mirrors are commonly made as portions of spherical surfaces. 
Spherical mirrors are classified as concave or convex when the reflecting surface 
is on the inside or outside, respectively, of the spherical shell (Fig. 7). The 
center of curvature C of the mirror is the center of the sphere. The radius of 
curvature r of the mirror is the radius of the sphere. The radius is conventionally 
taken as positive for concave mirrors, negative for convex mirrors. A line 
connecting the middle point or vertex V of the mirror and the center of 

_ curvature is called the principal axis 

of the mirror; it is marked XX'. 

A APERTURE \ The diameter MM' of the circular 

| \ outline of the mirror is called the 

x - r | f -1- x‘ aperture of the mirror. Most spherical 

CONVEX V"T C M/RROR I mirrors used for optical purposes have 

M/RROR-\\ J apertures small compared with their 

ATs. radii of curvature. 

Figure 8 shows a concave and a 
F.o. 7. Spherical mirrors. Convcx mirror with the beam of light 

directed on each made up of rays parallel to the principal axis. By applying 
the law of reflection to each ray, it is seen that the bundle of rays parallel to 
the principal axis will converge through a common point F after reflection 
from a concave mirror, or will diverge after reflection from a convex mirror 
as though they originated from a common point F behind the mirror. 
The point F to which rays parallel to the principal axis converge (or from 


CONVEX 

MIRROR 


APERTURE 


\ F ^ C 

Jr CONCAVE 
J MIRROR 


Fig. 7. Spherical mirrors. 



which they diverge) is called the principal focus of the mirror. The distance/ 
of the principal focus from the mirror is called the focal length. 

The concentration of rays at the principal focus of a concave mirror can 
be shown experimentally by allowing sunlight to fall on the mirror along XX 
and moving a bit of paper or a match along the axis to find the point F where 
it will ignite. The principal focus of a convex mirror is a virtual focus because 
the rays do not actually pass through it but merely-appear to do so. 

The principal focus of a concave mirror lies on the principal axis halfway 
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between the mirror and its center of curvature. This relation can be proved 
from the law of reflection for either of the mirrors of Fig. 9. A ray AP parallel 
to the principal axis strikes the mirror at P and is reflected along PF. At P 
the angle of reflection is equal to the angle of incidence, 9. The angle between 
the reflected ray and the principal axis at F is 26, since it is an exterior angle 



of the triangle PCF. For mirrors whose curvature (1 r) is small, the angles 9 
are small and the arc PM may be considered a line perpendicular to the axis 
XX'. Hence, 


PM 

CM 


tan 9 


and 


PM 

FM 


tan 29 



For small angles we can set the angles (in radians) equal to their tangents, 
so that 

™ = * = I™ m 

CM 2 FM K ) 

or 

CM = 2 FM 


showing that the principal focus F lies halfway between the center of curva¬ 
ture and the middle of the mirror surface M , when the aperture is small. 
When the aperture of the mirror is not small, the approximation made here 
is not valid and the rays parallel to the principal axis do not all come to a 
single point. 

Images Formed by Spherical Mirrors. Concave mirrors have wide 
application because of their ability to make rays of light converge to a focus. 
If rays coming from a point S (Fig. 10) strike the concave spherical mirror, 
the reflected rays may be constructed by applying the law of reflection at 
each point of reflection, the direction of the normal being that of the radius 
in each case. All reflected rays will be found to pass very nearly through the 
single point /, which is the real image of the source .S'. If the object is placed 
at /, the image will be formed at S, for the direction of each ray will merely 
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be reversed from that shown in the figure. Any two points so situated that 
light from one is concentrated at the other are conjugate foci. 

When an image is formed by converging rays which actually pass through 
it, the image is called real. A real image can be formed on a screen and 
viewed in that way. If the rays diverge on leaving the mirror, the image can¬ 
not be formed on a screen but can be observed by looking “into" the mirror. 
This type of image is called a virtual image. The rays do not pass through a 

virtual image but they arrive at the 
eye in directions as if they had origi- 
\ nated at the virtual image. 

----- ""'L —The problem of locating the im- 

* _ d age of an extended source or object 

// can * )C solved graphically by draw- 
ing rays to locate a few pairs of 
^ conjugate foci. The graphic method 
l ie. 10. The points .V and / arc conjugate i s indicated in Fig. 11. From any 

for ‘- point 0 on the object, two rays are 

drawn to the mirror and their directions after reflection indicated. The 
point of intersection of these rays after reflection will be the image / 
(conjugate focus) of the point O on the object from which they 
originated. Two rays whose directions can be predicted readily are: first, 
the rav from 0 parallel to the principal axis which after reflection passes 
through F: and second, the ray from 0 in the direction OC along a radius of 



Fig. 11. Location of the image formed by a concave mirror. 


the mirror which after reflection returns along the same line. I he intersection 
of these ravs at I locates the ima^c of the head of the arrow. All other rays 
from 0 pass through I after reflection. Another pair of rays could be drawn 
from O’ to locate I'. 

In Fig. llfl, the image is seen to be real, inverted, and diminished in size, 
as it will be whenever the object lies at a distance greater than the radius in 
front of a concave mirror. If the object were between C and F, the image 
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would be real, inverted, and magnified. When the object is placed nearer 
to the concave mirror than the principal focus (Fig. 11 b), the image is virtual, 
erect, and magnified. The image of any real object formed by a convex 
mirror (Fig. 12) is always virtual, erect, and diminished. 

The Mirror Equation. There 
is simple relation between the dis¬ 
tance p of the object from the mir¬ 
ror, the distance q of the image, 
and the focal length /. 


1 + 1 = 1 
P i / 


(3) 



If any two of these quantities are 
known, the third can be calculated. 

Equation (3) applies to both con¬ 
cave and convex mirrors when the 
proper convention regarding signs 
is followed. The focal length f is taken as positive for a concave mirror, negative 
for a convex mirror. The object distance p and the image distance q are taken 
as positive for real objects and images, negative lor virtual objects and images, 
formed behind the mirror. 

The mirror equation is always written with positive signs when expressed 
in algebraic symbols, as in Eq. (3). Negative signs are introduced only with 



M 


Fio. 13. Diagram for the derivation of the mirror equation. 

the numerical values which are substituted for these symbols, as required l>\ 
the sign conventions just stated. 

lo derive the mirror equation consider Fig. 13 in which three rays have 
been drawn from point 0 on the object to locate the corresponding point / 
on the image. From one pair of similar triangles (shown shaded), taking 
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I L= I 1L = ml =1- 1 

FA/ FA/ / / 



From another pair of similar triangles, 00'M and II'M, it follows that 


II' _ I'M _ q 
00' O'M p 



Since PM = 00', the left-hand members of Eqs. (4) and (5) are equal and 


Dividing by < 7 , we have 




Since the focal distance/equals rf 2, the mirror equation may be written 



The methods of physical optics may also be used to find the relation 
between image distance, object distance, and focal length in any mirror 



Fig. 14. Reflection from a convex mirror, represented by a wave-front diagram. 

problem. As an illustration of this method, consider a parallel beam of light 
sd impinging upon a convex mirror amb in Fig. 14. If the mirror were not 
present, the wave front could continue its motion undisturbed to the dotted 
position an'b. But when the center of the wave front meets the mirror at m } 
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it is turned back, and by Huygens’ principle the reflected wavelet reaches n 
in the same time in which it would have reached n' if there were no mirror. 
By constructing the wavelets from other points on the mirror one obtains 
the reflected wave front anh whose center is at F. The light that enters the 
eye appears to originate at point F behind the mirror. Hence F is the princi¬ 
pal focus of the mirror, since the waves were proceeding in a direction parallel 
to the principal axis before reflection. In general, a mirror changes the curva¬ 
ture of a wave by 1 // and the curvature of the reflected wave 1 /q differs from 
that of the incident wave 1 /p by an amount 1//. In the case just considered, 
the curvature of the incident wave is zero, and the curvature of the reflected 
wave is 1 //. 

Example: A candle is held 3.0 in. in front of a concave mirror whose radius is 
24 in. Where is the image of the candle? 


Figure Mb illustrates the conditions of the problem. From the general mirror 
equation 


we have 


1 1 _ 1 _ 2 
P + 7 ~ / ~~ r 


1 


1 


1 


1 

q 


3.0 in. q 12 in. 

1 - 4 _ _ 3 

12 in. ” 12 in. 


= —4.0 in. 


The negative sign for <7 indicates that the image lies behind the mirror and is a virtual 
image. 


Magnification. The linear magnification produced by a mirror is the 
ratio of image size to object size. From the similar triangles, 00'M and II'M, 
in Fig. 13, it is apparent that the size of the image II' is to the size of the 
object 00' as the image distance q is to the object distance p. This will be 
true for any spherical mirror, neglecting signs. 


Magnification = 


image height 
object height 




Example: A man has a concave shaving mirror whose focal length is 20 in. How 
far should the mirror be held from his face in order to give an image of twofold 
magnification? 

An erect, virtual, magnified image is desired. Figure 11 A illustrates the conditions 
of the problem. The equation 



6 34 


COLLEGE PHYSICS 


M =- = 2 

P 

gives a relation between p and q without regard to sign. But since the image is 
virtual, p and q have opposite signs or 

q = — 2 p 

Substitution in the general mirror equation gives 

1 1 1 
p + -2 p ~ 20 in. 

2 - 1 _ 1 

2 p ~ 20 in. 
p = 10 in. 

Spherical Aberration. The foregoing discussion of spherical mirrors 
applies only to mirrors whose apertures are small compared with their radii 




Fig. 15. Spherical aberration. Fig. 16. Reflection from a para¬ 

bolic mirror. 


ol curvature and for objects on or near the principal axis. Under other con- 

diiions the images formed are blurred and imperfect. For example, the 

extreme rays rellected from a mirror of large aperture (Fig. 15) cross the 

axis closer to tin mirror than do the raws which are reflected nearer the center 

• 

of the mirror surface and pass through the focal point F. This imperfection is 
called spherical aberration. 1 he image is drawn out into a surface formed by 
the intersecting rays; the trace ol this surface in the plane of the paper is a 
curved line called the caustic ol the mirror. A caustic curve can be observed 
on the surface ol liquid in a glass tumbler when the inner surface of the glass 
is illuminated obliquely. 

It is possible to design the reflecting surface of a mirror of such shape that 
all rays reaching it from a definite object point will be brought to a common 
focus. For an object point at a great distance (incident rays parallel) the 
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mirror should be a paraboloid. The most common use is in the mirror of the 
automobile headlight. When the filament is placed at the focus of the mirror, 
the rays sent out form a parallel beam (Fig. 16). A very slight shift in the 
position of the filament causes a marked displacement of the beam. The 
searchlight mirror and the big reflectors of astronomical telescopes are other 
applications of the parabolic mirror. 

SUMMARY 

Huygens’ principle states that light progresses as a wave, that every point 
on a wave front acts as a secondary source sending ahead wavelets, and that 
at any instant the new wave front is the surface tangent to all these wavelets. 

When light is reflected, the angle of reflection is equal to the angle of 
incidence. This is the law of reflection. 

The image formed by a plane mirror is the same size as the object and is 
located as far behind the mirror as the object is in front of it. 

When a plane reflector is rotated through a given angle, the reflected ray 
is deviated through twice as large an angle. This is the principle of the 
optical lever. 

The principal focus of a spherical mirror is the convergence point for rays 
parallel to and close to the principal axis of the mirror. It is located halfway 
between the mirror and its center of curvature. 

The mirror equation is 

1 1 2 = 1 

/' '/ ' / 

Fhe mirror equation applies to both concave and convex mirrors. The radius 
of curvature r and focal length / are taken as positive for concave (converging) 
mirrors and negative for convex (diverging) mirrors. The object distance p 
and the image distance q are taken as positive for real objects or images and 
negative for virtual objects or images. 

The linear magnification is defined by the equation 


For spherical mirrors 


Magnification 


image size 
object size 



The equation holds for both concave and convex mirrors, where the right- 
hand term stands for the absolute value of q/p, without regard to sign. 

Not all rays parallel to the principal axis of a spherical mirror are reflected 
to a single focus. The rays farther from the axis are reflected to cross the axis 
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nearer to the mirror than those close to the axis. This imperfection is called 
spherical aberration. 

QUESTIONS 

1 . A plane wave strikes a plane mirror at an angle of incidence of 30°. By the 
use of Huygens’ wavelets construct the reflected wave front. 

2. A carpenter who wishes to saw through a straight board at an angle of 45° 
places his saw at the correct angle by noting when the reflection of the edge of the 
board in the saw seems to be exactly perpendicular to the edge itself. Explain by the 
use of a diagram. 

3. Compare the reflection of light from white blotting paper with that from a 
plane mirror. Which is more readily seen at a distance? Why? Why should one sit 
with his back to a window for most comfortable reading? 

4. How can a real image be distinguished from a virtual image? Can each type 
of image be projected on a screen. Why? 

5. Using Fig. 4, prove geometrically that the image point / is the same distance 
horn the mirror as the object point O. 

6 . Show that for a plane mirror the image moves away from the object twice as 
fast as the mirror moves from the object. 

7. Identical twins stand at equal distances on opposite sides of an opaque wall. 
What is the minimum size of window which must be cut in the wall so that they can 
obtain a full view of each other? How must the window lx* placed? What would the 
answers to these questions be as the twins move farther away from the wall? (Compare 
with problems 1 and 2 .) 

8 . If light waves arc to converge to a point after reflection in a plane mirror, 
what must be their form before reflection? 

9. Two plane mirrors are placed at an angle of 90°. A ray of light falls on one 
mirror. What is the direction of the ray after two reflections? How is this principle 
used in reflectors on highway signs? 

10. Prove the fact that when a plane mirror is rotated a beam of light reflected 
from it will rotate twice as fast as the mirror. Suggest some practical applications of 
this tact. 

11 . W hat types of mirrors might possibly be used to make a “burning glass”? 

12 . I wo concave spherical mirrors have equal focal lengths but different apertures. 
\N hich mirror will form the hotter image of the sun? Why? Answer the same question 
for two mirrors of equal aperture but different focal lengths. 

13. A luminous object has its image formed by a concave mirror. Can the radiant 
energy concentrated on unit area in the image ever exceed the energy emitted per 
unit area of the source? 

14. Where must an object be placed in front of a concave mirror in order that the 
image be erect and of the same size as the object? Illustrate by a ray diagram. 

15. Does a convex mirror ever form an inverted image? Why? Illustrate by ray 
diagrams. 

16. Draw appropriate ray diagrams to locate the approximate position and size 
of the image formed by a concave spherical mirror (Fig. 11) when the object lies 
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(a) beyond C, ( b) at C, (c) between C and F , and ( d) inside F. Identify the nature of 
each image, real or virtual. 

17. Construct a graph showing the image distance (ordinates) against object 
distance (abscissas) for a concave mirror as the object distance is varied from plus 
infinity to minus infinity. Construct a similar graph for the case of a convex mirror. 

18. A distant object is brought toward a concave spherical mirror. Describe the 
changes in the size of the image as the object distance varies from infinity to zero. 

19. Two spherical mirrors of the same size and having focal lengths 1 ft and l > ft, 
respectively, are placed in the path of the parallel rays from a searchlight. Compare 
the sharpness of the images formed by the two mirrors. 

20. A searchlight comprises a light source and a reflecting mirror of radius F. 
What should be the distance between the source of illumination and the mirror if as 
much light as possible is to be concentrated into a beam that neither converges nor 
diverges? What form of mirror is needed for this purpose? What characteristics should 
the luminous source have? 

PROBLEMS 

Sketch a ray diagram for each of the following problems involving spherical 
mirrors. 

1. A man 5 ft 10 in. tall stands 4.0 ft from a large vertical plane mirror, (a) What 
is the size of the image of the man formed by the mirror? (/>) How far from the man is 
his image? (c) What is the shortest length of mirror in which the man can see himself 
full length? (d) What length of mirror would suffice if he were 10.0 ft away? 

2. It is desired to mount a plane mirror so that a lady can see a full-length image 

of herself. How short a mirror will'serve this purpose for a person 5 ft 8 in. tall? How 
should it be mounted? Ans. 34 in. 

3. A man 6.0 ft tall stands 15 ft away from a large, vertical plane mirror. What 
is the angle subtended at his eye by his image in the mirror? 

4. Two vertical, plane mirrors face each other 8.0 m apart. A candle is set 1.5 m 
from one mirror. An observer in the middle of the room looks into the other mirror 
and sees tw'o distinct images of the candle. How far are these images from the observer? 

Ans. 10.5 m; 13.5 m 

5. An electric lamp with a concentrated filament of 300 candles intensity is 
placed 2.5 ft in front of a plane mirror. What is the illuminance 9.0 ft in front of the 
lamp? Neglect the radiation from the walls of the room. 

6 . An observer walks toward a plane mirror at a speed of 12 ft/sec. With what 

speed does he approach his image? Ans. 24 ft/sec 

7. The distance of comfortable, distinct vision is about 25 cm for the average |>er- 
son. Where should a person hold a plane mirror in order to see himself conveniently? 

8 . A narrow' beam of light reflected from the mirror of a galvanometer falls on 

a scale 2.0 in away and placed perpendicular to the reflected rays. If the spot of light 
moves laterally a distance of 40 cm when a current is maintained in the instrument, 
through what angle docs the mirror turn? Ans. 5.7° 

9. A concave mirror has a radius of curvature of 10 cm. Locate the image when 
an object is (a) 20 cm from the mirror and ( b ) 5.0 cm from the mirror. 
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10 . An object is placed 20 cm in front of a concave mirror of radius 60 cm. Where 

is the image? Arts. — 60 cm 

11 . An object is located 2.0 ft in front of a polished metal ball 1.0 ft in diameter. 
Locate the image. 

12 . An object is located on the principal axis of a convex mirror 20 in. in front of 

the mirror. The image is 6.7 in. behind the mirror. What is the radius of curvature 
of the mirror? Ans. —20 in. 

13 . The straight filament of a showcase lamp is placed with its center 18 in. from 
a concave mirror of focal length 9.0 in., and on the principal axis. The filament makes 
an angle of 30° with the principal axis. Locate the position of the image of the lamp 
filament. 

14 . In a solar heater, water flows through a glass pipe located above and parallel 

to a semicylindrical concave reflecting surface. If the reflector has a diameter of 3.0 
ft how far above the reflector should the center of the pipe be located? Should the 
axis of the cylinder be located in an east-west or north-south direction? Is it desirable 
to rotate the mirror during the day? Ans. 9.0 in. 

15. A candle 2.0 in. high is placed 18 in. from a concave mirror of 12-in. radius, 
on the principal axis. Determine the size of the image. 

16. The moon is approximately 2160 mi in diameter. What is the size of the 

image of the moon formed by a concave mirror of 3.0 m radius when the moon is 
at its nearest distance from the earth, 221,000 mi? 15 mm 

17. A dentist holds a concave mirror of radius of curvature 6.0 cm at a distance 
2.0 cm from a filling in a tooth. What is the magnification of the image of the filling? 

18. W hat is the focal length of a shaving mirror that gives a twofold magnification 

of the face placed 1 ft in front of it? .4, w . 2 ft 


19. Mow far must one stand from a concave mirror having a focal length of 2.0 ft. 
in order that he may see an erect image of his face twice its natural size? 

20. A convex mirror whose focal length is 15 cm has an object 10 cm tall and 60cm 
away. Find the position, nature, and size of the image. Ans. —12 cm; 2.0 cm 

21. A concave mirror has an object 10 cm tall and 60 cm from the mirror. The 
radius of curvature is 30 cm. Find the position, nature, and height of the image. 

22. A concave mirror has a radius of curvature of 24 cm. A small lamp bulb is 

held on the axis 18 cm from the mirror. Find the position and nature of the image 
and iis magnification. Ans. 36 cm; 2.0 

23. A spherical concave mirror has a focal length of 10 cm. An object 1.5 cm tall 
is 20 cm from the mirror. How tall is the image? 

24. A concave mirror has a radius of curvature of 20 cm. Locate the image and 
determine its size when an object 4.0 cm high is 5.0 cm in front of the mirror. 

-4m\ —10 cm; 8.0 cm 

25. A convex mirror gives an image one-third the size of the object when the object 
is 30 cm in front of the mirror. What is the radius of curvature of the mirror? 

26. A convex mirror forms an image one-fifth the size of an object which is 30 cm 

distant from it. What is the radius of curvature of the mirror? .-Inr. — 15 cm 

27. A concave mirror has a radius of curvature of 3.0 ft. Locale the image and 
determine its size when an object 6.0 in. high is 1.0 ft in front of the mirror. 
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28 . Find the position, nature, and size of the image of an object 4.0 cm long formed 

by a concave spherical mirror, if the object is 100 cm from the mirror and the radius 
of curvature is 40 cm. Ans. 25 cm; 1.0 cm 

29 . An ornamental silvered sphere has a diameter of 2.0 ft. When a 6.0-in. pencil 
is held 15 in. from the mirror, where is its image formed? What is the height of that 
image? 

30 . The sun has a diameter of 864,100 mi and is distant, on the average, 92,900,000 

mi from the earth. What will be the size of its image formed by a concave mirror of 
6.0 ft radius? Ans. 0.33 in. 

31. How far from a concave spherical mirror of 12-cm focal length must a small 
object be placed on the axis of the mirror to form an inverted image twice the height 
of the object? 

32 . An object is 5.0 cm high. It is desired to form a real image 2.0 cm high, 100 

cm from the object. What type of mirror is needed and of what focal length should it 
be? Ans. 48 cm 

33. A concave and a convex mirror, each of radius 40 cm, face each other at a 
distance of 60 cm. An object 5.0 mm high is placed midway between the mirrors. 
Find the position and size of the image formed by successive reflections from the two 
mirrors (a) if the first reflection is at the concave mirror and ( b ) if the first reflection 
is at the convex mirror. 

34. A concave mirror has a radius of curvature of 50 cm. Find two positions in 
which an object may be placed in order to give an image four times as large. What is 
the position and character of the image in each case? 

Ans. 31 cm; 19 cm; 125 cm; —75 cm 
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Refraction of Light 


Light travels in straight lines in a homogeneous medium. Reflection occurs 
at the surface of a second medium. But in general some light also passes from 
the first medium into the second. A light wave (or ray) that enters another 
medium obliquely will undergo an abrupt change in direction if the speed 
of the wave in the second medium is different from that in the first. This 
bending of the light path is called refraction. 
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A pencil dipped obliquely through the surface of water appears to be bent 
sharply where it enters the water. A coin so placed on the bottom of a cup 
as to be hidden by the sides of the cup may become visible when the cup is 
filled with water. Objects appear enlarged and distorted when viewed 
through the curved surface of a bottle. These are examples of the refractior 
of light as it passes from one material ^ 

to another. The simple laws of refrac- 0 I 

tion make possible the construction of \ I \ 

the lenses for spectacles, magnifiers, \ \ 

cameras, telescopes, and microscopes, '/d 

which extend the usefulness of our \l\ n 

c _ Vx __o 9 

eyes. i\ ° 

Refraction. Consider the simplest ^xC \ 

case of refraction, that of a plane wave pA \ 

meeting a plane surface. In Fig. 1, AB | Y \ 

represents an advancing plane wave, * \ ' 

OA and PB arc rays normal to the 

.. r j \r 4 • 1 Fig. 1. Refraction of a plane wave. 

wave front, and NA is the normal to 1 

the surface of the medium at A. The direction of the incident rav OA is 
defined by the angle of incidence /, which it makes with the normal AVI. 
The plane containing the incident ray and the normal to the surface is 
called the plane of incidence. The angle r between the refracted ray .-1C and 

the normal is called the angle of 
refraction. 

The incident ray, the refracted 
ray, and the normal to the surface 
. lie in the same plane. 

D S* r 

u ° Refraction may be explained on 
the basis of the wave theory quite 
simply. Let SS' in Fig. 2 represent 
the boundary surface between two 
optical materials and AB a plane 
Fio. 2. Refraction represented by a Huy- wave front in the first medium at 

* the instant one edge of the beam 

enters the second medium. A Huygens’ wavelet starting from A will 
move a distance AC in the second medium in the same time that the 
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y 


'C 


Fio. 2. Refraction represented by a Huy¬ 
gens’ wave diagram. 


wave moves from B to I) in the first medium. As the original wave front AB 
moves on, secondary wavelets will be started from successive points, such as 
A' and A”, on the surface SS' to the right of A. When the point B of the 
original wave front has reached D, all the secondary waves will have spread 
into the second medium. There will be a new wave front CD in the second 
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medium which is the envelope of all the secondary wavelets. Because the 
wave travels more slowly in the second medium than in the first, the new 
wave front CD is not parallel to the original wave front AB. The light has 
been refracted. The dotted construction lines of Fig. 2 show that the wave 
would have reached the position C'D in the time considered if it had con¬ 
tinued at its original speed. 

From this consideration of Fig. 2 we note that when a ray of light passes 
from one material into another in which its speed is less than in the first, the 
ray is bent toward the normal. If the light travels from the medium of lesser 
speed into that of greater speed, the ray will be bent away from the normal. 
This would represent a condition in which the direction of propagation of 
the light in Fig. 2 is reversed. 

Index of Refraction. An experimental relationship between the angle 
of incidence and the angle of refraction is known as Snell’s law. The ratio oj 
the sine oj the angle oj incidence to the sine oj the angle oj rejraction is a constant , 
independent oj i 

sin i n x 

-- = n (1) 

sin r 

The constant n is called the index oj rejraction. 

Our consideration of the bending of the wave as it passes from one medium 
to the other indicates that the bending is dependent upon the relative speeds 
in the two media. Equation (1) might serve as a defining equation for index 
of refraction, but we shall use the speeds of light in the two media to define 
the quantity. The relative index of refraction n 12 of a second medium relative 
to the first is defined as the ratio of the speed V\ of light in the first medium 
to the speed v 2 of light in the second medium 


i'i 

— — n 12 

l>2 


( 2 ) 


The use of two subscripts on the letter n indicates the sense in which the wave 
is traveling, that is, which is the first medium and which is the second. 

From a consideration of Fig. 1 one may show that the ratio of the sines 
of Eq. (1) is equivalent to the ratio of the speeds of Eq. (2). 

Since DA is perpendicular to AN and BA is perpendicular to AO , 


Likewise 


2^ DAB = 2^i 


2$. ADC = 4_r 

sin x DAB = ^ 

AD 


sin 1 
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sin XfADC = 

sin i _ 
sin r 


AC 

AD 

BD 

AC 


sin r 


Since the wave front travels from B to D in the first material in the same time 
it travels from A to C in the second material, these distances are proportional 
to the speed of light in the two materials 


BD _ Vi 
AC vo 


and 


sin / _ t’i 
sin r Vo 


Example: A ray of light in water is incident on a plate of crown glass at an angle 
of 45°. What is the angle of refraction for the ray in the glass? 


By Snell’s law 


giving 


tV _ v„/Vj _ ’K _ 1.517 
v u v 0 /v v n v 1.333 


1.137 


sin 45° 
sin r 


1.137 


sin r 
r 


0.707 
1.137 “ 
38° 37' 


0.624 


The absolute index of refraction no of a medium is its index relative to a 
vacuum, that is, the ratio of the speed v t , of light in a vacuum to its speed in 
the medium. 

The numerical value of an index of refraction is characteristic of the two 
mediums, but it depends also on the wavelength of the light. Hence an index 
of refraction is specified definitely only when the wavelength of the light is 
stated. Unless otherwise mentioned, an index is usually given for yellow light. 
The absolute index of refraction for air under standard conditions is 1.0002918 
for light having the wavelength of the D line of sodium (5893 A). Since the 
absolute index n a for air is so near to unity, it follows that for a solid or a liquid 
the absolute index and the index relative to air differ only slightly and it is 
usually not necessary to distinguish between them. 

The Shallowing Effect of Refraction. When a spherical wave front 
passes from one material to another through a plane surface, the form of the 
wave front is changed and it is in general no longer spherical. A particular 
case of interest, represented by Fig. 3, is that of waves from a point source O 
in some optically dense medium emerging into air. 

When the wave front from O has reached A , the secondary wavelet from P 
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TABLE I. INDICES OF REFRACTION (FOR WAVELENGTH 5893 A) 

Solids 


Crown glass. 

. 1.517 

Calcitc (ordinary ray). 

. 1.658 



(extraordinary ray). 

. 1.486 

Barium flint glass. 

. 1.568 



Barium crown glass. 

. 1.574 

Canada balsam. 

. 1.530 

Light flint glass. 

. 1.580 

Diamond. 

. 2.419 

Dense flint glass. 

. 1.656 

Quartz, fused. 

. 1.4585 

Fluorite. 

. 1.434 

Ice at — 8°C. 

. 1.31 

Liquids (n relative to air) 

Benzene at 20°C. 

. 1.501 

Water at 0°C. 

. 1.334 

Carbon disulphide at 20°. . . 

. 1.643 

20°. 

. 1.333 

Carbon tetrachloride at 20°. 

. 1.461 

0 

O 

. 1.331 

Ethyl alcohol at 20°. 

. 1.354 

CO 

o 

0 

. 1.323 

Gases and vapors at 0°C and 760 mm of mercury pressure 

Dry air. 

1 

. 1.000292 : 

Ethyl ether. 

. 1.00152 

Carbon dioxide. 

. 1.00045 ! 

i 

Water vapor. 

. 1.000250 


will have reac hed Q, where PQ. = 4 ;{ (0.-l — OP), since light has a speed in 
air four-thirds of that in water. The secondary wavelet from C will have 





l ie., 3. I hr apparent depth of an object under water is less than its depth below the 
surface. 


spread to a radius CP = 4 ;j(0.-l — OC). By drawing similar secondary wave¬ 
lets from successive points along API), one can locate the new position of the 
advancing wave front .10/9 and show that this wave front is no longer 
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spherical. For an observer at E looking vertically down, the wave front 
arrives with a radius of curvature 0\P and the source appears to be at 0\ at 
a depth three-fourths of the actual depth of the object 0 below the surface 
of the water. To an observer at E' the object seems to be at 0 2 still closer to 
the surface. If the normals to the emergent wave front are extended down¬ 
ward, they are found to be tangent to the caustic curve 0\D. For any position 
of viewing, the object appears to lie along the line OP, at a depth that lies 
between 0\ and 0 3 . 

For any medium when viewed from a direction normal to the surface of 
separation, the ratio of the real depth to the apparent depth is equal to the 
index of refraction of the medium. 


Real depth 
Apparent depth 



Example: A plate of glass 1.00 in. thick is placed over a dot on a sheet of paper. 
The dot appears 0.640 in. below the upper surface of the glass when viewed from 
above through a microscope. What is the index of refraction of the glass plate? 


Real depth 
Apparent depth 

n 


n 

1.00 in. 
0.640 in. 


n = 1.57 


Mirages, Atmospheric Refraction. On still, sunny days there may be a 
layer of hot expanded air in contact with the heated ground. Light travels 



F 10 . 4. A mirage is formed by atmospheric refraction upward. 

faster in the rarer hot air than in the denser cool air above it. Hence light rays 
entering the warm air obliquely from above will be refracted upward. One 
may sec inverted images of distant objects (Fig. 4) suggestive of the reflections 
m a smooth pool of water. Mirages on a small scale are often observed over 
concrete highways on still, hot days. 

A mirage of another sort called looming may occur when atmospheric con¬ 
ditions are reversed and the lower strata of air are cooler than the upper 
strata, as would be the case over a snow field or a body of cold water. Rays 
of light from a distant object are then deviated downward. One may see an 
• mage of a ship above the ship itself, or the curvature of the light rays may 
bring into view objects normally below the horizon (Fig. .5). 
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The change of the refractive index of air with changing temperature is 
easily observed in a turbulent stream of hot air rising from a stove or radiator, 
since there is an apparent wavering of objects seen through the nonhomo- 
geneous air. A ray of light entering the earth’s atmosphere obliquely is bent 



Fig. 5. Looming is caused by atmospheric refraction downward. 


toward the normal. Hence we see light from the sun while it is slightly below 
the horizon; and the sun is flattened in appearance at sunrise and sunset. 

I he positions of the sun and stars always appear to be higher than their 
actual positions, except when they are directly overhead. 


Fig. 6. 
angle. 


Total 



internal reflection occurs when the angle of incidence exceeds the critical 


Total Internal Reflection. In speaking of optical materials, it is cus¬ 
tomary to refer to relative speeds in terms of “optical density.” A material 
of lesser speed is called optically more dense. 

If we consider the passage of light from an optically denser medium out 
into air, as in I'ig. 6, we observe that as the angle of incidence 1 is increased 
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the angle of refraction r increases and approaches the limiting value rj = 90°, 
beyond which of course, there could be no light refracted into the air. The 
limiting angle of incidence in the denser medium, which makes the angle of 
refraction 90°, is called the critical angle of incidence i c - From the law of 
refraction 


sin i e 


\_ 

n 



where n is the index of refraction of the optically denser medium relative to 
air. 

When the angle of incidence is increased beyond its critical value /<-, we 
find that the light is totally reflected, making the angle of reflection r' equal 
to the angle of incidence i'. Total reflection can take place only when the 
light in the denser medium is incident on the surface separating it from the 
less dense medium. 

Example: What is the critical angle between carbon disulphide and air? 

. . 1 
sin /, = - 
n 

where n is the index of refraction of carbon disulphide relative to air. 


sin i r 

lc 


1 

1.643 “ 
37° 27' 


0.608 


Total reflection is utilized in various optical instruments. A beam <*l lieht 
ma Y be turned through 90° by a 45° right-angle prism of glass having polished 



Fig. 7. Totally reflecting prisms. 

faces (Fig. 7 a). Total reflection in a roof prism (Fig. 7/;) inverts the image 
and such an inverting prism may be used in binoculars or in a piojetti<»n 
antern to give an upright image of an object that otherwise would appeal 

Averted. 

Refraction through Plane-parallel Plates. When a ray of light passes 
r °ugh a layer of transparent material that has plane parallel surfaces and 
emerges again into the first medium, the emergent ray is parallel to its 
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original direction but is displaced laterally. This may be seen by applying 

the laws of refraction at each of the sur¬ 
faces represented in Fig. 8. 

Refraction by a Prism. When light 
passes through a glass prism, it is bent to¬ 
ward the thicker part of the prism. In Fig. 
9, A is the prism angle and 5 is the angle of 
deviation, measured between the original 
a direction of the incident ray and the direc¬ 
tion of the refracted ray. The deviation is 



Fig. 8. Refraction through 
plane-parallel glass plate. 


found to depend on the prism angle, the index of refraction of the prism 
material, and the angle of incidence i. Minimum deviation D occurs when 
the ray passes through the prism symmetrically making t equal to 




Fig. 9. Refraction hv a prism. The deviation 6 in («) is greater than the minimum devia¬ 
tion D in (/>). For minimum deviation, / = 

From 1 ig. 9, the deviation 6 is the sum of that (i — r) taking place at the 
first surface and that (;' — r') at the second: 


& = i — r + i' — r' = (1 + /') - (r + r') 

But r + r' = .1; for minimum deviation i = 1 ', and hence r 
1 here fore for minimum deviation 


= r 


D = 2i — A 


and 


or i = l- 2 (A + D) 


r = o 


Substituting these values in Snell's law n = sin i, sin r, we have 


n 


_ sin 1 2 (-‘1 4" D) 


sin 


HA 


( 5 ) 


A precise method of determining the index of refraction of a prism is based 
on this equation. 
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Example: Light from a sodium lamp when passed through a 60° OO'-prism has a 
minimum angle of deviation of 51° 20'. What is the index of refraction of the glass? 

sin H(60° 00' + 51° 20') sin 55° 40' 

" ” sin \ 2 (60° 00') “ sin 30° 00' 

0.8257 

” “ 0.5000 “ 651 

Equation (5) can be used only when the prism is so adjusted that the ray 
passes through the prism perpendicular to the bisector of the angle of the 
prism. For any other angle of incidence, it is possible to compute the devia¬ 
tion (now greater than the minimum) by following the ray through the 
prism, calculating the angles of incidence and refraction at each surface. 

SUMMARY 

Refraction is the change in direction of a light ray because of change in 
speed. 

An experimental law of refraction, called Snell's law. states that 

sin i 

-— = n 
sin r 

a constant called the index of refraction. The index of refraction of the me¬ 
dium that the light enters relative to the medium from which it comes is 
given by the ratio of the two speeds. 

v\ 

71 12 — — 

V 2 

The subscripts indicate the order of the media. If the light enters from a 
vacuum, n is called the absolute index of refraction of the material. 

A transparent body appears to be less thick than it really is because of the 
refraction at its surface. The amount of this shallowing effect depends upon 
the angle at which it is viewed. 

M\rages result from atmospheric refraction. 

Total internal reflection may occur when light passes from a medium of lesser 
speed to one of greater speed. As the light proceeds in this direction, it is bent 
away from the normal. The angle of incidence in the denser material for 
which the angle of refraction is 90° is called the critical angle. If the angle of 

incidence in the denser material is greater than the critical angle, total 
reflection occurs. 

When light passes through a body whose surfaces are plane and parallel, 

• e rays are displaced but not deviated. 
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When light passes through a prism, it is bent toward the thicker part of 
the prism. The amount of deviation depends upon the angle of the prism, 
the angle of incidence, and the index of refraction of the prism. Minimum 
deviation occurs when the ray passes through the prism symmetrically, 
making i = »\ For minimum deviation D 

= sin }j(A + D) 

sin 1 oA 

• M 


QUESTIONS 


1. How could one show that light travels faster in air than in water? 

2. A bundle of rays parallel to the principal axis is reflected by a convex mirror 
in air. If the mirror is placed in water, will the divergence of the rays from the mirror 
be the same? Illustrate by sketches. 

3. When carbon disulphide is diluted with xylol, an index of refraction of unity 
may be obtained. A glass plate immersed in this mixture is nearly invisible. Why? 
How does the fact that white light is a mixture of various wavelengths aficct the 
appearance of the plate? 

4. When a piece of thick plate glass is placed in a beam of convergent light, what 
happens to the point of convergence? Explain by the use of a diagram. 

5. A coin is placed at the bottom of a metal pail in such a position that it is just 
barely hidden from sight. Show by the aid of a diagram why the coin becomes visible 
when water is poured into the vessel. 

6. If a stic k standing slantwise in a pond is viewed obliquely from above, the 
part under water appears to be bent upward. Explain by the aid of a sketch. 

7. If a hunter desired to shoot a fish whose image could be seen in clear water, 
should he aim above or below the fish? Explain by the aid of a sketch. 

8. Describe, with a diagram, the sort of view a fish might see on looking up from 


a small, circular pool. 

9. Explain the causes of the twinkling of stars. 

10. Explain the waviness frequently observed over a hot surface. Is this effect 
similar to the wet mirage often seen by a motorist ascending a hill on a hot, 
dry dav? 


11. Explain the effect refraction has on the duration of daylight. How would this 
effec t difler in a clear atmosphere as compared with one with considerable smog? 

12. If the* air is warmer near the ground than it is at the level of a target, will a 
marksman aiming a rifle at the bull's-eye tend to hit the target above or below the 
bull's-eye? 


13. If there were no air surrounding the earth, how would this affect the appear¬ 
ance of the sky? 

14. It is impossible for light falling upon a pane of glass in an ordinary window to 
be totally reflected. Explain why this must be true. 

15. Show by the use of a diagram how light can be ‘“piped” through a curved 
quartz rod with little loss in intensity. What is a practical application of this effect? 
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16. From a consideration of the critical angle, explain why a diamond examined 
in a beam of light sparkles more brilliantly than a piece of glass of the same shape. 

17. Why is a right-angle prism a better reflector than a plane silvered mirror? 
Would the reflection be improved by covering with a metallic coating the polished 
surface at which the reflection takes place? 

18. When one looks down into a glass of water, he cannot see the table through the 
walls of the tumbler although the fingers where they are in contact with the glass 
walls may be seen. Explain by the aid of a ray diagram. 

19. How is the deviation of a beam of light by a prism affected by placing the 
prism under water? What would happen to the deviation if the prism were of air, for 
example if the prism were hollow with plane glass sides? 

20. Trace a beam of light through a crown-glass prism that is immersed in carbon 
disulphide. 

PROBLEMS 


1. What is the frequency of green light, which has a wavelength of 0.000055 cm in 
air? What is the wavelength of this light in glass for which the index of refraction is 
1.52? 


2 . The angle of incidence of a ray of light at the surface of water is 40°, and the 
observed angle of refraction is 29°. Compute the index of refraction. Ans. 1.33 

3. If a certain glass has an index of refraction of 1.50, what is the ratio of the 
speed of light in the glass to the speed of light in air? 

4. A ray of light goes from air into glass (n = making an angle of 60° with the 
normal before entering the glass. What is the angle of refraction in the glass? 

Ans. 35° 

5. The index of refraction of a certain sample of glass is 1.71. What is the speed 
of light in this glass? 

6. A ray of light makes an angle of 30° with the normal in glass (« = ? i), and 

passes into a layer of ice (n = 5s). What is the sine of the angle the ray makes with 
the normal in the ice? .Ins. ?if, 

7. A ray of light is incident upon a plate of dense flint glass 8.50 cm thick. The 
angle of incidence is 30°. At what place and in what direction will the light emerge 
from the glass? 

8- An aquarium 3.0 ft long is filled with water. A beam of light is incident upon 
one end of the aquarium at an angle of 25°. Neglecting the effect of the glass walls 
«>f the aquarium, calculate the lateral displacement of the emergent beam. 

Ans. 4.4 in. 


9- A light ray is incident at an angle of 35° upon a plate of crown glass. From the 
glass the light passes into water. What is the direction of the ray in the water? 

10. A coin is placed beneath a rectangular slab of glass 2.0 in. thick. If the index 

of refraction of the glass is 1.50, how far beneath the upper surface of the glass will the 
tom appear to be when viewed vertically from above? Ans. 1.3 in. 

11. A plane parallel-sided piece of glass 8.0 cm thick and having an index of 
refraction of 1.50 is held with the nearer surface 25.0 cm from the eye. At what 
distance from the eye will a mark on the farther surface of the glass appear? 
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12. At what angle of incidence should a ray of light approach the surface of a dia¬ 

mond (n = 2.42) from within, in order that the emerging ray shall just graze the 
surface? Ans. 24.4° 

13. What is the critical angle at the boundary between crown glass and water? 
In which medium must the light be for total reflection? 

14. A ray of light from a sodium-vapor lamp falls on the surface of a liquid at an 
angle of 45° and passes into the liquid making an angle of refraction of 30°. (a) What 
is the index of refraction of the liquid with respect to the air? {b) What is the speed of 
yellow light in the liquid? (c) What is the value of the critical angle in the liquid? 

Ans. 1.41; 130,000 mi/sec; 45° 

15. A Nicol prism is made by cementing together with Canada balsam two pieces 
of calcite. The index of refraction for calcite is 1.658 and for Canada balsam is 1.530. 
Determine the critical angle. 

16. A beam of light strikes normally one of the faces of a 60° dense flint-glass 

prism. Trace the path of the light through the prism, and determine the angle of 
deviation of the beam. Ans. 60° 

17. A ray of light is incident normally upon a dense-flint prism which has a 
refracting angle of 30°. What is the deviation of the ray? 

18. A ray of light strikes a plate glass at an angle of 45°. If the index of refraction 
of the glass is 1.52, through what angle is the light deviated at the air-glass surface? 

Ans. 17.3° 
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Thin Lenses 


When light passes through an object made of a transparent material ii is, in 
general, deviated both at entrance and at emergence. Just how much 
resultant deviation there will be depends upon the shape of the refracting 
l>ody as well as upon the relative index of refraction. 

We have observed that a ray of light is bent toward the thicker part ol an 
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optically dense prism. Consider the double prism of Fig. la. Two rays 
parallel to the common base pass through one of the prisms, and each is bent 
around the base. They emerge parallel to each other, since the prism has not 
changed the curvature of the wave front. If a second pair of rays parallel to 
the first (Fig. lb) passes through the other prism, they will also be deviated 
and each will cross the first pair. However, the four rays do not reach any 
common point. Such a pair of prisms does not focus a set of rays. 




Fig. 1. Refraction by a double prism. 

If, however, we change the shape of the transparent body, we can arrange 
it so that each of the parallel rays is bent by a different amount and all will 
intersect at a common point. Such a body with its curved surfaces changes 
the shape of the wave front. A transparent body with regular curved surfaces 
that produce changes in the shape of the wave front is called a lens. 

Lenses. I he curved surfaces of lenses may be of any regular shape, such 
as spherical, cylindrical, parabolic, or even curves that deviate from these 



Ca) (b) ( c ) (d) (e) (f) 

CONVERGING DIVERGING 

Fig. 2. Lenses of various forms. 


regular surfaces. 1 he most common forms of lenses are those in which the 
surfaces arc parts of spheres or one spherical and the other plane. Spherical 
surfaces are used because they are easiest to make. The line joining the 
centers of the two spheres is called the principal axis of the lens. Typical forms 
of spherical lenses arc shown in Fig. 2. 

A lens produces a change in the curvature of a wave front passing through 
it. If the lens is made of optically dense material, as is usual, the speed of 
light in the lens is less than in air, and a thin-edged lens retards light passing 


THIN LENSES 


6 55 

through the center more than light passing near the edge. Hence a plane 
wave (Fig. 3 a) will have its central part retarded on passing through a thin- 
edged lens and will converge toward a point F after emerging. Conversely, a 
thick-edged lens will render a plane wave divergent (Fig. 3b). 

The propagation of light through lenses and the formation of images may 
be represented in wave-front diagrams based on Huygens’ principle. It is 




Fic. 3. Refraction of a plane wave by a lens. 


easier, however, to use ray diagrams. Consider a glass lens such as a of Fig. 2 
on which is incident a set of rays from a very distant source on the axis of the 
lens. These rays will be parallel to the axis. Each ray is bent around the 
thicker part of the glass. As they leave the lens, they converge toward a point 
/* (I'ig. 4). Any lens that is thicker at the middle than at the edge will cause a 
set of parallel rays to converge and hence is called a converging lens. The point 



I 4 ic. 4. 1‘ocusing of light by a converging lens. 


to which the rays parallel to the principal axis are brought to a focus is called 
the principal focus. Flic distance from the center of the lens to the principal 
ocus is called the focal length of the lens. A thin lens has two principal foci, 
one on each side of the lens and equally distant from it. 

If a lens such as d of Fig. 2 is used in the same manner, the rays will again 
* bent around the thicker part and in this case will diverge as they leave 
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the lens (Fig. 5). Any lens that is optically more dense than its surroundings 
and thicker at the edge than at the middle will cause a set of rays parallel to 
the axis to diverge as they leave the lens and is called a diverging lens. The 
point Ffrom which the rays diverge on leaving the lens is the principal focus. 



Fig. 5. The principal focus (virtual) of a diverging lens. 

Since the light is not actually focused at this point, it is known as a virtual 
focus. 

If the source is not very distant from the lens, the rays incident upon the 
lens are not parallel but diverge as shown in Fig. 6 . The behavior of the rays 



a 



c 


Ho. 6 . Effect of a converging lens on light originating (a) beyond the principal focus, ( b ) 
at the principal focus, and (r) between the lens and the principal focus. 


leaving a converging lens depends upon the position of the source. If the 
source is farther from the lens than the principal focus, the rays converge as 


they leave the lens as shown in Fig. 6 a; if the source is exactly at the principal 
lot us, the emerging rays will be parallel to the principal axis as shown in 
I ig. 6 / 1 . It the source is between the lens and the principal focus, the diver- 
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gence of the rays is so great that the lens is unable to cause them to converge 
but merely reduces the divergence. To an observer beyond the lens, the rays 
appear to come from a point Q. rather than from P, as shown in Fig. 6c. The 
point Q, is a virtual focus. 

A divergent lens causes the rays emerging from the lens to diverge more 
than those which enter. No matter 
what the position of the real source, 
the emergent rays diverge from a 
virtual focus as shown in Fig. 7. 

Image Formation by Lenses. 

When the rays converge after passing 
through the lens, they pass through 
the points occupied by the image. 

The image can be formed on a screen 
and viewed there. Such an image is 
called a real image. If the rays diverge 
on leaving the lens, they do not pass 
through the points occupied by the 
image and the image cannot be 
formed on a screen. The image can 
be seen by looking through the lens. 

This type of image is called a virtual 
image. Its position is the place from 
which the diverging rays appear to 
come. Thus Figs. 4 and 6 a represent the formation of real images, while 
I'igs. 5, 6c, and 7 represent virtual images. Note that a diverging lens pro¬ 
duces only virtual images of real objects while a converging lens may produce 
either real or virtual images, depending upon the location of the real object. 

Image Determination by Means of Rays. When an object is placed 
before a lens, it is possible to determine the position of the image graphically. 
By drawing at least two rays whose complete paths we know, the image point 
corresponding to a given object point may be located. Suppose we have as in 
Fig. 8a a converging lens with an object, represented by the arrow, placed 
some distance in front of the lens. Let F represent the principal foci on the 
two sides of the lens. A point on the object, such as the lip of the arrow, may 
be considered to be the source of any number of rays. Consider the ray which 
proceeds toward the center of the lens. Since the surface at the point of 
entrance of this ray is parallel to the surface at the point of emergence, there 
is no deviation of this ray. We are here treating only thin lenses, and hence 
the displacement of the ray is negligible. Thus for thin lenses the ray through 
the optical center of the lens is a straight line. 




originating (a) beyond the principal focus 
and (A) closer than the principal focus. 
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Now consider another ray from the tip of the arrow—one that travels 
parallel to the principal axis. We saw from Fig. 4 that all rays parallel to the 
principal axis which strike a converging lens pass through the principal focus 
after emerging. Thus the ray we have drawn from the tip of the arrow will, 
after refraction by the lens, pass through F. If this line is continued, it will cut 
the ray through the center of the lens at a point Q.. This is the image point 
corresponding to the tip of the arrow. The other image points, corresponding 
to additional points of the arrow, will fall in the plane through () perpendicu¬ 
lar to the lens axis. In particular, the image of the foot of the arrow will be on 



(c) 


Fig. 8. Image formation traced by means of ray diagrams. 

the axis if the foot of the arrow itself is so placed. An inverted real image 
of the arrow will actually be seen if a card is held in the plane QQ Inversion 
takes place also in the sidewise direction so that if the object has any extent 
in a direction normal to the plane of the figure, right and left will be reversed. 

Figure 8 b shows how to locate the image when an object is placed closer 
to a converging lens than the focal distance. We have already seen from 
Fig. 6 c that this results in a virtual image. The reason, from the point of view 
of the ray construction, is that the ray through the lens center and the ray 
passing through F do not intersect on the right-hand side of the lens, but 
diverge instead. However, they appear to have come from some point located 
by projecting them back to the left until they cross. This point is the virtual 
image of the tip of the arrow. The entire virtual image is represented by the 
clotted arrow. It cannot be formed on a screen but may be viewed by looking 
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into the lens from the right. It is customary to represent real rays in the ray 
diagram by solid lines and their extensions backward (virtual rays) by 
dotted lines as in Fig. 8. 

In a similar way, the formation of a virtual image by a diverging lens is 
shown in Fig. Sc. 

Magnification. In every example of image formation described, we may 
see from the graphical construction that 

Size of image _ di stance of image from lens 
Size of object _ distance of object from lens 

The first ratio is called the linear magnification , or simply the magnification. 
Hence, in symbols, 



where p is the distance of the object from the lens and q is that of the image. 

The Thin-lens Equation. It is possible to find the location and size 
of an image by algebraic means as well as by the graphical method already 
outlined. Analysis shows that the focal length/ of a thin lens, the distance p 
of the object from the lens, and the distance q of the image are related by 



This relation holds for any case of image formation by either a converging or 
diverging lens, provided that the following conventions are observed: 

1. Consider J positive for a converging lens and negative for a diverging 
lens. 

2. Object and image distances are taken as positive for real objects and 
images, negative for virtual objects and images. The normal arrangement is 
taken to be object, lens, and image, going from left to right in the diagram. 
If q is negative, this means that the image lies to the left of the lens, rather than 
to the right, and is therefore virtual. 

When a light wave passes through a lens, the curvature \/q of the emergent 
wave differs from the curvature \ /p of the incident wave by 1//. The amount 
by which the lens can change the curvature of any wave is 1//. 

A geometrical proof of the lens relation, Eq. (2), may be had by reference 
to Fig. 9 in which rays are drawn to locate the image A'B' of the object AH. 

From the similar triangles ABO and A'B'O 

A’B' _ B'O _ q 
AB BO p 


( 3 ) 
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From the similar triangles A'B'F and QOF 

AW = &F = q-_j £ 

0(1 OF f j 

since 

00 = AB 

d.i-i 

AB J 

Combining Eqs. (3) and (5), 

P f 

Dividing both sides of the equation by q , we obtain 

1 + 1 = 1 

? / 


(4) 


(5) 


( 2 ) 


Example: The lens system of a certain portrait camera may be considered equiva¬ 
lent to a thin converging lens of focal length 10.0 in. How far behind the lens should 



the plate be located to receive the image of a person seated 50.0 in. from the lens? 
How large will the image be in comparison with the object? 


Substitution in Eq. (2) gives 

1 1 


1 


50.0 in. q 10.0 in.’ 


or q — 12.5 in 


From Eq. (1) 


M = = 0.250 


50.0 in 

The image will be one-fourth as large as the object. 

Example: Determine the location and character of the image formed when an 
object is placed 9.0 in. from the lens of the previous example. 
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Substitution in Eq. (2) gives 


1 1 1 
9.0 in. + q~ 10.0 in. 
q = — 90 in. 


The negative sign shows that the image lies to the left of the lens and is therefore 
virtual. It is larger than the object in the ratio 



90 in. 
9.0 in. 



Example: When an object is placed 20 in. from a certain lens, its virtual image is 
formed 10 in. from the lens. Determine the focal length and character of the lens. 

From Eq. (2) 

1 1 1 
20 in. + -10 in. “ J 

f = -20 in. 

The negative sign shows that the lens is diverging. 

Power of a Lens—Diopter. The power of a lens is the amount l>y which 
it can change the curvature of a wave. Thus the power D of a lens is the 
reciprocal of its focal length 

o = J (6) 


Hence the shorter the focal length of a lens, the greater is its power. Opticians 
express the power of a lens in terms of a unit called the diopter , the power of a 
lens that has a focal length of one meter. In using Eq. (6), the focal length 
must be expressed in meters to give the power in diopters. 


Example: What is the power (diopters) of a diverging lens whose focal length is 
— 20 cm? 


J = 

Power = 


— 20 cm = 

1 

— 0.20 m 


— 0.20 m 
— 5.0 diopters 


Lens-maker’s Equation. The focal length of a lens depends upon the 
index of refraction of the lens material relative to its surroundings and upon 
the radii of curvature of the lens surfaces. It may be shown that these quan¬ 
tities are related by the equation 





( 7 ) 
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where n and r 2 represent the radii of curvature of the first and second sur¬ 
faces, respectively. In using Eq. (7), we must follow a convention of signs for 
the radii. We shall use the convention in which each radius is positive if the 
surface is curved the way it is in the double-convex lens but negative if the 
curvature is reversed. Thus in Fig. 2a both radii are positive, in Fig. 2c ri is 
positive but r 2 is negative, and in Fig. 2d both radii are negative. In Eq. (7), 
it is assumed that the lens is thin and that rays to the rim subtend small 
angles at both object and image. 

Example: A plano-convex lens (Fig. 2b) of focal length 12 cm is to be made from 
glass of refractive index 1.50. What should be the radius of curvature of the curved 
surface? 

i i - ' , - 50 - Gt +1) 

r i = 6.0 cm 

Example: A converging lens made of glass (n = 1.66) has a focal length /„ of 
5.0 in. in air. What is its focal length j v when it is placed in water (« = 1.33)? 

The index of refraction n vo of the glass relative to water is 


For water 


For glass 


Tltcff 






Substituting these values of v u and Vg, 


From Eq. (7) 



Vg/tlu 

v a /n a 


n 0 1.66 
n v 1.33 


1.25 




Dividing the second of these equations by the first, 


and 


/«, 0.66 

To = (L25 

. 0.66 r . 
f* = q ~25 3-0 in. = 13 in. 
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Lens Combinations. Two or more lenses are used in combination in 
most optical instruments. The location, size, and nature of the final image 
can be determined by the use of the lens equation or by use of a ray diagram. 
By either method we find first the image formed by the first lens, use that 
image as the object of the second lens, and locate the image formed by the 
second lens. If there arc more than two lenses, we continue this process: 
the object of each lens is the image formed by the preceding lens. 

When we have combinations of lenses, we frequently have virtual objects for 
the second and succeeding lenses. For real objects, the rays diverge from each 
point on the object. Thus the rays entering a lens from a real object are 
always diverging. When the object of one lens of a combination is the image 



Fio. 10. An enlarged, virtual image formed by successive refractions by two lenses. 

% 

formed by the preceding lens, the rays entering the second lens may be con¬ 
verging toward a position beyond the lens. The object then is said to be 
virtual. Such a situation is shown in Fig. 11. For a virtual object, the object 
distance is negative. 

When lenses are used in combination, each magnifies the image from the 
preceding lens. Hence the total magnification produced by the combination 
is the product of the magnifications of the individual lenses. 


Example: Two converging lenses O and E having focal lengths 12 cm and 4 cm, 
respectively, are placed 39 cm apart on a common principal axis. A small object is 
placed 18 cm in from of lens (J. Find the position, nature, and magnification of the 
image formed by the combination of lenses. 


A conventional ray diagram (Fig. 10) is drawn to scale to locate the image A' of 
object A formed by lens O. Image A' is found to be real. It serves as a real object for 
lens E. Starting from A\ a ray diagram is drawn through lens E showing that the 
final image is virtual, enlarged, and inverted (compared with the object A). 

1 he lens equation applied to lens O gives 
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A 

+ - = 


1 


18 cm ' q a 12 cm 
qo = 36 cm 

Magnification Af 0 = — = ^ Cm 

po 18 cm 


— 9 


Since the image formed by lens 0 lies 36 cm from 0, the object distance for lens 
E is 39 cm — 36 cm = 3 cm = p E . 

Applying the lens equation to lens E y we have 

' +± = _L 

3 cm q E 4 cm 


qt: — —12 cm 

q E 12 cm 


Magnification M E = — = — 

pp. 3 


cm 


= 4 


Total magnification A1 = M 0 X Me = 2 X 4 = 8 

The final image is formed 45 cm from the object; it is virtual, inverted, and mag¬ 
nified eight times. 

Example: A converging lens 0 of focal length 12 cm and a diverging lens E of 
focal length —4.0 cm are placed 33 cm apart on a common principal axis. A small 



object is placed 18 cm in front of lens 0. Find the position, nature, and magnification 
of the image formed by the combination of lenses (Fig. 11). 

For the first lens 

_L _+1 

18 cm q a 12 cm 
qo = 36 cm 
36 cm 

Mo = - = 2 

18 cm 


The image formed by lens 0 lies behind lens E and is therefore a virtual object for 
that lens. 
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For the second lens 


3 cm 




12 cm 
12 cm 
3 cm 


1 

4.0 cm 



Total magnification = MoM e = 2X4 = 8 


The final image is formed 63 cm from the object; it is real, inverted, and magnified 
8 times. 

In the ray diagram for this problem (Fig. 11) the real image A\ which would be 
formed by lens 0 alone, falls behind lens E. It is treated as the virtual object for lens 
E and the final image is found by drawing a conventional ray diagram for lens E. 
This is merely a convenient device. It does not, of course, imply that rays return 
through lens E. Furthermore, the rays that are drawn from the intermediate image 
A' do not represent continuations of the rays from A. 


Thin Lenses in Contact. When two or more thin lenses are in contact, 
they may be treated as a single lens by finding the focal length of a single lens 
that would produce the same refraction as the combination. One method of 
finding the equivalent focal length is to treat the image of the first lens as the 
virtual object of the second lens as with other lens combinations. A somewhat 
simpler method uses the powers of the lenses. Each lens changes the curvature 
of the wave by the amount of its power D. The total change in curvature is 
the sum of the two changes. That is, 


or 


£> = £>!+ £>•; 



1 = 1 + 1 

/ /. ^ 7 . 



where / is the focal length of the combination and J x and /> are the local 
lengths of the individual lenses. 

Spherical Aberration. If the surfaces of a lens are spherical, rays 
entering the lens near its edge are brought to a focus closer to the lens than 
arc the central rays. This characteristic of a lens is called spherical aberration. 
Its effect may be minimized by using a diaphragm in front of the lens to 
decrease its effective aperture, a sharper image being then produced with 
consequent loss of light. 

Astigmatism. Astigmatism is the lens defect whereby horizontal and 
vertical lines in an object are brought to a focus in different planes, as the two 
lines AH and CD in Fig. 12. Astigmatism arises from the lack of symmetry of 
a lens or a lens system about the line from the center of the lens to an object. 
In the eye this occurs when the curvature of the cornea is different in different 
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axial planes. But astigmatism occurs even for a perfectly spherical lens when¬ 
ever the source P is not on the optical axis of the lens. It is corrected, along 
with other defects, by a combination of lenses made from different optical 



glasses. A lens that is corrected for astigmatism, spherical aberration, and 
chromatic aberration (Chap. 47) is called an anastignuitic lens. 


SUMMARY 


When rays of light pass through a lens, they are bent toward the thicker 
part of the lens if the lens has an index of refraction greater than that of the 
surrounding medium. Rays parallel to the principal axis of the lens pass 
through a point called the principal focus. The distance of the principal focus 
from the lens is called the focal length. 

A real image is formed if the rays actually pass through the image after 
refraction. A virtual image is formed if the rays only appear to come from the 
image after refraction. 

A converging lens makes a set of parallel rays converge after refraction. A 
diverging lens renders a set of parallel rays divergent after refraction. 

A converging lens forms real images when the real object is farther from the 
lens than the principal focus, but virtual images when the real object is be¬ 
tween the lens and the principal focus. A diverging lens forms a virtual image 
of any real object. 

The position, size, and nature of an image can be determined by means of a 
ray diagram or by use of the lens equation 





Conventionally,/is to be taken as positive for a converging lens and negative 
for a diverging lens: p and q are positive for real objects and images, negative 
for virtual objects and images. 

The linear magnification M is the ratio of the size of the image to the size 
of the object. It is related to the object and image distances by the equation 
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The power of a lens is the amount by which it can change the curvature of a 
wave. It is the reciprocal of the focal length. When the focal length is ex¬ 
pressed in meters, the power is in diopters. 

The focal length/ of a lens is given in terms of its relative index of refraction 
n and the radii of curvature r 1 and r 2 



Lens combinations are treated by using the image of the first lens as the object 
of the second, the image of the second as the object of the third, and so on 
through the whole combination. When the image of one lens is located 
beyond the next lens, it serves as a virtual object for the second lens and the 
object distance for that lens is negative. 

Spherical aberration is the defect of a lens by which rays entering near the 
edge of the lens are brought to a focus nearer the lens than the rays that enter 
near the center. 

Astigmatism is the defect whereby horizontal and vertical lines are brought 
to a focus at different distances. 

Both spherical aberration and astigmatism can be reduced by decreasing 
the aperture of the lens. 

QUESTIONS 

1. How large does a lens have to be in order to give a complete image of a distant 
object? Compare this case with the corresponding one for the plane mirror. 

2. What effect is produced on the curvature of a plane wave by a plane mirror? 
by a convex mirror? by a concave lens? Illustrate by diagrams. 

3. Trace the paths of a beam of parallel rays which are incident upon a hollow- 
glass sphere immersed in water. 

4. Trace a beam of rays parallel to the principal axis of a crown-glass convex lens 
when the lens is in (a) air, ( b ) water, and (c) carbon disulphide. Describe the path of 
these rays if an “air” lens were used in each of these materials. 

5. Draw appropriate ray diagrams to locate the approximate position and size 
of the image formed by a converging lens of focal length / when the object lies at a 
distance (a) greater than 2/, ( b) 2/, (r) between 2/ and /, and («/) less than /. Identify 
the nature of each image: real or virtual; larger or smaller than the object. 

6. Describe and illustrate with ray diagrams three different laboratory methods 
of finding the focal length of a concave lens. 

7. Describe an experimental method for measuring the focal length of a diverging 
lens, using real images only. Derive the equation to be used. 

8. Draw a set of rectangular coordinates (four quadrants). Plotting object distance 
p along the horizontal axis and image distance </ along the vertical, draw a graph 
showing corresponding object and image points (conjugate points) for a converging 
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lens of focal length 12 in. Consider the object distances as varying from plus to minus 
infinity. 

9. Draw an object-distance vs. image-distance graph for a diverging lens of focal 
length 12 in. for object distances varying from plus to minus infinity. 

10. Does the column of mercury in a clinical thermometer look broader or nar¬ 
rower than it really is? Explain. 

11. Check the results of the examples on page 661 by drawing ray diagrams to scale 
on squared paper. Verify the magnification as well as the position of the image in 
each case. 

12. Two identical convex lenses of focal lengths / are placed a distance 3/ apart. 
Indicate whether the combination produces a real or a virtual image when a lamp 
is placed, relative to the first lens, (a) between infinity and 2/, ( b) between 2/ and/, 
(c) at/, and (</) between the principal focus and the lens. 

13. Which of the following statements are true? If a converging beam of light is 
incident upon a double-convex lens the image (a) is always real, ( b) is always virtual, 
and (c) may be real or virtual, depending upon the convergence of the beam and the 
power of the lens. 

14. What two factors determine whether a lens is converging or diverging? 

15. Under what conditions does a double-convex lens become a diverging lens? 

16. Describe some cases in which it is convenient to use a combination of lenses, 
rather than a single lens. 

17. What type of lens is a tumbler filled with water? Would one expect such a lens 
to have a large or a small amount of spherical aberration? 

PROBLEMS 

For each of the following problems draw a ray diagram to show clearly all the 
relative distances involved. 

1. A small candle is placed 12 cm from a thin lens of focal length 8.0 cm. Where 
is the image formed? 

2. A straight-filament lamp is placed 5.0 in. in front of a convex lens of focal 
length 2.0 in. How far from the lens will an image of the filament be formed? 

Arts. 3.3 in. 

3. A convenient approximate method for ascertaining the focal length of a con¬ 
verging lens is to measure the distance of the image formed of a very distant object. 
What percentage error would be made if the distant object used were a window 
6.25 m away from a lens whose focal length is known to be 20.0 cm? 

4. A laboratory spotlight consists of an incandescent lamp mounted on the com¬ 

mon principal axis of a concave mirror of focal length 1.5 in. and a convex condensing 
lens of focal length 8.0 in. (a) What is the distance from lamp filament to the mirror, 
and from lamp filament to lens when the spotlight is arranged to give a parallel beam? 
(/;) \\ hat is the usefulness of the mirror? (c) Where is the image of the lamp filament 
formed by the mirror? ,lm\ 3.0 in.; 8.0 in.; coincides with filament 

5. An object .5 cm high forms an image 3.0 cm high when the object is 25 cm 
away from a lens. Where is the image formed? 
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6. At what distance from a converging lens of focal length 18 in. must an object 
be placed in order that an erect image may be formed twice the size of the object? 

Ans. 9.0 in. 

7. A screen is located 4.5 ft from a lamp. What should be the focal length of a 
lens that will produce an image that is eight times as large as the lamp itself? 

8. An object 1.0 cm long is placed 30 cm from a converging lens of focal length 
10 cm. Find the position, size, and nature of the image. Ans. 15 cm; 0.50 cm 

9. A converging lens has a focal length of 10 in. Where is the image when the 
object is (a) 20 in. from the lens? (b) 5 in. from the lens? How large is the image in 
each case if the object is 0.50 in. high? 

10. A diverging lens has a focal length of —10 in. Where is the image when the 
object is (a) 20 in. from the lens? (b) 5 in. from the lens? How large is the image in 
each case if the object is 0.50 in. high? Ans. —6.7 in.; —3.3 in.; 0.17 in.; 0.33 in. 

11. A lens forms an inverted image that is double the size of the object. The dis¬ 
tance between the object and the image is 15 in. Is the image real or virtual? Is the 
lens converging or diverging? Where is the lens? What is its focal length? 

12. A convex lens 25 cm from a straight-filament lamp 5.0 cm high forms an 
image of the latter on a screen. When the lens is moved 25 cm farther from the lamp, 
an image is again formed on the screen. Calculate the focal length of the lens, the 
distance of the screen from the lamp, and the sizes of the two images. 

Ans. 17 cm; 75 cm; 10 cm; 2.5 cm 

13. Two thin lenses of focal lengths 8.0 cm and —3.0 cm, respectively, are placed 
in contact. What is the focal length of the combination? 

14. The focal lengths of two lenses are 10 cm and 20 cm. What is the focal length 

of the combined lenses when they are placed in contact? Ans. 6.7 cm 

15. A thin lens has a focal length of —30 cm. What is the nature and power of this 
lens? 

16. What is the focal length of a 2.5-diopter spectacle lens? Ans. 40 cm 

17. The glass of a 0.50-diopter lens has an index of refraction of 1.60. If the lens 
faces are of equal curvature, what is the radius of curvature of each? 

18. A double-convex lens, both surfaces of which have radii of 20 cm, is made of 
glass whose index of refraction is 1.50. Find the focal length of the lens. Ans. 20 cm 

19. A 12.5-diopter converging lens is to be made from glass of index of refraction 
1.500. If each surface is to have the same curvature, what should be the common 
radius of curvature? 

20. A certain converging lens made of glass of index of refraction 1.52 has a focal 

length of 10.0 cm. What is the focal length of this lens in water? Ans. 37 cm 

21. A 12.5-diopter lens is to be made of glass of refractive index 1.60. One side is to 
have double the curvature of the other. Find the radii of the two faces. 

22. An object 10 cm high is placed 15 cm to the left of a converging lens of 12-cm 

focal length. To the right of this lens and 1 5 cm from it is placed another converging 
lens of focal length 10 cm. Determine the position, character, and size of the final 
image. Ans. 8.2 cm from the second lens; real; 7.3 cm 

23. Two convex lenses of focal length 20 and 30 cm are 10 cm apart. Calculate the 
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position and length of the image of an object 2.0 cm long placed 100 cm in front of the 
first lens (a) if the 20-cm lens is first and ( b) if the 30-cm lens is first. 

24. A beam of sunlight falls on a diverging lens of focal length 10 cm, and 15 cm 
beyond this is placed a converging lens of 15-cm focal length. Find where a screen 
should be placed to receive the final image of the sun. 

Ans. 38 cm beyond converging lens 

25. A diverging lens of — 30.0-in. focal length is placed 10.0 in. from an object. A 
converging lens of focal length 40.0 in. is placed 12.5 in. beyond the first lens, (a) 
Compute the position of the resultant image. ( b) Is it real or virtual? (c) What is the 
magnification? 

26. Two convex lenses of focal lengths 20 in. and 30 in. are 10 in. apart. Calculate 

the position and length of the image of an object 2.0 in. long placed 100 in. in front 
of the first lens. Ans. 10 in. behind the 30-in. lens; 0.33 in. 

27. A converging lens of focal length 25 in. is placed 50 in. from a lighted candle. 
A diverging lens of —20-in. focal length is placed 20 in. beyond the converging lens, 
(a) Where is the resultant image? ( b) Is it real or virtual? ( c ) What is the magnification? 

28. A converging lens of focal length 10 in. is placed 12 in. from a lighted candle. 
A diverging lens of focal length —16 in. is placed 36 in. beyond the converging lens. 
(a) Where is the resultant image? (/>) Is it real or virtual? (c) What is the magnificadon? 

Ans. 48 in. from the diverging lens; virtual; 10 

29. A concave lens of 20 cm focal length is placed 10 cm from a convex lens of 
30 cm focal length. Find the position and size of the image of an object 2.0 cm high 
which is 100 cm in front of the concave lens. 
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The Eye and Optical Instruments 


In the lowest animals, the eye may he merely a collection of pigmented cells 
capable of distinguishing between light and darkness. In more highly devel¬ 
oped forms the eye includes a lens which forms real images and a line-grained 
mosaic of receptors which records the pattern of intensities and wavelengths 
in the image and submits that pattern to the brain for interpretation. I he 
response of the visual system to different intensities and wavelengths ol 
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illumination, its ability to distinguish size and position, and the common 
errors of vision are of such practical importance as to have received extensive 
study. Spectacle lenses compensate for faults of vision, but physiological 
remedial measures arc as yet little understood. Many optical instruments arc 
designed to extend the usefulness of the human eye by exploiting its advan¬ 
tageous characteristics, or by compensating for its shortcomings. Most of 
them serve to increase the size of the image; but the effect of looking through 
them may be to change the apparent distance of objects (as does a telescope) 
rather than to change apparent size (as does a magnifier or a microscope). 

The Human Eye. The eye (Fig. 1) contains a lens, a variable diaphragm 
(the iris), and a sensitive screen (the retina) on which the cornea and lens 



form a real, inverted image of objects within the field of vision. The eye is a 
nearly spherical structure held in a bony cavity of the skull in which it can 
be iotated to a certain extent in any direction by the complex action of six 
muscles. 1 he eye has a tough fibrous coat ol which about one-sixth, the 
cornea, is transparent, admitting light. Within the eyeball behind the cornea 
is the opaque, muscular iris, which has a central opening, the pupil. This 
contracts and dilates to control the amount of light admitted. The lens is a 
transparent biconvex body composed of myriads of microscopic, glassy 
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fibers, which readily slide on one another so that the lens can change its 
shape. The lens is held just behind the iris by a system of spokelike ligaments 
(zonule fibers) that are relaxed or tensed by the action of a muscle (the 
ciliary), producing changes in the curvature of the lens. These changes in the 
focusing ability of the lens accomplish accommodation, the adjustment of the 
distance of the image for the exact distance of the retina, in accordance with 
the external distance to the object of regard. 

Lining the wall of the eyeball is the retina , a sensitive membrane whose 
stimulation results in the visual sensation. The spaces between the cornea and 
the zonule (anterior and posterior chambers) are occupied by a salt solution, 
the aqueous humor, and the interior region between lens and retina is filled 
by a jellylike vitreous humor. The humors have about the same index of 
refraction (little higher than that of water). The principal refraction occurs 
as light enters the curved outer surface of the cornea, and lesser refractions 


x • □ 


FlC. 2. Locating the “blind spot" of the eye. 

take place as it enters and leaves the lens, whose index is considerably higher 
than that of the humors. 

Many millions of light receptors, the rods and cones, form one layer of the 
retina. These arc connected to a smaller number of intermediarv nerve cells 
which in turn arc connected to a still smaller number of optic nerve fibers. 
I’roin all over the inner surface of the retina these converge at one spot where 
they pass out through the eyeball wall, forming the optic nerve, which con¬ 
nects the retina and the brain. Here at the head of the optic nerve (“disk”), 
is an insensitive region or “blind spot,” since there are no rods or cones there. 
The existence of the blind spot can easily be verified by closing the left eye 
and looking intently at the x in Fig. 2. As the book is moved toward the eye, 
the square disappears when the page is about 10 in. from the eye. On 
moving the page closer the black dot may also be made to disappear. Still 
closer, the square and dot will reappear in turn. More centrally located than 
the blind spot there is a pit in the retina, th 1 ; fovea, which contains only cones. 
Here, vision is most acute. It is this portion of the retina, embracing about 
1 degree of the visual field, which is always used when we look directly at an 
object. Evidently the eyes will have to turn toward each other so that theii 
axes converge, in order to bring an image of a nearby object into position on 
the fovea in each eye. 
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Refractive Errors. An optically normal eye, when the ciliary muscle 
is entirely relaxed, forms an image of a distant object on the retina (Fig. 3a). 
If the object approaches closer than about 20 ft, the image recedes behind the 
retina unless a sufficient degree of accommodation is exercised. 

Figure 3b represents a nearsighted (myopic) eye that is relaxed. The rays 
from a very distant point focus in front of the retina, usually because the 



(a)-NORMAL REFRACTION 



UNCORRECTED CORRECTED 

(b) -NEARSIGHTEDNESS (MYOPIA ) 



UNCORRECTED CORRECTED 


(O-FARSIGHTEDNESS (HYPEROPIA ) 

I'lo. 3. Correction of nearsightedness and farsightedness by spectacle lenses. 

eyeball is too long. Such an eye cannot focus a distant object, but will see 
very close objects distinctly. To correct this nearsighted vision, a diverging 
lens is needed to diminish the refraction. The opposite condition, that of a 
farsighted (hyperopic) eye which is too short, is shown in Fig. 3c. A con¬ 
verging lens is needed to overcome farsightedness. 

Example: A certain farsighted person has a minimum distance of distinct vision 
of 150 cm. He wishes to read type at a distance of 25 cm. What focal length glasses 
should he use? 
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Since the person cannot see clearly objects closer than 150 cm, the lens must form 
a virtual image at that distance. 

f> = 25 cm 
q = — 150 cm 

I 1 _ 1 
P + ? ~~ 7 

+ _J_ = 1 

25 cm — 150 cm / 

/ = 30 cm 


Astigmatism, a common defect in human eyes, is a failure to focus all lines 
of an object-plane in a single image-plane, but it arises from a cause different 
from that of the astigmatism which is one of the aberrations of spherical lenses 
or mirrors. Ocular astigmatism is generally due to unequal curvature of the 
front surface of the cornea, the surface being distorted by a certain amount of 
cylindrical curvature. A person with 
this defect will sec radial lines (Fig. 4) 
parallel to the axis of the cylindrical 
curvature of his eye less sharply than 
other lines. To correct the astigmatism 
a cylindrical lens is so arranged that the 
convergence produced by the eye and 
spectacle lens together is the same in all Fiq „ dia , for | m - atinK 

meridians. Astigmatism often occurs in t j, c meridians of ocular astigmatism, 
combination with nearsightedness or 

farsightedness, both being neutralized by a single lens incorporating both 
spherical and cylindrical corrections. 

There is a normal dwindling of the power of accommodation so that by the 
age of about forty-five positive lenses are needed for reading. Eyes originally 
myopic, and formerly corrected by diverging lenses, may in fortunate cases 
be perfectly adjusted for reading by removing the spectacles. More often a 
special reading correction, less divergent than the old spectacle (and perhaps 
even positive), is needed. Bifocal glasses, for inyopics, have the upper area 
negative for distant viewing, the lower area less strongly negative, or even 
somewhat positive, for reading. For hypermetropic eyes bifocal glasses always 
have both areas positive, the lower one of greater power (by about two 
diopters). 

Sensitivity of the Eye. The eye can detect extremely small amounts of 
luminous energy. A dark-adapted eye can detect light equivalent to that 
received from a single candle distant 15 to 20 mi, in which case the retina is 
receiving only a few quanta of light (Chap. 42). The sensitivity of the eye 
varies greatly for different wavelengths (Fig. 5, Chap. 42). 
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Persistence of Vision. The visual system lags a bit in its response to a 
stimulus, and the sensation lasts an even greater fraction of a second after the 
stimulus ceases. This retention of the mental image, referred to as the 
persistence of vision, prevents the appearance of any “flicker” when a 
motion-picture film is projected on a screen at the rate of at least 16 screen- 
illuminations/sec (24 frames/sec or 72 screen-illuminations/sec are used in 

commercial motion pictures) even 
though the screen is completely dark 
while the film is in motion in the pro¬ 
jector. The illusion of movement in a 
motion picture is due to a fortunate 
propensity of the visual system to “fill 
in” the positions of a moving object 
intermediate between those imaged dis¬ 
cretely and successively upon the retina. 

Stereoscopic Vision. The impor¬ 
tance of binocular vision in judging posi¬ 
tion and relative distance may be ap¬ 
preciated by closing one eye and trying 
to bring two pencil points together 
when the pencils are held in the hands 
at arm's length and moved at right 
angles to the line of sight. When a 
single nearby object is viewed with both 
eyes, the axes of the eyes are turned 
toward each other. Distance is estimated 
by solution of the triangle whose base 
is the distance between the two pupils, 
averaging 64 mm. The amount of con¬ 
vergence enables us to make a crude 
estimate of the distance of the object; 
but its size (when known) tells us most 
about its distance. Far better is our 
ability to say which of two objects is the nearer. This depends upon the fact 
that the interpupillary distance subtends a different angle (called the 
binocular parallax) at each ol the objects. I he difference in the binocular 
parallaxes needs only to be a few seconds of arc for the difference in distance 
to be detectable (Fig. 5). 

I*or distances greater than about 700 It, the inclination of the optic axes 
is so slight that both eyes sec practically the same view, and distances arc 
judged by the apparent sizes of familiar objects rather than by stereoscopic 



Fig. 5. Binocular vision: arrangement 
for the measurement of stereoscopic 
visual acuity. If a and b arc just dis- 
criminable, 6 — <f> is the stereo threshold 
in angular terms and d' — d is the 
corresponding retinal disparity. The 
values of 6 — 0 and d' — d are inde¬ 
pendent of the absolute values of a 
and b. 




THE EYE AND OPTICAL INSTRUMENTS 677 


vision. Prism binoculars (Fig. 10) and range finders in effect increase the 
interpupillary distance, and with an extended base line of known length, 
permit distances to be calculated by the solution of a triangle in which the 

base and two angles are known. 

Limitations of Vision. The visibility of an object depends on size, con¬ 
trast, intensity, time, and the adaptation ot the eye. A deficiency in one of 
these factors, within certain limits, may be compensated for by an increase 
in one or more of the other factors. Thus close machine work or the inspection 
of small parts may be facilitated by increased illumination and contrasting 
colors. Illuminations recommended for various visual tasks are listed in 
Table I, Chap. 42. 

In the retinal mosaic of rods and cones the most sensitive part, the fovea, 
is about a millimeter in diameter and its central part, 0.2 mm in diameter, 



Fig. 6. A simple magnifier. 


contains only cones. The angular field of most distinct vision is about 1 
degree, which is subtended by a circle of 4.4 mm at a distance 25 cm from the 
eye. Two fairly wide lines can just be distinguished by the eye when their 
angular separation is about 1 min of arc, in which case the ccntcis of the 
image lines are only a few thousandths of a millimeter apart on the retina. 
When the smallness or distance of an object exceeds the limitations foi direct 
visibility, the eye requires optical aids, some of which will be briefly described. 

Magnifier. A simple magnifier is a converging lens placed so that the 
object to be examined is a little nearer to the lens than its principal focus 
(Fig. 6). An enlarged, erect, virtual image of the object is then seen. The 
image should be at the distance of most distinct vision, which is about 25 cm 
from the eye, the magnifier being adjusted so that the image falls at this 
distance. 


The linear magnification is the ratio of the image 


size to the object size; that is, 


Magnification = At = ^pp> — 
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The thin-lens equation 




gives 

<7 = <7 _ i 

p 7 

and if q = — 25 cm 

M = + 1 (2) 

where / is in cm. 

The magnifier in effect enables one to bring the object close to the eye and 
vet observe it comfortably. When the object is thus brought closer, it subtends 
a larger angle at the eye than it would at a greater distance. 

Angular magnification is defined as the ratio of the angle /S subtended 
at the eye by the image to the angle a which the object subtends at the lens 
or eye. For small angles, the linear and angular magnifications are equal. 


Angular magnification = - 

a 



Example: A converging lens of 5.0-cm focal length is used as a simple magnifier, 
producing a virtual image 25 cm from the eve. How far from the lens should the 
object be placed? What is the magnification? 

From the lens equation 



= 4.2 cm 




A magnifier is frequently used as an eyepiece or ocular in an optical 
instrument in combination with other image-forming lenses. 

The Microscope. Whenever high magnification is desired, the microscope 
is used. It consists of two converging lenses (in practice, lens systems), a so- 
called objective lens of very short focal length and an eyepiece of moderate focal 
length. The objective forms within the tube of the instrument a somewhat 
enlarged, real image of the object. I his image is then magnified by the eye¬ 
piece. Thus the final image seen by the eye is virtual and very much enlarged. 

Figure 7 shows the ray construction for determining the position and size 
of the image. I he object is placed just beyond the principal focus of the 
objective lens, and a real image is formed at OJV. This image is, of course, not 
caught on a screen but is merely lormed in space. It consists, as does any real 
image, of the points of intersection of rays coming from the object. This image 
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is examined by means of the eyepiece, which serves here as a simple magnifier. 
The position of the eyepiece, then, should be such that the real image QQ' 
lies just within the principal focus F e '. Hence the final image RR' is virtual 
and enlarged, and it is inverted with respect to the object. 

The magnification produced by a microscope is the product of the magni¬ 
fication M e produced by the eyepiece and the magnification M a produced 
by the objective lens. Hence, for a final image at the distance of most distinct 
vision (25 cm) 



where p and q are the distances of object and first image, respectively, from 
the objective, and j e is the focal length of the eyepiece, all distances measured 


EYEPIECE 



in centimeters. In practice the largest magnification employed is usually 
about 1500. 


Example: A microscope has an objective lens of 10.0-mm focal length and an 
eyepiece of 25-imn focal length. What is the distance between the lenses, and what is 
the magnification if the object is in sharp focus when it is 10.5 nun from the objective? 

Considering the objective alone, 


1 

10.5 mm 


+ ? = 


1 


10.0 mm 

q = 210 mm 


Considering the eyepiece alone, with the virtual image at the distance of most distinct 
vision (250 mm), 



— 250 mm 25.0 mm 
// = 22.7 mm 
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Distance between lenses = q + p' = 210 mm + 22.7 mm - 233 mm - 23.3 cm 


210 mm 

Magnification by objective M „ = jq 5 mm 

250 mm 

Magnification by eyepiece M, = 22 7 mm 


20.0 

11.0 


Total magnification M = M,M „ = 11.0 X 20.0 — 220 


Checking by F.q. (4) gives 


M = 1 ( 25 ^ + l) = 


21.0 cm /25 cm 


1.05 cm \2.5 cm 


(2- 


+ 1 


)- 


220 


Refracting Telescopes. The astronomical refracting telescope, like the 
compound microscope, consists of an objective lens system and an eyepiece. 



Fig. 8. Ray diagram for a refracting telescope. 


The instruments differ, however, in that the objective of the telescope has a 
long focal length. Light from the distant object enters the objective, and a 
real image is formed within the tube (Fig. 8). The eyepiece, used again as a 
simple magnifier, leaves the final image inverted. 

It should be noted that, whereas the same rays might have been traced 
through both lenses, in Fig. 8 two different pairs of rays are traced. The first 
is perhaps the better representation of the physical action of the lenses, but 
the second procedure is the more practical. In it, the first pair of rays traced 
through the objective is used to locate the first (real) image. Then from a 
convenient point on this image two more rays are drawn, one passing through 
the center of the eyepiece (undeviated), the other entering the eyepiece 
parallel to its principal axis and refracted to pass through the focal point F,. 
By this artifice the final (virtual) image is located. 

The angular magnification can be computed from the geometry of Fig. 8. 
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Neglecting the length of the telescope, the first image subtends the same angle 
a at the center of the objective lens as the object does at the observer's naked 
eye, and similarly the first and second images subtend the same angle & at 
the optical center of the eyepiece. Hence 


a i -a & H'/J* fo 

Angular magnification = - = jjtjt = ~F 

OC II /Jo Jf 


(5) 


Owing to the approximations made, Eq. (5) applies only for distant objects. 
This formula shows that apparently unlimited values of \t may be obtained 
by making/„ very large and/, very small. Other factors, however, limit the 
values employed in practice, so that magnifications greater than about 2000 
are rarely used in astronomy. 

Which of the features of the telescope make it valuable depends upon 
whether it is to be used in conjunction with an eye or with a photographic 
plate. All the cones of light leaving the eyepiece pass through the image (exit 
pupil) it forms of the objective aperture. So long as the exit pupil of the 
instrument, objective diameter/magnification, agrees in size with the 
pupil of the eye, differences in magnification cannot a fleet the amount of 
light per unit area (illuminance) of the retinal image. Any improvement in 
the visibility of a faint star is then directly attributable to the enlargement of 
the retinal image. But when photography is employed, the light-gathering 
ability of the objective lens (or of the mirror of a reflecting telescope such as 
the giant 200-in. Mt. Palomar instrument) becomes of the greatest impor¬ 
tance. The amount of light collected by the objective is directly proportional 
to its area. A lens of 800 mm aperture will gather in (800/8)- = 10,000 
times as much light as will the pupil of the eye at night (when it is 8 mm in 
diameter). Huge telescope lenses and mirrors make possible the photography 
of invisible stars within reasonable exposure time. The eye. on the contrary, 
can take only snapshots, no time exposures. But a “night glass" can increase 
the brightness of a faint star, which is invisible through a field glass of equal 
power designed for daytime use, only by reason of the fact that the exit pupil 
of the day glass is too small to fill the eye pupil and that of the night glass is 
as large as the nighttime pupil or even larger. 

Example: A reading telescope comprising an objective of 30.0-cm focal length 
and an eyepiece of 3.0-cm focal length is focused on a scale 2.0 in away. What is the 
length of the telescope* (distance between lenses)? What magnification is produced.* 

Considering the objective, 


1 


1 


1 


200 cm q 30.0 cm 
a = 35.3 cm 
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Considering the eyepiece, 


Telescope 
Magnification by objective 

Magnification by eyepiece 

Total magnification 

Note that Eq. (5) is not applicable to a telescope focused on a nearby object, and 
would lead to an erroneous result if applied here. 

A Galilean telescope (Fig. 9) consists of a converging objective lens, which 
alone would form a real inverted image Q,Q,' of a distant object practically 



Fio. 9. A diagram of a Galilean telescope. 


at the principal focus, and a diverging eyepiece lens. In passing through the 
concave lens, rays that are converging as they enter are made to diverge as 
they leave. To an observer the rays appear to come from RR\ the enlarged 
virtual image. \\ ith this design of telescope an erect image is secured. For a 
distant object the magnification is 

M = ( 6 ) 

J ' 

Two Galilean telescopes are mounted together in opera glasses. Such glasses 
are no longer used in military operations, for their field is very small and 
they are limited, in practice, to a magnification of not more than four. 
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Modern military field glasses are always prism binoculars, which have a 
number of advantages. 

The Prism Binocular. The prism binocular (Fig. 10) consists of two 
astronomical telescopes in each of which two totally reflecting right-angle 
prisms are used to erect the image and shorten the over-all length. The two 
prisms are set with half of the hypotenuse face of one in contact with halt of 
the hypotenuse face of the other, and with the long dimensions of these faces 
at right angles to each other. The combination inverts the image and ex¬ 
changes left and right sides. The image formed by the objective lenses and 



Fig. 10. Prism binocular. 


prisms is therefore real but has the same orientation as the object itself, and 
so too does the final virtual image formed by the eyepiece. With this con¬ 
struction, advantage is taken of the fact that the distance between the 
objectives can readily be made greater than the distance between the eyes, 
thus enhancing the stereoscopic effect as an aid to the perception of distances. 

The Photographic Camera. A camera consists of a converging lens at 
one end of a lightproof enclosure and a light-sensitive film or plate at the 
other end of the enclosure where it receives the real inverted image formed 
by the lens. The amount of light that reaches the film depends on the effective 
area of the lens (usually regulated by an iris diaphragm) and the time of 
exposure. The lens aperture or diameter of the effective opening is usually 
given as a fraction of the focal length. Thus an f/\ \ lens means that the 
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diameter of the aperture is one-eleventh of the focal length. This notation 
is convenient for expressing the “speed” of the lens (the relative exposure 
time required), since the amount of light per unit area reaching the film is 
proportional to the square of the diameter of the lens opening and inversely 
proportional to the square of the focal length of the lens. 

Example: Under certain conditions the correct film exposure time is Ho sec with 
a lens “speed” of //4.5. What is the correct exposure time when the lens is dia- 
phragmcd to//6.3? 


The apertures A are 



M o sec. 


When a lens is focused for a certain distance, object points at that distance 
only are imaged with maximum sharpness. Points at other distances from 
the lens are imaged as blurred circles termed circles of confusion. The farther a 
point is from the plane focused on, the greater is the size of the circle of con¬ 
fusion. If the circle of confusion is below a certain size, it appears to the eye 
as a point and the image appears sharp. The range of distances on the near 
and far sides of the plane focused upon, within which the details are imaged 
with acceptable sharpness, is called the depth of field and is of particular 
importance in photography. 

Depth of field depends on the relative aperture and the focal length of the 
lens, the distance focused upon, and the size of the circle of confusion which 
is acceptable. For a given lens, the smaller the aperture, the greater is the 
depth of field. For the same object distance, the depth of field increases for 
decreasing focal length, one of the advantages of a miniature camera with 
short focal-length lens. The depth of field decreases rapidly as the object 
focused upon approaches the camera. It is, therefore, important to determine 
the distances more carefully for near objects than for distant objects. The 
greatest range of depth is that obtained when the lens is focused for the hyper- 
focal distance, or the shortest distance for which the far limit extends to infinity. 

I'or the most critical definition of sharpness, the circle of confusion should 
not subtend more than 2 min of arc at the eye. If a photographic print is to 
be viewed at the distance for normal vision, the circle of confusion in the 
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negative should not exceed approximately J jooo of the focal length of the 
camera lens. Many cameras are provided with a depth of focus table based 
upon this criterion. 


SUMMARY 


1 he eye contains a lens, a variable diaphragm (iris), and a sensitive screen 
(retina) on which the lens forms a real, inverted image of objects within the 
field of vision. 


Accommodation, the adjustment of the eye for seeing at different distances, 
is accomplished by changes in the curvature of the lens. 

The conventional normal distance of distinct vision is 10 in. or 25 cm. 
Nearsightedness is compensated by a diverging (concave) spectacle lens, 
farsightedness by a converging (convex) spectacle lens. 

Stereoscopic visual acuity, which aids in judging which of two objects is 
nearer, depends on the fact that the intcrpupillary distance subtends different 
angles at each object, creating disparities in the horizontal dimensions of the 
retinal images. By effectively increasing the intcrpupillary distance prism 
binoculars and range finders enhance distance perception. 

Angular magnification is the ratio of the angle subtended at the eye bv the 

• - * * 

image to the angle subtended by the object. 

The magnification produced by a lens used as a simple magnifier is 
M = 25 cm /j ■+■ 1, where / is the focal length in centimeters and the lens 
is adjusted so the image falls at the distance of most distinct vision, 25 cm. 

1 he microscope consists of a short-focus objective and a longer focus eye¬ 
piece. The magnification is given by 



( 


25 cm 

~7T 



The astronomical telescope consists of a long-focus objective 
piece. The magnification is given by 


aim an eye 



The Galilean telescope consists of a long-focus objective and a negative 
eyepiece. 

The/-number of a camera lens is the quotient of its focal length and its 

aperture. 

lhe depth of field of a lens is the range of distances on the near and far 
sides of the plane focused upon, within which the object structure is imaged 
with acceptable sharpness. 
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QUESTIONS 

1. Name three common eye defects, and state the type of spectacle lens that is 
used to compensate for each. 

2. Compare and contrast the optical arrangements of the human eye and those 
of a photographic camera. 

3. Why does not the “blind spot” in the eye impair one's vision? 

4. Explain the optical illusion frequently observed in motion pictures when the 
wheels of a forward-moving vehicle appear to be stationary, or even to be turning 
backward. 

5. Why does a young person who wears glasses not need bifocals? 

6 . What determines the magnification produced by a simple magnifier? by a 
microscope? 

7. Consider that in Fig. 6 the object subtends an angle a at the lens or eye and 
its image subtends a larger angle 0. The magnifying power depends on this gain in 
angle, 0/a , subtended at the eye. On this basis, derive Eq. (3) for the magnification 
of a simple magnifier. 

8 . How does increasing the focal length of the objective affect the magnification 
observed with a microscope? a telescope? Explain the difference. 

9. If a person were looking through a telescope at the full moon how would the 
appearance of the moon be changed by covering half of the objective lens? 

10. If telescopes do not magnify the images of the very distant fixed stars, how do 
they enable us to see stars invisible to the unaided eye? 

11. How docs a terrestrial telescope differ, in general, from an astronomical 
telescope? 

12 . Should one use a lens of long or short focal length for a simple magnifier? for 
a microscope objective? for a telescope objective? 

13. How will changing the aperture of a camera lens from f/2 to //8 affect ( a ) the 
size ol the image, (b) the illuminance of the image, (c) the exposure time, ( d ) the 
sharpness of the image, and (<’) the depth of field? 

14. Is the image of a lantern slide projected on a screen erect or inverted? Explain 
with the aid of a diagram. 

PROBLEMS 

1 . ( a ) Spectacles of what diopter power arc required for reading purposes by a 
person whose near point is at 200 cm? ( b ) If the far point of a myopic eye is at 30 cm, 
what spectacles are required for distant vision? 

2. Light entering the eye is refracted chiefly at the cornea. Assuming the eye to 

be 25 mm from cornea to retina and to be filled with a homogeneous medium of 
refractive index 1.336, calculate (</) the radius of curvature of the cornea and ( 6 ) 
the length of the retinal image of an object 10 cm long placed 1.0 m from the eye. 
(Use wave front diagram and calculate curvature.) 6.3 mm; 1.9 mm 

3. A certain farsighted person cannot see distinctly objects closer than 50 cm to 
the eye. Find the power in diopters of the spectacle lenses that will enable this person 
to see objects 25 cm away. 
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4. A person has a minimum distance of direct vision of 8.0 ft. What kind of lenses 

and of what focal length arc required for spectacles to enable him to read a book at a 
distance of 18 in.? Ans. converging; 22 in. 

5. A person whose near point is 15 cm uses a 5.0-cm focal length lens to magnify 
a small object, (a) What is the distance of the object when in focus? ( b ) What magni¬ 
fication results? 

6. A “10X magnifier” is one that produces a magnification of 10 times. Accord¬ 
ing to Eq. (2), what is its focal length? How large an image of a flashlight lamp 0.25 
in. in diameter will this lens be able to produce on a card held 5 in. away? 

Ans. 1.1 in.; 0.9 in. 

7. A reading glass produces an image 5.0 in. from the lens when the object is 45 in. 
on the other side of the lens. What magnification does this lens give when used as a 
simple magnifier under conditions of normal vision? 

8 . A crude microscope is constructed of two spectacle lenses of focal lengths 5.0 cm 

and 1.0 cm, spaced 20 cm apart, (a) Where must the object be placed to enable 
the observer to see a distinct image at a distance of 25 cm? (b) What is the linear 
magnification? Ans. />«. = 1.07 cm; 89X 

9. A microscope is provided with objectives of focal lengths 16 mm, 4.0 mm, and 
1.6 mm, each of which forms an image 160 mm beyond its focal point. The oculars 
have magnifying powers of 5X and 10 X. What is (a) the largest and {b) the least 
linear magnification obtainable with the microscope? 

10. A compound microscope has as objective and eyepiece, thin lenses of focal 
lengths 1.0 cm and 4.0 cm, respectively. An object is placed 1.2 cm from the objective. 
If the virtual image is formed by the eyepiece at a distance of 25 cm from the eye, 
what is the magnification produced by the microscope? What is the separation 
between the lenses? Ans. 36; 9.4 cm 


11. The focal lengths of the objective and eyepiece of a compound microscope are 
0.318 and 1.00 in., respectively, and the instrument is focused on a slide placed 
0.35 in. in front of the objective. What magnification is attained? 

12. A inicroscojje with an objective of focal length 10 mm and an eyepiece of focal 

length 50 mm, 20 cm apart, is used to project an image on a screen 1.0 in from the 
ocular. What is the linear magnification of the image? Ans. 260X 

13. After a microscope was focused on an object, a glass plate 5.0 mm thick for 
which n = 1.60 was placed over the object. How much must the microscope be raised 
to bring the object into focus again? 

14. What magnification is produced by a telescope having an objective ol 30 cm 

and an eyepiece of 5.0-cm focal length (a) when sighted on a distant object, and ( b ) 
when used to read a scale 5.0 in distant. Ans. 6.0; 0.38 


15. A simple telescope is used in the laboratory to view a scale 4.5 m from the 
objective of the telescope. The focal length of the objective lens is 45 cm. (a) What 
must Ik* the focal length of the eyepiece so that, when placed 5.0 cm from the image 
formed by the objective, it will form the final image in the plane of the original scale? 
(b) What is the magnification produced by the tclcscojK? 

16. A simple telescojK consists of two converging lenses of focal lengths 2.0 in. 
and 10.0 in., respectively. What is (a) their distance apart, and (b) the magnification, 
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if the telescope is used to view a scale 10.0 ft from the objective, the final image being 
in the plane of the object? Ans. 12.9 in.; 6.0 

17. A telescope with an objective of 4.0-ft focal length and an eyepiece of 2.0-in. 
focal length is used for viewing the moon, which is 240,000 mi distant. To what closer 
distance does the telescope seem to bring the moon? 

18. A large refracting telescope has an objective of focal length 62 ft. If atmospheric 

conditions do not warrant the use of magnification higher than 1500, what focal 
length should the eyepiece have? Ans. 0.50 in. 

19. The Ycrkes refracting telescope has an objective of diameter 40 in. and a focal 
length of 65 ft. (a) What magnifying power should be used to give an exit pupil of 
2.0 mm, matching the entrance pupil of the eye? ( b ) What focal length eyepiece is 
needed for this magnifying power? (c) Show that if some other magnifying power 
is used, there is no gain in the total light in the retinal image. 

20. A pair of opera glasses has objective lenses of focal length 5.33 in. ( a) If the 

magnifying power of the glasses is 4X, what is the focal length of the eyepieces? ( b) 
What is the approximate length of the glasses? Ans. 1.33 in.; 4.0 in. 

21. Draw to scale a ray diagram for a telescope having an objective of 40-cm and 
an eyepiece of 5.0-cm focal length, and another ray diagram for a Galilean telescope 
having an objective of 40-cm and an eyepiece of —5.0-cm focal length, when both 
telescopes are adjusted for viewing a distant object. Mention advantages and dis¬ 
advantages of each type of telescope. 

22. A reconnaissance plane is equipped with a camera having a lens of 24-in. focal 

length. An observer photographs the ground with the camera properly focused when 
the plane is 18,000 ft above a river, (a) What is the distance between the film and the 
optical center of the lens? ( b ) If the image of the river on the developed negative is 
1.5 in. wide, what is the actual width of the river? Ans. 24 in.; llOO ft 

23. A photographer wishes to take his own portrait, using a plane mirror and a 
camera of focal length 10 in. If he stands beside his camera at a distance of 3.0 ft 
from the mirror, how far should the lens be set from the plate? 

24. A miniature camera whose lens has a focal length of 2.0 in. can take a picture 

1.0 in. high. How far from a building 120 ft high should the camera be placed to 
receive the entire image? Ans 240 ft 

25. A camera is provided with a celluloid scale on which are marked the positions 

of the lens in order to photograph objects at infinity, 15, 10, 5, and 2 ft, respectively. 

Assume the photographic film to be fixed in the camera body and the lens to be 

movable. II the focal length of the lens is 6.0 in., compute the distances between the 
marks on the scale. 


26. A i <: tain camera lens has a focal length of 5.0 in. A second converging lens 

of focal length 10.0 in. can be mounted immediately in front of this lens to serve as a 
portrait attachment. Calculate the position of the image formed of an object 20 in. in 
front of the camera. Ans 4 0 in> 

27. If a correct camera exposure for a certain scene is } f 0 o sec when the diaphragm 
is set at/ 3.5, what exposure time is required at f 12.5? 

28. Two camera lenses have focal lengths of 7.0 in. and 5.0 in., respectively. The 
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first has a free diameter of 0.50 in. What diameter must the other have in order that 
they may both have the same exposure time? Arts. 0.36 in. 

29. In a copying camera, the image should be of the same size as the object. Prove 
that this is the case when both object and image are at a distance 2/ from the lens. 

30. In a photographic enlarger light passes through the negative and the lens and 
then falls onto the sensitive paper. Using an enlarging lens of focal length 5.0 in., the 
lens and the paper support arc adjusted until a negative 2.0 in. long is enlarged to 
a length of 16 in. (a) What is the distance ft from negative to lens? (A)What is the dis¬ 
tance q from lens to paper? (c) If the illuminance on a clear part of the negative is 25 
ft-candles and if all the light passes through the lens, what is the illuminance on the 
corresponding part of the enlarging paper? Ans. 5.6 in.; 45 in.; 0.39 ft-candles 

31. In a photographic enlarger, a lens of focal length 4.0 in. projects an image of 
the negative on the printing paper. When using a 2.0 X 2.5-in. negative placed 
5.0 in. from the lens, what should be the distance from lens to printing paper? What 
size will the image be? 

32. An enlarging camera is so placed that the lens is 30 in. from the screen on 
which an image five times the size of the object is to be projected, (a) How far is the 
object from the lens? ( b) What is the focal length of the lens? Arts. 6.0 in.; 5.0 in. 

33. A lantern slide 3.0 in. wide is to be projected onto a screen 30 ft away by means 
of a lens whose focal length is 8.0 in. How wide should the screen be to receive the 
whole picture? 

34. A projection lantern is to produce a magnification of 50 diameters at a dis¬ 

tance of 40 ft from the objective. Find the distance of the lens from the lantern slide, 
and the equivalent focal length of the objective lens. Ans. 9.6 in.; 9.4 in. 

35. A lantern slide 3.0 in. wide is to be projected on a screen at a distance of 20 ft 
by means of a lens of 6.0-in. focal length. How wide a screen will be needed to receive 
the whole picture? 

36. If we wish to project a motion picture on a screen 10.0 ft distant from the film 

and the projected picture is to be 60 times the size of the picture on the film, what 
must be the focal length of the lens? Ans. 2.0 in. 

37. A stercopticon must be placed 40 ft from the screen on which it projects a 
picture. The lantern slide is 3^ by 4>£ in., and the focal length of the lens is 12 in. 
How large should the screen be to receive the full image? 
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Dispersion; Spectra 


Newton (1666) discovered that a narrow beam of sunlight on passing through 
a pi ism is spiead out into a spectrum. 1 his experimental evidence indicates 
that there are many components in sunlight and that not all travel with the 
same speed in a single medium. 1 he phenomenon of dispersion can be used 
to analyze light hoin other sources also, and often provides an important 
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means of identifying materials and of studying atomic and molecular 

structure. . .. , 

Dispersion by a Prism. Measurements on the refraction ol light as n 

passes from air into glass show that the amount ol refraction depends upon 

RED 
ORANGE 
YELLOW 



GREEN 

BLUE 

VIOLET 


Fig. la. Spectrum formed by the passage of light through a glass prism. 

the wavelength (Fig. 1). Light of all wavelengths is reduced in speed in glass, 
but blue-producing light which is refracted the greatest amount travels slovvci 
than red-producing light which is refracted least. The variation o t e in 
of refraction „ with the wavelength of light is called the optical Aspersion ol a 
substance. By measuring values for n for a series of known wa\t t-iigt is one 
can determine the dispersion curve char- ^75 
acteristic of a given substance. 

The dispersion curves of all transparent 
substances arc of the same general form /65 
(Fig. 2), the larger values of n being as¬ 
sociated with shorter wavelengths, but 
there are marked differences in the total 
variation of n throughout the visible spec- 
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Fin. 2. Dispersion curves. 

trum. Substances showing a rapid change in n with wavelength in this region 
are said to have a high dispersion and usually have also a high index of 
refraction. 

If a substance absorbs light strongly in a narrow-wavelength region, the 
values of n there change rapidly with wavelength. 
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The amount of dispersion produced by a prism is expressed quantitatively 
by the angular separation of particular colors in the spectrum.* The angular 
dispersion between the violet and red regions is the difference between the 
deviations D v and D r (Fig. 16). 

t = D v - D r (1) 

The minimum deviation D of a ray produced by a prism is related to the 
prism angle A and the index of refraction n by Eq. (5), Chap. 44, 


sin V 2 (D + A) 

n = -:-w-j- 

sin 1 2 A 


( 2 ) 


When the prism angle is small, the sines of the angles may be placed equal 
to the angles (in radians), giving 

» - 0 ) 


from which the deviation is 

D = A(n - 1) (4) 

Equation (4) may be used as an approximate relation for small angles A 
(with less than 5 per cent error up to 30°), and for deviations D near 

TABLE I. VARIATION OF THE INDEX OF REFRACTION OF GLASSES 

WITH WAVELENGTH 


Medium Dense 
flint flint 




minimum deviation. Definite values of deviation or dispersion are specified 
with reference to particular lines or wavelengths in the desired regions of 
the spectrum. 

Example: Find the dispersion from the F line (blue) to the C line (red) in the 
spectrum produced by a crown-glass prism of refracting angle 15° (0.262 radian). 

’ P = D F — Dc = .-l(n>- — 1) — .4(nc — 1) = .-!(«/.• — «c) 

Using the values of the index of refraction from Table I, 

yp = 0.262(1.5233 - 1.5146) = 0.00228 radian = 7.8' 
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Achromatic Prism. Glasses of different dispersion characteristics can be 
used together to obtain deviation of light without dispersion, which is com¬ 
monly required in optical instruments. An achromatic prism is constructed of 
two prisms placed so as to deviate the light 
in opposite directions, the prism materials 
and prism angles being chosen so that one 
prism annuls the dispersion of the other 
while only partly canceling its deviation. 



Example: It is desired to combine a 15° 
crown-glass prism with a flint-glass prism so 
that the achromatic combination will produce 
deviation without dispersion for the /•' (blue) 
and C (red) lines, (a) What should be the angle 
of the flint-glass prism? ( b ) What deviation 
will the compound prism produce for the 
middle of the spectrum, the D (yellow) line? 

For no dispersion, i p = \p', and the refracting angles are placed opposite as in 
Fig. 3. 

\p = Dy — Dr = A(ny — 1 ) — A (tic — 1 ) = A (n y — nr) 

Similarly 

V = A'{,i'y - n'c) 

A(ny — nc) — A'(n' y — n'c) 

15°( 1.5233 - 1.5146) = /!'(!.6385 - 1.6224) 


A' = 15 


\ () 0nil ) = 8-1° for the flint-glass prism 

Deviation = Do — D' o = A (no — 1 ) — A' (//'/> — 1) 
= 15°(0.5171) - 8.1°(0.6272) = 2.7° 


Achromatic Lens. When light passes through a lens, it is bent around 
the thicker part of the lens. The short wavelengths are refracted more than 



the long wavelengths. Thus violet rays are focused closer to a converging lens 
than are red rays (Fig. 4). This property of a lens to converge to different foci 
the rays of light of different wavelengths coming from a single point is called 
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chromatic aberration. Its presence in a simple magnifier can be seen by the 
fringes of color which surround each image. Chromatic aberration would be 
objectionable in most optical instruments. This type of aberration is elimi¬ 
nated in an achromatic lens by combining a positive lens and a negative lens of 
different glass in such a way that one lens annuls the dispersion of the other 
while only partly canceling its focusing power (Fig. 5). Strictly, an achro¬ 
matic lens of two components can be designed to 
bring to the same focus only two particular 
wavelengths. 

Prism Spectroscope. A spectroscope (Fig. 6) 
is a combination of a prism and achromatic lenses 
used to segregate the various wavelengths in a beam 
of light and thus to permit examination of its spectrum. Light from the source 
to be examined falls on an adjustable narrow slit S' placed at the principal 
focus of a convex lens L\. The rays emerging from the lens are thus collimated, 
that is, made parallel. This beam falls on a prism in which it is deviated to¬ 
ward the base and dispersed into rays of different wavelengths. These rays 
are viewed through a telescope whose objective lens L 2 forms a real image of 
the slit S' for each wavelength of light present. These images are side by side, 
with some overlap, and form a continuous or discontinuous band. This 


Fig. 5. An achromatic lens 
combination. 




marks may be located. With a narrow slit, a monochromatic image of the 
slit is formed by every discrete wavelength present. Each image of the slit 
is called a spectrum line. 

I he collimator and telescope arc usually in horizontal lubes arranged to 
rotate about a common axis perpendicular to the prism table. If an instru¬ 
ment ot this sort is provided with a graduate circle and verniers on the tele¬ 


scope and prism table, so that angles of deviation can be measured, it is called 
a spectrometer. In a spectrograph , a camera is substituted for the telescope so that 
permanent photographic records can be made. Since photographic plates 
can be sensitized for wavelengths beyond either end of the visible spectrum. 
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the spectral range of the spectrograph is greater than that of the spectroscope. 
Since glass is not a good transmitter of radiant energy in the infrared or ultra¬ 
violet regions, rock salt or potassium bromide prisms are used in infrared 
spectrometers and quartz or fluorite prisms are used in ultraviolet spectrom¬ 
eters to give a lower practical limit of about 1000 A. In addition the entire 
optical path may be evacuated to reduce the effects of atmospheric absorp¬ 
tion of radiation. 

A prism spectrometer is not useful in making primary determinations ol 
wavelengths. Once certain wavelengths have been measured by some other 
method (grating spectrometer or interferometer), these standards can be 
used to calibrate a prism spectrometer. The line spectrum from an iron arc 
is frequently used as a standard, since it comprises many lines conveniently 
spaced throughout the spectrum. 

Types of Spectra. The spectra of self-luminous bodies are designated 
according to their appearance as either continuous or bright-line spectra. 
Spectra are further classified according to their origin as emission or absorp¬ 
tion spectra. 

In a continuous spectrum there is a wide range of wavelengths and the 
colors blend imperceptibly into one another as in lig. 5, Chap. 48. Incan¬ 
descent solids, liquids, and gases under high pressure arc sources of continu¬ 
ous spectra. 


When light from a luminous gas or vapor under moderate or low pressure 
is examined in a spectroscope, the spectrum is found to be made up ol defi¬ 
nitely placed bright lines. Each line is a monochromatic image of the slit 
through which the radiation passes. Every gas emits certain definite fre¬ 
quencies, which arc characteristic of the gas. Its bright-line spectrum (fig. ) 
provides a convenient and sensitive means of identifying even minute 
quantities of the substance. 


The spectrum produced by an incandescent solid, liquid, or gas is called 
an emission spectrum. If the spectrum is continuous, all wavelengths arc 
present; but the amount of energy radiated at each wavelength depends 
primarily upon the temperature of the material and to some extent upon its 
nature. In the case of a bright-line spectrum, the wavelengths ul the lines 
depend primarily upon the chemical nature of the material and the number 
and intensities of the lines depend upon the method by which energy is 
supplied to the atoms to “excite” them. 

When radiant energy passes through a comparatively cool gas or vapor, 
the atoms absorb the light of the same frequencies that they emit when the\ 
possess suflicicnt energy. If the residual light after traversing the gas is passed 
through a slit and a prism, the resulting absorption spectrum is found to ct 
tain dark lines at positions corresponding to lines in the emission spectru 
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Adaptedfrom Erdmann's “Ishrbuch der Anorgannhen Chemie," and Black's "Introductory Course in College Physics." 

7. Ivpical spectra: the solar spectrum with I*raunhofer lines; and the bright-line spectra of sodium, 
rogrn, and mercury. I he numbers refer to wavelengths expressed in hundredths of a micron. The dark 
s on the solar spectrum are absorption lines representing wavelengths that were absorbed by the gases in 
atmosphere of the sun. 
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I'he intense white light from a carbon arc may be directed through the 
sodium vapor produced by heating common salt in a Bunsen flame, where¬ 
upon the continuous spectrum will have dark lines corresponding to the two 
closely spaced yellow lines of the sodium emission spectrum. 

The solar spectrum on casual inspection seems continuous, but more 
critical examination shows it to contain many dark lines. It is apparently an 
absorption spectrum formed when the white light from the intensely hot sun 
passes through the cooler gases surrounding the sun and there gives up energy 
of those frequencies which can be absorbed by atoms in the solar atmosphere. 
Much information about the composition of the sun has been obtained bv 
comparing its absorption lines, called Fraunhofer lines, with the spectra of 
known elements in the laboratory. In making such identifications, allowance 
is made for absorption in the earth’s atmosphere. Helium was identified on 
the earth only after that clement had been discovered in the sun. 

Absorption spectra of gases may exhibit a fluted band structure which on 
sufficiently high dispersion is found to consist of closely spaced dark lines 
arranged in an orderly manner. Band spectra (and continuous spectra) are 
emitted by molecules, while line spectra are emitted by uncombined atoms. 

I he study of band spectra has yielded much information about the structure 
of molecules and the forces acting within them. 

Distribution of Energy in the Spectrum. The distribution of energy 

in a spectrum can be measured by allowing each narrow wavelength region 
• 

in turn to fall on the blackened surface of a thermopile. The resulting deflec¬ 
tion of a galvanometer-is a measure of the energy in a particular region. 

A solid is caused to radiate increasing amounts of energy as its temperature 
is raised. At comparatively low temperatures most of this energy is in the 
infrared. As the temperature of the source is raised, more energy is radiated 
at each wavelength, and the maximum in the distribution is shifted toward 
shorter wavelengths (Fig. 8). This change in energy distribution is responsi¬ 
ble for the familiar change in the color of a body as it is healed to incandes¬ 
cence and for the indications of high temperature implied by the terms “red 
hot” and “white hot.” 


I here is a definite proportionality between absorption and emission at the 
same temperature for any wavelength. This is KirchhofTs law. I bus a good 
absorber is also a good radiator. A blackbody, which absorbs all radiant 


energy incident on it, is also the perfect radiator. The total energy radiated 
at all wavelengths is proportional to the area under the distribution curve, 
a nd this was shown by Stefan to vary as the fourth power of the absolute 
temperature for a perfect radiator (Chap. 21). 

Fluorescence and Phosphorescence. Fluorescence is a process in which 
a substance absorbs radiant energy and then immediately reemits an appreci- 



6 g8 


COLLEGE PHYSICS 


able part of it with its wavelengths longer than those absorbed. Often the 
term refers to the changing of ultraviolet light to visible light. In the com¬ 
mercial fluorescent lamp a low-pressure mercury-vapor arc emits much of its 
radiant energy in an ultraviolet line (2537 A) of the mercury spectrum. The 



WA VEL ENG TH, MICRONS 
VISIBLE 



l ie,. 8. Distribution of radiant energy from an ideal radiator (blackbody). 1 micron (n) = 
10 -6 m = 10< angstroms (A). 

inner surface ot the tubular bulb is coated with fluorescent materials, called 
phosphors, which absorb the invisible ultraviolet and emit visible light. 

In some materials the molecules disturbed by the absorption of light do 
not immediately return to their original state and their emission of light con¬ 
tinues after the exciting radiation is removed. This delayed fluorescence is 
called phosphorescence. Sulphides of barium and calcium exhibit this effect. 

Luminous paints which are excited by daylight may glow for several hours 
in the dark. 
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Color of the Sky. The molecules of the atmosphere, and other particles 
in it, that are smaller than the longest wavelengths of visible light are more 
effective in scattering light of short wavelengths than light of longer wave¬ 
lengths. The amount of scattering is inversely proportional to the lourth 
power of the wavelength (Rayleigh effect). 1 he light beam from a projec¬ 
tion lantern has a bluish color when viewed from the side by scattered light. 
Light from the sun near the horizon passes through a greater distance in the 



Fig. 9. The formation of primary and secondary rainbows. 


earth’s atmosphere than docs the light received when the sun is overhead. 

1 he correspondingly greater scattering of short wavelengths accounts for the 
reddish appearance of the sun at rising and at setting. When looking at the 
sky in a direction away from the sun, we receive scattered sunlight in which 
short wavelengths predominate, giving the sky its characteristic bluish color. 


The Rainbow. The dispersion and reflection ot sunlight in minute 
spherical drops of water in the atmosphere, during rain or in mist, produce 
the rainbow. The origin of the brightest or primary bow can be seen from 
Fig. 9, in which a shows a much enlarged section of the raindrop in the plane 
which includes the sun, the raindrop, and the observer. By following the law 
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of refraction and the law of reflection, the path of, say, a red ray may be 
traced. If paths for neighboring parallel rays arc traced, only one will be 
found to pass through the droplet with minimum deviation. This is shown 
as the line in Fig. 9 a. Other red rays that enter the drop parallel and close 
to this one will be deviated by only slightly different amounts, while other 
rays will be deviated quite differently. A maximum amount of red light 
reaches the observer along a line at an angle found to be 42°18' with the line 
(dotted) from the sun to the observer. The foregoing remarks apply to the 
other droplets, hence light is received along a cone giving rise to a luminous 
arc in the sky. Owing to dispersion, the angle for the violet rays will be differ¬ 
ent (40°15 / ) from that for red rays, as shown in Fig. 9c. The violet arc 
of the primary rainbow lies inside the red. An impure spectrum extends from 
one to the other of these extremes. 

Fhe secondary rainbow occasionally visible is formed by two refractions 
and two internal reflections in the water droplets, as shown in Fig. 9b. 

SUMMARY 


The variation of the index of refraction n with the wavelength of light is 
called the optical dispersion of a substance. 

The minimum deviation D produced by a prism depends on the prism 
angle .1 and the index of refraction n. 

sin \ j(D + A) 
sin ) 2 A 

The dispersion \p of two particular wavelengths produced by a prism is 
(lie angular separation between their deviated rays. 


For a prism of small angle 


* = Dr - Dr 

D = A{n - 1) 


An achromatic prism (or lens) is a double prism (or lens) that produces 
deviation without dispersion. 

\\ hen light rays of different wavelengths coming from the same point are 
brought to different loci by a lens, the lens is said to exhibit chromatic aberration. 

A prism spectroscope is a combination of a prism and achromatic lenses 
for the purpose of separating the various wavelengths in a beam of light into 
its spectrum. 

A spectrum line is the monochromatic image of the slit through which the 
light is received in a spectroscope. 


Spectra are classified as continuous , band , or line according to their appear¬ 


ance. 
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The radiation process is reversible, giving rise to both emission and absorp¬ 
tion spectra. 

Fluorescence is a process in which a substance absorbs radiant energy and 
reemits it in wavelengths different from those absorbed. If the process con¬ 
tinues after the exciting radiation is removed, it is called phosphorescence. 

QUESTIONS 

1. What evidence can you suggest to show that all frequencies of light have the 
same speed in a vacuum but different speeds in other mediums? 

2. Account for the gorgeous colors of sunrise and sunset. 

3. What is the physical explanation of the formation of a spectrum bv a class 

prism? H 1 

4. What are the essential parts of a prism spectrometer? List in proper order the 
adjustments of a spectrometer preparatory to its use in analyzing a spectrum. 

5. What evidence have we for believing that there is calcium in the sun? 

6. What sort of spectrum is obtained from a fluorescent mercury arc lamp 3 

7. What sort of spectrum is given by moonlight? (The moon has no atmosphere.) 

8. Can any two people see the same rainbow? Explain. 

9. Why is a rainbow not seen during the middle of the day? 

10. Why has no one ever found the pot of gold that lies buried at the end of the 
rainbow? 

PROBLEMS 

1. What is the speed of yellow light (5893 A) in water? in dense flint glass? 

2. A certain yellow light has a wavelength of 0.000060 cm in air. {a) Express this 

wavelength in microns, millimicrons, and angstrom units, (b) What is the frequency 
of this radiation in kilocycles per second? 

A ns. 0.60 n ; 600 m/i; 6000 A; 50 X 10"' kc/sec 

3. I he wavelength of yellow light from a sodium lamp is 0.00005893 cm (,,) How 

many waves are there in 1.00 cm? ( b) What is the frequency? (r) If the sored of 

^urn l.ght in water is three-fourths of its .peed in air, what is the wavelength of 
sodium light in water? h 

■he w. RCd l ‘!, hl <6 , 563 , *1 C e‘ Cr8 3 mCdiUm flim 8iaSS - W What is the frequency of 
the waves in this glass? (b) the speed? (c) the wavelength? 

« , V r , . 4 57 X ,0,4 /scc; 1.85 x 10'0 cm/sec; 405 m M 

3. (a) Compute the ratio of the speed of yellow light in dense flint glass to its speed 
in crown glass. ( b ) What is this ratio for violet light? 

• ■!' A ° f , WhitC li8ht falls ° n a l’ la,c of medium flint glass making an angle of 

„J J' Cakulm “m" 1 "' “f ‘ i r inddCm “ an ° r600 ° U l > ”" a «f*nsc flint 
h'This^L r ,hC rCd (65W A) a ' ld "“let (3960 A) rays 

for a^H thC n ngUli ! r d “ |,<:r,io " of ,hc violcl (3969 A) and the yellow (5893 A) rays 
,ur a 20 dense flint-glass prism. 4 n ' ™ yS 

.Ins. 0.77 
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9. A 60°0' dense flint-glass prism is adjusted in a spectrometer to give minimum 
deviation of the yellow (589 m y) light. What is the angular dispersion between red 
(656 my) and blue (486 mu) rays emerging from the prism? 

10. A prism is made of medium flint glass and has a refracting angle of 60°0 / . The 

prism is adjusted in a spectrometer to give minimum deviation for the yellow wave¬ 
lengths from a sodium lamp. What deviation will it produce for the violet (397 m/i) 
light from a calcium source? Ans. 52 32' 

11. A crown-glass prism has a refracting angle of 70.0°. A ray of light from a sodium 
flame is sent through the prism, and the angle of minimum deviation is found to be 
50.0°. What is the index of refraction of the prism for this light? 

12. A flint-glass prism has a refracting angle of 60.0° and an index of refraction of 
1.640 for light of wavelength 456 my.. What is the angle of minimum deviation? 

Ans. 50°10' 

13. A 20.0° crown-glass prism is combined with a medium-flint glass prism to make 
a compound prism achromatic for blue (486 m/i) and red (656 my) rays. What 
deviation is produced for yellow (589 my) rays? 

14. An 18° crown-glass prism is to be combined with a dense flint glass prism so 

that the combination will be achromatic, producing deviation without dispersion for 
the violet (3969 A) and yellow (5893 A) rays. What should be the refracting angle of 
the flint-glass prism? Ans. 7.2° 

15. A hollow prism of 60.0° refracting angle, made of thin glass plates, is filled with 
carbon disulphide whose index of refraction is 1.6182, 1.6276, and 1.6523 for the red, 
yellow, and blue wavelengths, respectively. (a) What is the angle of minimum devia¬ 
tion for yellow rays? ( b) What is the angular dispersion between red and blue rays? 

16. (a) What angle should a medium flint-glass prism have so that when it is com¬ 
bined with a 10° ordinary crown-glass prism, as in Fig. 3, yellow light is not bent at 
all? ( b) What will then be the angular dispersion of red and blue rays? 

Ans. -8.2°; 0.045° 

17. A converging crown-glass lens has a focal length of 25 cm for the violet (3969 A) 
rays. Find its focal length for red (6563 A) rays. 

18. A converging lens of flint glass has an index of refraction of 1.650 for yellow 
light and a focal length of 1.250 ft for this light. For a certain red light the focal length 
is found to be 1.275 ft. What is the index of refraction of the lens for this red light? 

Ans. 1.637 

19. A double-convex crown-glass lens has a focal length of 25.0 cm for blue 
(486 m/i) light and an index of refraction of 1.524 for this light. Find the focal length 
for red light (656 my) for which the index of refraction is 1.514. 

20. A pencil ol rays ot white light parallel to the principal axis falls upon a double- 
convex lens of dense flint glass. The lens has radii of curvature each 40.0 cm. Calculate 
the separation of the focal points for red (656 my) and blue (486 my) rays. 

Ans. 9 mm 

21. 7 he curved surface of a plano-convex lens has a radius of curvature of 20.0 cm. 
The index of refraction of the glass is 1.580 for red light and 1.620 for violet light. Find 
the separation of the red and violet focal points. 
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22. A crown-glass plano-convex lens has a radius of curvature of 5.00 in. What 

radius of curvature has the medium flint-glass plano-convex lens, which with the first 
lens makes an achromatic pair for blue and red light rays? Ans. —9.3 in. 

23. A convex crown-glass lens has a focal length of 10.0 cm for yellow light. What 

is the focal length of the dcnsc-flint lens that will make an achromatic doublet for 
blue and red light? 

24. Compare the power needed to maintain a carbon filament at 1500°C to that 

required for its operation at 1200°C, assuming that all power is radiated in blackbody 
radiation. . -> , 
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Color 


I lie phenomena of color constitute some of the most striking and pleasing 
aspects of light. Psychologically, color is a sensation. But it can be related 
to physical stimuli. A given color sensation, however, can be produced by 
moie than one type of stimulus. The science of colorimetry seeks to relate the 
a\erage poisons perception ol color to the physical light stimulus in such 
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a way as to provide practical graphical and numerical specifications of 
color. 

Color Classification. In the study of spectra we have observed that light 
from the sun or other source after passing through a narrow slit is dispersed 
by a prism into a spectrum, each part of which gives a different color sensa¬ 
tion. Each part of the spectrum may be named as a hue, such as red. orange, 
yellow, green, blue, and violet. Not all hues are observed in the spectrum of 
sunlight. The purples are notably absent. 



» , . 


_SATURATION 

Fic. 1. Hue Circle showing the prin- Fig. 2. Sample page of a Mimsell color 

ipa huc..s. atlas (with the designation of coordinates 

changed). 

The evolution of a graphic method of color classification has been sug¬ 
gested by Deane B. Judd somewhat as follows: Suppose that we have a trunk 
full of colored papers and that we attempt to classify the colors. After separat¬ 
ing them, we note that there are some that lack the quality of hue. Some arc 
white, some are grays, and some arc black. Each of these will reflect equally 
all parts of the sunlight that falls upon it. A white would reflect nearly all, 
a black none, and the various grays an intermediate amount. 

We first separate the papers into two classes: the grays (achromatic colors) 
that lack hue and the chromatic colors that have hue. We next group the 
chromatic colors by hue as red, yellow, etc. We further notice that inter- 
mediate groups can be found that form a continuous circle, ranging from 
red through orange and on through green to blue. Purple completes the 
circle back to red (Fig. 1). This is classification by hue. 
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The grays are now placed in a series from white through grays of decreasing 
lightness to black. Among the colors of one hue some of the samples are 
darker or lighter than others. We find that we can match the lightness of each 
to the grays of the achromatic series. By finding the equivalent gray we 
classify a color by lightness. Lightness is the impression of the relative amount 
of incident light that a surface reflects, irrespective of hue. 

We now notice still a third characteristic, saturation , which is the degree of 
difference from a gray of the same lightness. We use such adjectives as vivid 
or strong to describe high saturation; weak is used to describe low saturation. 
For the grays, the saturation is zero. For a two-part mixture composed of a 


WHITE 


LIMIT OF 
SENSATION 


PURPLE 



He. 3. Dimensions of the psychological color solid, (a) for surface colors, with illuminance 
constant throughout the solid, and (A) for unattached colors, with brightness considered as 
an aspect of the color itself. 

chromatic color and a gray, the saturation is increased by increasing the 
amount of the chromatic color. 

I hese three aspects ot color can be represented on a color solid (Fig. 3 a). 
Hue changes around the circle, as in Fig. 1, lightness increases upward, and 
saturation increases outward from the axis. Many such color solids have been 
devised. 

A single point in the color solid of fig. 3a represents one surface color differ¬ 
ing from all others in at least one o! the three attributes: hue, saturation, or 
lightness. The color solid can be used to set up an “atlas” system of standard 
colored surfaces. A page from one such system, the Munsell, is shown in 
l ig. 2. In using such an atlas, the unknown sample is matched visually under 
standaid illumination to one specimen of the atlas and is specified by the 
designation of that specimen. Such atlas systems have limitations. They are 
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useless for the specification of colored light sources and are applicable onlv 
with considerable difficulty to transparent materials. However, in its field 
the Munsell system has been accepted by the American Standards Association. 

The color solid (Fig. 3 b) referring to colors of self-luminous areas has the 
dimensions of hue, saturation, and brightness. Brightness is the subjective 
impression of the rate at which light is being emitted from unit area toward 
the observer and ranges from very dim to very bright or dazzling. It is the 
intensive aspect of the visual sensation. 

Colorimetry. YVc examine colored objects by light transmitted through 
them or reflected from their surfaces. The color observed depends not onlv 





I 7 io. 4. Spectrophotometer curves of familiar objects. 
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on the characteristics of the object but also on the color of the light illuminat¬ 
ing it. Daylight, or a light source approximating daylight, is the usual stand¬ 
ard for the illumination of colored surfaces. 

The physical basis of the hue and saturation of a sample (called its chro- 
maticily) may be completely specified by stating the percentage of the incident 
energy from a standard illuminant that the colored object transmits or re¬ 
flects at each wavelength. Instruments of two types, visual and photoelectric, 
are in use for obtaining spectrophotometric curves. One type of spectro¬ 
photometer employs a single phototube and makes a comparison between 
the test surface and a white surface such as magnesium oxide. Two light 
beams, obtained by splitting a single one, are alternately reflected from the 
two surfaces to the phototube. The instrument records the difference of the 
two reflected beams in each successive part of the spectrum and draws a 
curve representing the spectral distribution (Fig. 4). 

The shape of the curve showing the spectral distribution of radiant energy 
could be used as a specification of color stimulus; or one could multiply it by 
the luminosity curve (Fig. 5, Chap. 42) to take account of the variation of the 
brightness sensitivity of the eye with wavelength to obtain the corresponding 
spectrophotometric curve. However, we cannot accurately imagine the 
appearance of an object from the shape of either curve. Moreover, two 
objects of the same color may have quite different spectrophotometric 
curves. 

Color Vision. Many theories of color vision have been proposed. None 
is completely satisfactory. In one, the Young-Helmholtz, or three-component 
theory , it is assumed that in the eye there are three types of retinal cones. All 
three types are sensitive to nearly the whole of the visible spectrum, but each 
has a region of maximum sensitivity, one in the red, one in the green, and 
one in the blue (Fig. 5). If one type of receiver alone could be stimulated, the 


sensation produced would be completely saturated red or green or blue. 
Actually any stimulus affects all three and the three effects are integrated 
in the proportions that each is aroused by the stimulating light. Thus a 
single sensation is produced. 1 he hue aroused by any wavelength is deter¬ 
mined by the curve that is uppermost at that wavelength, with some in¬ 
fluence from the relative height of the next uppermost. Blue-green and yellow 
are positioned in the spectrum by the crossings of two upper curves. Satura¬ 
tion is largely determined by the relative height of the lowest curve, since it 
determines an amount of dcsaturating whiteness present in the sensation 
from even a monochromatic light. 


The tin ee-component theory has led to a workable system of color specifi¬ 
cation and matching. C olors may be synthesized by mixtures of two or more 
wavelengths. The result can be predicted from Fig. 5. If two or more wave- 
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lengths reach the retina at the same time, they will produce a single hue at 
some particular saturation. Only by chance will the saturation be the same as 
that of the same hue when it is aroused by a single wavelength. 

True purples do not appear in the spectrum. They arc not aroused by a 
single wavelength, but require mixtures of short- and long-wavelength light. 

The sensation of white requires equal excitation of each of the three sensa¬ 
tion-producing factors. There is equal excitation, for example, when the 



comjMjnrnt theory, with the appearance of the solar spectrum (to which the < ur\ cs pci tain) 
suggested beneath. 


whole “equal-energy” spectrum is used, since the areas under the three 

curves of Fig. 5 are all the same. The sensation of white can also be produced 

by less than the whole spectrum if the combination is such as to give the 

required equal excitation. Any two pairs of wavelength regions that satisfy 

this condition and thus produce white are called complementary colors. Thus 

blue and yellow are complementarics (Fig. 6). Any wavelength toward one 

end of the spectrum has a complementary wavelength somewhere in the 

other end. In Fig. 1, complementarics are nearly directly across the color 
circle. 

A rnid-spcctral wavelength and one from either end of the spectrum can 
be mixed in various proportions to produce all the hues in the corresponding 
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StU-OW BE a if slUE BEAM 



I'ig. 6. Additive mixture of complementary patches of light on a screen. 


RED BEAM 



GREEN BEAM 

Fig. 7. Additive mixture of three 
on a screen. 


BLUE BEAM 

primary lights in projected patches allowed to overlap 


half of the spectrum. With a mid-spectral wavelength and two terminal 
\\a\e engt is, cal It cl ihice primary colors , additive mixtures can be made that 
wi pro uct am hue of the spectrum or any of the purples. Figure 7 repre¬ 
sents pate n s of pi imai \ lights Jailing on a screen and so adjusted in intensity 
t t it Jon wluu the three patches overlap there is equal excitation 


COLOR 



of the three sensation-producing factors, giving while. Any other mixture of 
these lights on the screen will produce some hue in some degree of saturation. 

Color by Absorption, Addition, and Subtraction. From the foregoing, 
we see that we cannot tell by inspection ol a colored light or object what the 


exact physical basis of its color is. A source will ordinarily arouse the sensation 
of hue if it is confined to a small part of the spectrum. A source may arouse 
the same hue if it emits a band of wavelengths of considerable width, or 
several bands, so long as these do not cancel each other’s effects by comple¬ 


mentation, or even if the source emits energy of all the wavelengths in the 
spectrum if the energy distribution is substantially different from that of an 
equal-energy spectrum. 

Any appreciable disturbance of the energy distribution in an equal-energy 
spectrum will create hue and hence chromatic color. II an object is illumi¬ 
nated with daylight and absorbs selectively, it will reflect or transmit an 
altered spectral distribution of energy and hence will be perceiv ed as colored. 

No object reflects only a single wavelength (absorbing the rest), or even 
a very narrow band of wavelengths. More commonly, a colored object owes 
its color to a minor subtraction from the daylight falling on it. For example, 
a yellow pencil can be thought of as a “minus-blue" object. It reflects not 
merely the yellow but the whole of the spectrum except for the short-wave 
blue-violet region. The red- and green-producing wavelengths reaching the 


WHITE. 
LIGHT 



YELLOW BLUE 

GLASS GLASS 


WHITE 
LIGHT ' 



BLUE YELLOW 

GLASS GLASS 


Flo. 8. Subtractive effects of colored glass upon white light. 
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retina arouse a yellow sensation “additively” in the visual system. This 
yellowness is added to that aroused by the yellow-producing wavelengths. 
The pencil is consequently lighter than it could be if it reflected only the 
yellow-producing energy. 

When daylight falls on colored-glass filters, selective absorption “sub¬ 
tracts” some parts of the spectrum and thus affords opportunity for unab¬ 
sorbed parts to have simple additive effects, resulting in color (Fig. 8). 

The color of a pigment can be thought of as due to the fact that the pigment 
subtracts (absorbs) from the light reaching it that light which is supplemen¬ 
tary to the light which the pigment reflects. A mixture of yellow and blue 
paints is green, although yellow and blue lights are complementary and 
produce white light when added (Fig. 6). The yellow paint (which reflects 
red, yellow, and green) absorbs blue and violet light; and the blue paint 
(which reflects violet, blue, and green) absorbs yellow and red. Nothing but 
green light remains to be reflected by a mixture of the paints (Fig. 9; com¬ 
pare with Fig. 8). What is “additive” or “subtractive” is not the color ex¬ 
perience, but the method of production of the spectral distribution of energy 
in the light reaching the eye. 


INCIDENT WHITE LIOHT GREEN LIGHT 



Color Specification. Colors created by either reflected or transmitted 
li”ht can be specified in terms ol a mixture of lights producing a visual match 
lor the sample. A device (Fig. 11) in which a given color is matched by the 
addition of three primaries is called a tricolorimeter. One finds experimentally 
dial by using any three primaries in .1, B, and C, in suitable proportions, 
main colors in .S can be matched. But there is no set of three primaries that 
can be added in this wav so as to match all colors in .S’. For some, one of the 
piimary beams represented in Fig. 11 must be shifted to illuminate the left 
side ol the field, “subtracting this primary from the right side. If our process 
is undei.stood to include subtraction, that is, if negative amounts of the 
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RED FILTER 



GREEN FILTER BLUE FILTER 

(*) 

CYAN (MINUS RED) FILTER 



MAGENTA (MINUS GREEN) FILTER 


(b) 


YELLOW (MINUS BLUE) FILTER 


I'lo. 10. Subtractive production of colors by the overlapping of fillers in the white-light 
beam from a single projector. In («) the primaries are «he same as those of Fig. ", In (/») the 
primaries arc the compleinentaries of the* primaries of (a). ( I his picture should he viewed 


ln ®trong, white light.) 


COLLEGE PHYSICS 



primaries may be used, then it is found that any color can be matched by 
some mixture in proper proportions of any three primaries whatever. 

As an example, let the three primaries be spectrum lights of wavelengths 
450 m/x, 550 m/i, and 620 m/i. Illuminate the left side of the field by spectrally 
homogeneous light of constant radiant flux whose wavelength is successively 
varied throughout the spectrum, and gauge the relative amounts of the three 
primaries needed to secure color match with S at each wavelength. The 
results are given in Fig. 12, in which ordinates of curves A, B, and C, at each 
wavelength, indicate the amounts of the three primaries needed to match a 


MIXTURE OF 
. PRIMARIES 



l ie. 11. Colorimetry: color match¬ 
ing by the additive mixture of three 
primaries. 



Fig. 12. Color mixture data for monochromatic 
primaries of wavelengths (.1) 450 mji, ( B ) 550 
inji, and (C) 620 mp. ( Adapted from A. C. Hardy 
and F. H. Perrin , “ The Principles oj OpticsMc¬ 
Graw-Hill Book Company, Inc., 1932.) 


spectrum light of that wavelength. Thus the 
wavelength 500 m/u are 


tristimulus values for light of 


-I = 12; ‘ B = 55; C = -30 


( 1 ) 


I he system <4 v o!or specification adopted by the International Commission 
on Illumination V U i expresses color-mixture data in terms of three prima¬ 
ries so chosen th.«; the curves corresponding to A, B, and C in Fig. 12 lie 
e\ ery wheic above the axis. 1 his avoids the use of negative values in compu¬ 
tations. It requires the use of primaries which lie outside the realm of real 
colois, but this is not a disadvantage. A color may be specified by the relative 
amounts of the international primaries (Fig. 13) required in a matching 
mixture. T hese are called the tristimulus values of the color and are designated 
A. ) , and I h< t: istimulus specifications for a small portion of the spectrum 
an designated Vv and c.v 1 hits the ICI tristimulus values for light of wave- 



length 500 m/i are 


*5on = 0.00492; _y 6 oo = 0.32300; ztm = 0.27201 (2) 

Chromaticity Diagram. Spectrum Colors. A three-dimensional diagram 
would be necessary to specify a color if the three tristimulus values were 
plotted directly. This inconvenience is avoided by introduction of three 



Fio. 13. Iristiinulus values for the spectrum colors. The values of x, y, and £ are the 
amounts of the three IC'I primaries required to color match a unit amount of energy 
having the indicated wavelength. (Adapted from A. C. Hardy , “Handbook of Color,metrv" 
1936.) 


ielated quantities, *, y, and z, known as the chromaticity coordinates, defined 
as follows: 


A' 

X+ Y -f 


r _ 

y V+J+.C 




-V +r + ? 



Since * +y + Z = 1, the values of any two of these coordinates are sullicicnt 
to determine completely the chromaticity. The quantities a and_y arc usually 
chosen, and the y values of all possible colors plotted against the * values of 
those same colors comprise the ICI chromaticity diagram (Fig. 14). 

Again considering light of wavelength 500 m/i, and using values from 
Eq. (2), we find for the chromaticity coordinates 


„ _ 0.00492 

0.59993 ~ 0.00820; 


_ 0.32300 
y 0.59993 


0.53839; 


0.27201 

* = 0.59993 = 0 45341 W 
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Hence this color may be represented in the chromaticity diagram by a point 
whose coordinates are x = 0.00820 and y = 0.53839. When this procedure 
is carried out for each wavelength in the visible spectrum, the curve called 
the spectrum locus (Fig. 14) is obtained. 

Light Beams. The tristimulus value T of a light beam of given spectral 
distribution is found by multiplying the ordinate of the y curve (Fig. 13) at 
each wavelength by the radiant flux of the light beam at that wavelength, 


and summing over the visible spec¬ 
trum. This integration is usually per¬ 
formed graphically, or by an approxi¬ 
mate mathematical method. When 



Fig. 14. Chromaticity diagram. The 
curved line is the spectrum locus. The 
green (G) may be regarded as a mixture of 
Illuininant C and a spectrum color having 
a wavelength of 506 m M . (Adapted from 
A. C. I tardy, "Handbook of Colorimetry 

M.I.T., 1936.) 



Fio. 15. (/?) Reflection factor (percentage 

reflection) curve of a green paint. (C) Dis¬ 
tribution of energy radiated per unit time 
by Illuininant C. ( P ) Distribution of energy 
reflected per unit time from the green paint. 
(Adapted jrom A. C. Hardy, “Handbook oj 
Colorimetry," 1936.) 


one has found the A and values by a like process, he may calculate the 
chromaticity coordinates .v, y, and c, from Eq. (3). 

Surface Colors. I he color sensation produced by light reflected from an 
opaque object depends both on the composition of the incident light and 
on the reflection factor of the object at each wavelength. The ICI has recom¬ 
mended three standard light sources, produced by incandescent lamps and 
filters. Illuininant ( corresponds closely to average daylight. The chromaticity 
coordinates of Illuininant C (plotted in Fig. 14) are* = 0.3101 ,y = 0.3163. 

Consider now the computation of the chromaticity coordinates of a green 
paint whose percentage reflection is given as in Fig. 15, when illuminated 



by Uluminant C, whose spectral composition is given by curve C. The product 
(P) of the relative flux of the original beam at a particular wavelength 
(ordinate of curve C) and the reflection factor of the paint at that wavelength 
(ordinate of curve R) gives the relative flux of the light reflected from the 
paint at that wavelength. The procedure for obtaining the tristimulus values 
from curve P is now the same as that for computing the tristimulus values 
for any light beam of known flux distribution. One finds 

X = 15.5; Y = 24.2: < = 22.6 (5) 


The corresponding values of the chromaticity coordinates are 

* = 0.25, v = 0.39 


( 6 ) 


This point, shown plotted as G in Fig. 14, represents the chromaticity of the 
green paint. 

Dominant Wavelength, Purity, and Luminance. All colors that m iy 
be produced by the additive mixture of any two given colors will be repre¬ 
sented by points on the straight line joining the given colors on the chromatic¬ 
ity diagram. Thus all colors obtainable by the additive mixture of the two 
colors G and Y (Fig. 14) arc represented on the segment GY. 

Since complementary colors are those which when added produce white, 
spectral colors complementary to one another lie at the intersection with the 
spectrum locus of straight lines passing through the “white point” C. Thus 
A and L arc complementary. Colors M and .V, A and .V, or M and L arc also 
complementary. 

It is evident that all real colors must lie within the area enclosed by tin 
spectrum locus and the dotted line, since every real color can be considered 
to be a mixture of its spectral components. Furthermore, any color can be 
considered to be a mixture of Uluminant C and spectrum light of a certain 
wavelength, called the dominant wavelength of that color. The fractional dis¬ 
tance at which the given color lies along the line joining the white point and 
ihe dominant wavelength is called the purity of the color. Thus the green 
paint has a dominant wavelength of 506 m n and a purity of 20 per cent. 

Before the ICI system and its chromaticity diagram were devised, domi¬ 
nant wavelength and purity were determined directly with “monochromatic 
colorimeters,” in which a sample was matched by a wavelength and intensity 
of monochromatic light (mixed with white light) found by trial and error. 
The specification of a color in terms of dominant wavelength and purity 
permits the appearance of the color to be visualized more readily than would 
its specification in terms of chromaticity coordinates, and is often preferred 
for this reason. The treatment of purples is “special” in all except atlas sys¬ 
tems of color specification, and is omitted from this chapter. 
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The luminance (photometric brightness) of a sample is found by evaluat¬ 
ing the spectral distribution of the light reflected from it, weighted by the 
standard luminosity curve of Fig. 5, Chap. 42. The luminance at any wave¬ 
length is the radiance of the reflected light at that wavelength multiplied by 
the corresponding ordinate of the luminosity curve. Integration of this 
product over the entire spectrum gives the luminance of the sample. The 
necessity of making this integration separately is avoided because the T curve 
of the international primaries was deliberately made to have the same shape 
as the luminosity curve, by proper choice of the primaries. The same integra¬ 
tion which gives the T tristimulus value therefore also gives the luminance. 
Thus the green paint for which I* was 24.2 has a luminance of 24.2 per cent 
of that of the standard magnesium oxide. The green paint is then specified 
by 

Luminous 

reflectance = 24.2 per cent 

.v = 0.25 
y = 0.39 


or 


or 


Photometric brightness = 24.2 
(relative to 100 for a perfect 
white paint) 

Dominant wavelength = 506 m/i 
Purity = 20 per cent 


SUMMARY 

A color sensation is described by hue, saturation, and brightness (self-luminous 
area) or lightness (non-self-luminous object). These attributes of color depend 
upon the physical quantities wavelength , {unity, and energy. 


Color Aspect 

flue. 

Saturation. 


Physical Determinant 

Assortment of wavelengths and their relative intensities 
Colorimetric purity: percentage of monochromatic light in a 


mixture oi monochromatic and white light required to match 
the. sample 

Brightness.Proportional, at each wavelength, to the logarithm of the 

radiant energy per unit time 

Lightness. Ratio of the luminance (luminous flux per unit area per unit 

solid angle) of the object to the luminance of its surroundings, 
or, in most cases, luminous reflectance 


I he wavelengths in the visible spectrum extend from about 380 to 760 m/i. 
I he chief spectral hues, in order, are violet, blue, green, yellow, orange, and 
red. 

Complementary beams are monochromatic (or polychromatic) pairs which 
when mixed in the proper proportions produce the sensation of white. 
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Colors are commonly formed by the addition of lights or by the subtraction 
of certain wavelengths from the light source. 

Any three beams having wavelengths near the two extremes and the 
middle of the spectrum are called primaries and when added in proper pro¬ 
portions produce the sensation of white, or when combined in other propor¬ 
tions (sometimes negative) can match any color. 

Chromaticity coordinates specify a color quantitatively in terms of the relative ' 
amounts of three artificial (ICI) primaries necessary to produce a visual 
equivalent of that color. 

A color may be specified also by stating its dominant wavelength and its 
purity. These may be obtained graphically from the chromaticity diagram or 
directly by the use of a monochromatic colorimeter. 

QUESTIONS 

1. What determines the color of an opaque object? 

2. Why does a dark-blue suit appear black by candlelight? 

3. What is responsible for the color of a nonluminous body? What clfect has the 
character of the illuminant? 

4. Explain why a block of ice is transparent whereas snow is opaque and white. 

5. Explain the ghastly appearance of a person in the light of a mercury-arc lamp. 

6 . A lamp has a colored lens which transmits chiefly light of wavelengths near 
6300 A. What wavelength would this light have under water? What color would the 
lamp appear to a submerged swimmer? Explain. 

7. The manufacture, packaging, and processing of panchromatic photographic 
film is carried out under the faint illumination of green safeliglus. Why is this color 
chosen? Why are red safeliglus used in handling orthochroinatic film? 

8 . Why is it dangerous to view an arc-welding operation without glasses? What 
protection do glasses provide? 

9. Why is red light used as a danger signal? 

10 . Compare the mixing of colored lights with the mixing of pigments. 

11. Why docs mixing blue and yellow light in proper amounts give while light, 
whereas mixing blue and yellow pigments or paints gives green? 

12. What are complementary colors? Explain their production through retinal 
fatigue. (Look intently at a brightly lighted red object, and then immediately look at 
a white paper.) 

13. Interpret the definition of color recommended by the Committee on Color¬ 
imetry of the Optical Society of America: “Color consists of the characteristics of light 
other than spatial and temporal inhomogeneities; light being that aspect of radiant 
energy of which a human observer is aware through the visual sensations which arise 
from the stimulation of the retina of the eye.” 

14. In what different ways is the work of the colorimetrist important? 

15. Mention some of the precautions and limitations in specifying colors by refer¬ 
ence to a color atlas of standard samples. 
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16. Is lightness largely independent of brightness, or closely related to it? Consider, 
for example, that a patch of snow in a dim place looks white, and a pile of coal out in 
the sunlight looks black, even though the luminance of the coal may be greater than 
that of the snow. 

PROBLEMS 

1. What is the wavelength of monochromatic light complementary to {a) the 
sodium yellow line at 589 m/x? ( b ) the mercury blue line at 436 m/z? 

2. By consideration of the chromaticity diagram, what three monochromatic 

primaries would probably produce the largest possible range of natural object colors 
when additively mixed? Ans. 700 m/x; 520 m/x; 400 m/x 

3. Three colored glasses /?, G , and B produce light having x and y trichromatic 
coordinates as follows: ( R ) 0.56, 0.34; ( G) 0.30, 0.63; and ( B ) 0.20, 0.20. ( a ) On a 
tracing of the chromaticity diagram, locate these colors. ( b) Show the location of all 
colors that can be matched by mixtures of R and G ; R and B\ and G and B. (c) Where 
arc the colors which if mixed with R can be matched by a mixture of G and B? 

4. From the chromaticity diagram, compute the dominant wavelength and 
purity of the R, G, and B colors of problem 3. 

Ans. (/?) 608 m/x, 72%; (G) 550 m/x, 81%; ( B ) 477 m/x, 62% 

5. The tristimulus values of two pigmented surfaces under illuminant C are 

A', = 16; r, = 24; = 22 

X 2 = 10; r 2 = 20; & = 15 

How do the two surfaces dilfcr with respect to (a) dominant wavelength? ( b ) purity? 
( c ) average reflectance? 
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Interference and Diffraction 


Thus far we have considered the linear propagation of light, reflection at a 
boundary between two media, and refraction where the speed of light 
changes. All these phenomena are explainable on the basis of a wave theory 
of light. However, if light is to be considered as having a wave nature, inter¬ 
ference and diffraction effects must be expected. Among the early experi- 
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menters in phenomena of light were Newton and Huygens. These two 
scientists reached directly opposite conclusions regarding the nature of light 
from similar observations. Because he failed to observe interference effects, 
Newton held that light must be particle in nature. Conversely, Huygens 
believed the wave theory explained reflection and refraction more satis¬ 
factorily and hence upheld that theory in spite of the lack of knowledge of 
interference phenomena. It was not until nearly a hundred years later that 
Thomas Young in 1801 performed his famous experiment showing inter¬ 
ference in light. The fact that light exhibits interference effects is the best 
evidence that luminous energy travels in a manner that may be represented 
by a wave motion. Optical apparatus designed to utilize interference effects 
permits the measurement of wavelengths or distances with a greater precision 
than that attainable in almost any other type of physical measurement. 



SOURCE 


S * 


WAVE 
FRONT 


LIGHT 



f DARK 


LIGHT 


Fio. 1. Interference of light from two identical slits. Wave-front diagram, 


Young’s Double-slit Experiment. As pointed out in Chap. 24, when¬ 
ever two wave trains pass through the same region of a medium, each con¬ 
tinues through the medium as though the other were not present. How¬ 
ever, at every point in that region the resultant disturbance is the sum 
ol the disturbances created by the individual waves, that is, the waves 
interfere. 

An arrangement similar to that used by Young to produce an interference 
pattern is shown in Fig. 1. Here S is a narrow slit with a source of mono¬ 
chromatic light behind it. and .1 and B are two narrow slits parallel to S. 
Light progresses from .S to the slits and, after passing through .4 and B, 
spreads out in cylindrical waves in accordance with Huygens’ principle, as if 
.1 and B were each a new source of disturbance. The wavelets leave A and B 
in phase with each other and in the region to the right they reinforce each 
other at certain places, producing brightness, and annul each other at other 
places, leaving darkness. Reinforcement occurs where the waves arrive in 
phase, having traveled paths of equal length from A and B or paths differing 
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by a whole number of wavelengths. Some such points lie on the solid lines 
of Fig. 1. Annulment occurs when the wavelets from A and B arrive out of 
phase by a half wavelength, having traveled an odd number of half wave¬ 
lengths (2 N — 1) X/2 farther from one slit than from the other. Some such 
points lie on the dotted lines of Fig.l. 

Consider a screen that is placed 
perpendicular to the bisector of AB 

p 

as shown in Fig. 2. The point P n 
is equidistant from A and B and 
hence the wavelets reaching P„ will 
be in phase, producing constructive 
interference and a central bright ^ ,0 - „ 2 ' In,crfcrencc of n 8 hI from 

C . w r slits. Ray diagram. 

Iringe. Moving out from P 0} one 

reaches a point Pi that is one half wavelength farther from A than from 
B. That is, 

api = bpi -f y 2 \ 

I he wavelets reaching P x arc out of phase by a half wavelength, producing 
destructive interference and a dark fringe. Farther out from the central 



A li C 


Fig. 3. Interference fringes produced by light from two identical slits. 

fringe is another point P 2 that is one whole wavelength farther from A than 
from B, so that 

APo = BP 2 + X 



Here there is again constructive interference since the wavelets are in phase. 
At P g, the path difference is :, 2 X; at P ti 2X; at /*&, etc. We observe that 


there will be alternate bright and dark fringes on either side of the central 
bright fringe. Wc can state general conditions for each kind of fringe in terms 
of the path difference. Whenever the path difference is an mid number of half 
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wavelengths there is destructive interference and a dark fringe. Whenever 
the path difference is any whole number of wavelengths, including zero, 
there is constructive interference and a bright fringe. 

Bright fringe: Path difference = AOt N — 0,1,2,3, • * • 

Dark fringe: Path difference = (2 N — 1) ^ N = 1,2,3, * * * 


In Fig. 3, there is shown a picture of interference fringes formed as described 
here. 

The spacing between fringes may be examined with the aid of Fig. 4, in 
which vertical dimensions arc exaggerated for clarity. The line SO is drawn 
perpendicular to the plane containing the slits, and a screen is set perpendicu¬ 



lar to SO. Lines AP and HP represent rays from each of the slits reaching the 
screen at P, distant ,v from 0. By drawing /IQ, so that AP equals QP the path 
difference for the two rays may be expressed as s = HQ. The dotted line from 
P to C is perpendicular to .IQ and hence angles BAQ and OCP are equal. 
Since these angles are small, 


giving 


sin P.1Q = tan OCP (approximately) 


s 

h 




The relations which show that the path difference 


and 



for reinforcement 


* = ( 2 A‘ - 1 ) \ 



for annulment ( 3 ) 
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may be combined with Eq. (1) to give 


x 


jsr\L 

h 


for bright fringes 



, (2JV-l)(X/2 )L 


for dark fringes 


The distance between consecutive bright fringes is 

N\L (N - \)\L 


Xs Xs — 1 





which shows that the fringes are equally spaced (independent of AO, but that 
the spacing will be closer for short wavelengths (blue) than for long wave¬ 
lengths (red). 

When white light is used as a source, each wavelength produces its own 
interference fringes. The fringe pattern will then be colored, the color at each 
point depending on which wavelengths are reinforced by interference. Such 
colored designs may be observed by looking at a distant white light though 
a piece of silk or a fine-mesh screen. 

If the slits A and B are illuminated by two different sources, no interference 
fringes will be observed, for the waves progressing from the slits will be con¬ 
tinually and rapidly changing in phase. Interference patterns can be pro¬ 
duced when light from a single source travels by diflerent paths to the ob¬ 
server or screen. For example, an interference pattern is produced by the 
direct and reflected rays when a source is placed a short distance in front of a 
mirror, or when the light from a single slit passes through the two halves of a 
double prism. 


Example: Yellow light from a sodium-vapor lamp (X = 5893A) is directed upon 
two narrow slits 0.100 cm apart. Find the positions of the first dark and first bright 
fringes on a screen 100 cm away. 


x 7 


(2jV — 1)(X/2 )L _ (2 X 1 - 1 )(589 3 X I Q-*cm/2 )(100cm) 
b ~ 0.100 cm 

= 0.0295 cm 


(dark) 




(1) (5893 X 10 - " cm) (100 cm) _ 
0.100 cm 


cm 


(bright) 


Thus the first dark fringe is 0.0295 cm from O (Fig. 4) and the first bright fringe 
is 0.0589 cm from 0. The second dark fringe would be 0.0884 cm from the center, 
etc., the separation of adjacent dark (or bright) fringes being 0.0589 cm. 

Thin Films. Thin transparent films, such as soap bubbles or oil on 
water, show colored streaks that may be accounted for by the principles of 
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interference. In Fig. 5, E represents the eye focused on a thin film of thickness 
t from which is reflected light from a monochromatic source. A ray of light 
AB incident on the film at angle i will be partly reflected from the front 
surface along BE and partly refracted into the film along BC. The latter ray 
will be partly reflected from the back surface of the film to emerge along CPE 
so that PE is parallel to BE. If these two rays enter the eye, an interference 
effect can be expected, since they have traveled by different paths to the eye. 

To determine the kind of inter¬ 
ference produced, we must find the 
number of waves or fractions of 
waves by which the paths differ. By 
drawing RQ, perpendicular to the 
reflected rays, it is evident that the 
ray reflected within the film travels 
farther than the other by an amount 
2 a — d, where a represents the dis¬ 
tance BC or CP. Since light travels 
Fig. 5. Interference in a thin transparent slower in the film than in air, there 
film. are more waves per unit length in 

the film than in air. Hence the dis¬ 
tance 2 a in the film is equivalent in waves to a distance 2 na in air, where n is 
the index of refraction of the material of the film. For normal incidence, 
i = 0 and a = t. 



It might be expected that an extremely thin film whose thickness was only 
a small fiaction of the wavelength of any visible light would appear bright, 
since the path difference would be too small to produce destructive inter- 
feience. Actually such a film appears black, that is, there is complete destruc¬ 
tive interference. This may be observed 
• r' 1 \ * 1 • • , n 0L ASS 

in a soap him. As it thins just before PLATES AIR FILM^ PAPER 

it breaks, it appears black by reflection. 1 1 d 

This and other evidence (Chap. 24) L ' I 

indicate that a phase difference of l£X ^ig. Two glass plates separated by 
or 180° is introduced by the fact that a wcd S c ° f air - 


Fig. 6 . Two glass plates separated by 
a wedge of air. 


one of the two interfering rays is reflected in air, the other in an optically 

denser medium at C. Consequently, the total retardation of ray BCPE with 
respect to ray BQE is 


Retardation = 2 nt -\— 

1 9 



Constructive interference and brightness will occur when the retardation 
is a whole number of wavelengths; destructive interference and darkness will 
occur when the retardation is an odd number of half-wavelengths. 
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Example: Two rectangular pieces of plate glass are held in contact along their 
upper edges while the lower edges are separated by a thin sheet of paper (fig. 6 ). 
When the plates arc viewed by the light reflected normally Irom a sodium lamp 
(X = 5893A) they are seen to be crossed by 17 dark interference fringes. What is the 
separation of the plates along the lower edges? 

Since the fringes are dark, the retardation must he an odd number of half-wavelengths 


\ , X 

Retardation = (2A — 0 5 — - 1 + 9 


Solving for t> 


t = 


(A' - 1 )X 


X = 0.00005893 cm 

For the seventeenth dark fringe 

A = 17 

_ (17 - 1)(0.00005893 cm) _ 

1 1 


m 


Newton’s Rings. Thin-film interference can he observed when light is 
reflected from front and hack surfaces of any transparent thin lilm. One of 
the most common observations is the color 
of oil films on water or that in bubbles. 

When the illumination is by monochro¬ 
matic light, we see light and dark areas 
dependent upon the thickness of the film. 

If white light is used, colored areas are 
observed. The retardation depends upon 
wavelength. A given thickness will produce 
destructive interference for one wavelength 
band, leaving the complementary color. 

A film of varying thickness will thus show 
many colors. 

One example of thin-Iilm interlercncc 
is that produced in the air film between 
a convex lens of large radius of curvature 
and an optically flat plate placed in 
contact with the lens. When viewed by reflected monochromatic light, 
there will be destructive interference at the point of contact O (fig. 7) 
because of the j-^X change in phase in the ray reflected in the air film at the 
glass surface. Since the film increases in thickness as the distance from O 
increases, the central dark circle is surrounded by alternate bright and dark 
circular bands. The retardation depends upon the thickness of the film, as 



O 

Ik;. 7. Formation of Newton's 
lilies between a convex lens and .1 
plane glass plate. 
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given in Eq. (5). The condition for bright and dark fringes is the same as 
in other interference phenomena, retardation = NX and retardation = 
(2N — l)X/2, respectively. From the geometry it may be shown that the 
thickness of the film at distance r from the center 0 is / = r-/2R, where R 
is the radius of curvature of the lens. One can combine these relationships to 
find the wavelength, the radius of a given ring, or the radius of curvature 
of the lens. 


Example: The diameter of the tenth dark Newton's ring (Fig. 7) is measured as 
0.500 cm when viewed by reflected light of wavelength 4359 A. What is the radius 
of curvature of the plano-convex lens? 


From Eq. (5) 


For a dark ri 


nng 


Retardation = 2t -f- - 


Retardation = (2 N — 1) ^ 

(2,Y- 1)^ = 2/ + ^ 


' ~ 2 R 


(2 v - 1) - = - + * 

V l) 2 R + 2 


r- 


K = O-V - 1) j — \ _ (N - 1)X 


R = 


r- 


(0.250 cm) 2 

(A - 1)X _ (10 - 1)(4359 X 10- s ) ~ l !><) cm 


Newton s rings will also be produced by the film between lens and plate 
when viewed by transmitted light. In this case the central spot is bright 
because the waves that interfere are those that are transmitted without reflec¬ 
tion and those that arc twice reflected. Thus the change of phase is a whole 
wavelength. 

1 he intuit 1 cute hinges formed by the film between two surfaces are 

similar to the contour lines on a topographic map and they indicate the 

variations in thickness of the air film separating the two optical parts. The 

interference patterns (Fig. 8) arc very useful in routine inspection of the 

polishing ol tine lenses and in the preparation of very flat test plates of glass 

01 metal. B\ it pea ted inspection and polishing, these plates may be made 

optically flat within a tenth of a wavelength of mercury light, or to about 
0.00005 mm. 
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Fig. 8. Photographs of Newton’s rings. Parallel fringes indicate that the surfaces are 
optically plane. Irregular fringes indicate that the surfaces are not plane. 


The Michelson Interferometer. The interferometer is an instrument 
that uses interference in the measurement of wavelengths ol light in term- 
of a standard of length or in the measurement of distances in terms of known 
wavelengths of light. The essential parts of the interferometer devised by 



Fig. 9. Michelson interferometer. 


Michelson are two plane mirrors M and \f and two glass plates .1 
arranged as shown in Fig. 9. 

A beam of monochromatic light from source S falls on the plate .1 
it is divided into two beams. These advance to the mirrors M' and .\/. 


and H 

where 

return 
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to the plate A, and then proceed to the eye at E. If the mirrors are equidistant 
from A, the two beams will travel optically similar paths, the plate B serving 
only to introduce the same retardation in beam 2 as is introduced in beam 
1 by its two passages through A. 

If the optical paths happen to be equal, the beams 1 and 2 will arrive at 
E in phase and produce a bright field by constructive interference. If the 
distance AM is increased }^X by moving mirror M, the optical path for ray 
1 will be lengthened and the destructive interference of rays 1 and 2 at E 
will give a dark field. Usually mirrors M and M' are made nearly but not 
quite perpendicular to give a field crossed by alternate bright and dark 
interference fringes, which may be counted as they move past a reference 
mark as M is moved. For each fringe that passes the index, the optical path 
has been changed by one wavelength, that is, Af has moved a half wavelength. 

If jV successive dark fringes are counted as the mirror is moved a distance 
£), then 

= D or X = ?£ ( 6 ) 

Michelson used the interferometer to measure the wavelength of the red 
light from cadmium vapor in terms of the standard meter bar. The wave¬ 
length determined for the cadmium red line 


X = 6438.4696A = 6438.4696 X 10~ 8 cm 

establishes a fixed standard of length in terms of which all other wavelengths 
are measured and which could be used il necessary to reproduce the standard 
meter. 


Example: An interferometer illuminated with red light from cadmium (X = 6438A) 
is used to measure the distance between two points. Calculate this distance if 239 
iringes pass the reference mark as the mirror is moved from one of the points to the 
other. 


From Eq. ( 6 ) 


I) 


\ X = 239(6.438 X 10~ & cm) _ 


= 0.00769 cm 


Diffraction. Light travels in straight lines in a uniform medium, but 

commonly changes direction where there is a change of medium or a change 

ol piopeities of a single medium. 1 bus we observe reflection and refraction. 

Caretul observation shows that there is also a slight bending around obstacles. 

I lie spieading of light into the region behind an obstacle is called diffraction. 

Diffraction occurs in accordance with Huygens’ principle and is an inter¬ 
ference phenomenon. 



INTERFERENCE AND DIFFRACTION 


73 1 


Any obstacle introduced into the light beam will produce diffraction 
effects under proper conditions. A slit, a wire, a hole, or a straight edge arc 
examples of such obstacles. A straight edge illuminated by a beam of mono¬ 
chromatic light casts a shadow that is not geometrically sharp but is bordered 
by narrow fringes whose intensity falls off rapidly inside the shadow (f ig. 1°). 



Fic. 10. Photograph of a diffraction pattern at a straight edge. 

Diffraction by a Single Slit. If the obstacle in the light beam is a single 
narrow slit, a pattern of fringes will be formed on a screen placed behind the 
slit. Such an arrangement is shown in fig. 11. H the slit (!) is paiallel to tin 
wave front, each point in the slit can be considered as a source of Hmgens 
wavelets, all starting in phase. At every point on the screen these wavelets 
combine in some manner to produce 
the effect at that point. At Pa, on the 
perpendicular bisector of the slit, 
wavelets from C and D arrive in 
phase since these points are equidistant 
from P 0 . Similarly pairs of points in 
the upper and lower halves of tlie- 
slit will combine to contribute to 
the light at P 0 . Thus Pa is bright. 

At points off the perpendicular bi¬ 
sector, the path lengths from tin- 
two edges of the slit are no longer 
equal. Let Pi be a point such that 
CPi = DPi 4- X/2. The wavelets from Cand 1) will arrive at /’, a hall wave- 
out of phase and hence will annul each other. However, wavelets from all 
other points in the slit are not annulled by other wavelets, and heme / i is 
still within the bright central band. II /*•.» is located so that CP< — DP- T 2X/2, 

wavelets from Cand from I) will arrive in phase, but IIP- = DP- + X/2 and 

CP 7 = EPi + X/2. Thus a wavelet from E will annul a wavelet from D, a 
wavelet from a point just above E will annul a wavelet from a point just 



— P, 

S-P 


P 4 


3 
' p S 


I'm. 11. Spacing of fringes in a single- 
slit diffraction pattern. 
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above D , and so on across the two halves of the slit. The wavelets from the 
upper half of the slit annul those from the lower half, producing darkness at 
Pi- We may think of the slit as divided into zones whose edges are successively 
farther from the point considered. Thus, for the point P h the slit makes 
up only one zone, and P x is bright. For P 2 , the slit has two zones, and the 
wavelets from the two zones annul each other. At another point P 3 for which 

^t\ CP 3 = DP 3 4* %A, the slit has 

/ J A three zones. Two of these zones 

/ | \ annul, leaving the light from the 

/ j \ third, and P 3 is bright but less 

/ | \ bright than P x . Similarly, for P 4 , 

—-1-. there are four zones and darkness; 

F.c. 12. Intensity distribution in a single- [° r P * five ZOnCS and bri ? htneSS 
Slit diffraction pattern. but again less bright than P 3 . The 

variation of intensity in such a 

pattern is shown in Fig. 12. Here there is a bright and wide central band 

with narrower and less intense side fringes. The zones are called Fresnel 

zones after the man who originated this method of analysis. 

I he conditions that a point shall be bright or dark can be written in terms 

of the path difference of the wavelets from the two edges of the single slit. 

We have found that where the path difference is a whole number of wave¬ 
lengths there is darkness. 


Path difference: 


.<■ = .VA 


for darkness 


V = 1 9 

* 1 1 }*-*-'* • • • 


Where the path difference from the two edges of the slit is an odd number 
ol haIf wavelengths there is brightness. We may write this condition 


Path difference: 


j - (2 j\ -4- 1) 4 > for brightness N = 1,2,3, . . . 


I he spacing of the fringes can be computed by reference to Fig. 13 in terms 

of the path difference ,, the slit width /,, and the distance L from the slit to 
the screen. 


n s 

sm 0 = - 
b 

tan 0 = ~ 

M-j 


(approximately) 


Since the angles an small, the sine and tangent are approximately equal and 


( 7 ) 
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To find the distance from the middle of the central bright band to any given 
fringe, one must insert the appropriate value of the path difference s. When 
this substitution is made and the equation solved for at, X appears in the 
numerator and b in the denominator. Thus the separation of the fringes is 
greater for longer wavelengths and increases as the width of the slit decreases. 

Example: A plane wave of monochromatic light of wavelength 5893 A passes 


through a slit 0.500 mm wide and forms a 
from the slit and parallel to it. Compute 
the separation of the first dark bands on 
either side of the central bright band, that 
is, the width of the central bright band. 

From Eq. (7) 

x s 
L = b 

For the first dark band 

j = 1 X X = X 

_ XL _ (0.00005893 cm)(100 cm) 
b 0.0500 cm 

= 0.118 cm 

where x is the distance of the first dark 
band from the middle of the central 
bright band. The separation of the two I 

2x = 2(0.118 cm) = 


detraction pattern on a screen 1.00m away 



Fic. 13. Kay diagram for diffraction from 
a single slit. 

t-order dark bands is 

.236 cm = 2.36 mm 


For obstacles of different shape, a similar treatment can be set up. The zones 
may be different in shape for various obstacles. 

Resolving Power of a Lens. If a circular opening is illuminated by 
light from a point source, the diffraction pattern will be a set of circular 
fringes. If a lens is used to form an image, the image of each point is not a 
point but a small diffraction disk. The size of the disk depends upon the 
aperture (diameter) of the lens and the wavelength of the light used. A larger 
aperture decreases the size of the disk while a longer wavelength increases it. 
In the image formed by a lens, two points will appear as separate if their 
diffraction disks do not overlap by more than the radius of the disk. The 
resolving fwwer of a lens is its ability to separate the images of two points that 
are close together. The resolving power is directly proportional to the aperture 
of the lens and inversely proportional to the wavelength of the light. 1 bus 
increasing the aperture of a lens increases its resolving power since it decrease*, 
the diameter of the diffraction disk and thus two images can be closer to¬ 
gether without overlapping by as much as the radius of the disk. 
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The Diffraction Grating. The principles of diffraction and interference 
find important application in the measurement of wavelength with the 
optical diffraction grating. A grating for use with transmitted light is a glass 
plate upon which is ruled a large number of equally spaced opaque lines, 
usually several thousand per centimeter. 

A parallel beam of monochromatic light falling on the grating (Fig. 14) 



grating. 


sends waves in all directions from 
each slit. Along certain definite 
directions waves from adjacent slits 
are in phase and reinforce each other. 
Consider the parallel rays making an 
angle 6 with OB, the normal to the 
grating, which are brought to focus 
on the screen at P by an achromatic 
lens. If the ray AP travels a distance 
X farther than ray CP, then waves 
from A and C will interfere construc¬ 
tively at P. So also will waves from 
all the slits for they will differ in 
phase by a whole number of wave¬ 
lengths. The wave front CD makes 
an angle d with the grating. From 
difference X is seen to be CA sin 6. 


the smallest right triangle, the path 

Calling the grating space CA = b , the condition for reinforcement in the 
direction 0 may be written 


b sin 6 = X (first order) (8) 


In general, there will be other directions on each side of OB for which waves 
from adjacent slits differ in phase by 2X, 3X, etc., and for which the corre¬ 
sponding hi iglit images P>, P 3 . . . are called the second-order, third-order, etc., 
images. The grating equation can be written in the more general form 


b sin d = jVX 


( 9 ) 


where b is the grating space and j\ is the order of the spectrum. 

With white light each diffracted image is dispersed into its component 
colors and continuous spectra are produced at P u P 2 , etc. The dispersion is 
greater in the higher order spectra. In each the colors appear in the sequence 
\iolet to reel with increasing deviation. There is overlapping of the spectra; 
for example, the red and orange in the second-order spectrum overlap the 

\ inlet of the third order, since 2X for the long wavelengths is greater than 3X 
for the short wavelengths. 
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Example: The deviation of the second-order diffracted image formed by an optical 
grating having 5000 lines/cm is 32°. Calculate the wavelength of the light used. 


b 

X 


b sin 6 = ,\X 
fiooo cm = 0.00020 cm 
b sin 0 0.00020 cm X 0.53 

? 


N 


= 0.000053 cm = 5300 A 


SUMMARY 


In common with other forms of wave motion, light exhibits the phenomena 
of interference. 

In order to observe interference effects with light, the light from a single 
source is made to traverse different optical paths to introduce a phase differ¬ 
ence, and then the beams are reunited. Constructive interference occurs 
whenever the optical path difference s = jVX; destructive interference occurs 
whenever s = {2N — 1) X/2. 

When light is reflected at the boundary of an optically denser medium, it 

undergoes a phase change of J-->X or 180°. 

Newton’s rings are the interference fringes formed in the air films between 
optical surfaces. By their spacing they provide a sensitive means of measuring 
the curvatures of those surfaces. 

The Michelson interferometer utilizes the interference of two light beams 
traveling different paths as the fundamental method of measuring wave¬ 
length. If A" successive fringes are counted as the mirror is moved a distance I), 

21 ) 

* = T 

The spreading of light into the region behind an obstacle is due to diflrac - 
tion. Diffraction occurs in accordance with Huygens principle and is an 
interference phenomenon. 

The resolving power of a lens is the smallest angular distance at whit h tin 
images of two point sources can be recognized as separate. ()wing to difhut - 
tion, this minimum angle of resolution varies directly with the wavelength 
of the light and inversely with the aperture of the lens. 

A diffraction grating utilizes the dillraction ol light from many tloseh 
spaced parallel slits to disperse light into its component wavelengths, bight 
of wavelength X deviated through angle 0 hums a bright image when 

b sin U = .VX 
QUESTIONS 

1. In double-slit interference how docs the spacing of the slits affect the separation 
of the fringes? 
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2. If light is bent around obstacles, why can we not see around a house? 

3. Why are optical interference tests among the most exact known to science? 

4. Why is interference of the light waves from two different lamps never observed? 

5. When two light waves interfere at some point to produce darkness, what be¬ 
comes of the energy? 

6 . How docs the origin of the colors observed in a soap bubble in sunlight differ 
from that of the colors observed when sunlight passes through a glass prism? 

7. Why are interference colors not observed in a very thick film—in a piece of 
glass, for example? 

8 . Why arc Newton's rings circular? 

9. In the construction of a Michelson interferometer what parts must be made 
with great accuracy? 

10. The characteristic yellow light from sodium comprises two lines of wavelengths 
5890 and 5896 A, and is thus not a monochromatic source. How could a Michelson 
interferometer be used to measure very precisely the wavelength separation of the 
two sodium yellow lines? 

11. If a screen with a small circular opening is placed between a point source of 
monochromatic light and another screen, a diffraction pattern will be formed on the 
second screen. For points on the axis of the opening, what will be the shape of the 
Fresnel /ones? Will the number of zones be the same for all points on the axis? How 
would the intensity of the central spot change as the distance to the second screen 
increases? 

12. Will the angular separation of orders be greater for a grating with many lines 
per inch or for a grating with fewer lines? 

13. Will the angular separation between red and blue rays be greater in the first- 
order or in the second-order spectrum? 

14. Will the image of the slit be more sharply defined in the first-order spectrum 
or in the third-order spectrum? 

15. Contrast the formation of a spectrum by a diffraction grating with the produc¬ 
tion of the spectrum of the same light source by a glass prism. 

16. Imagine a light made up of wavelengths spaced at 100-A intervals. Make a 
rough sketch of the appearance of the spectrum viewed in a prism spectroscope and in 
a grating spectroscope. 

17. V\ hat factors govern the choice between a prism and a diffraction grating for 
use in a spectrograph? 

PROBLEMS 


1. Monochromatic light lrom a narrow slit illuminates two parallel slits 0.15 mm 
apart. On a screen SO cm away bright interference bands are observed 3.0 mm apart. 
Find the wavelength of the light. 


2. Light from a narrow slit passes through two parallel slits 0.20 mm apart. The 

two central dark interference bands on a screen 100 cm away are 2.95 mm apart. 
What is the wavelength of the light? 5900 A 

3. ll the two parallel slits in \ oung's interference experiment are 0.300 mm 
apart, how fai is the first dark band trom the central image on a screen 100 cm away 
when light of 7500 A is used? 
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4. Two slits 0.125 mm apart are illuminated by light of wavelength 4500 A. 

What is the separation of the second bright bands on either side of the central bright 
band when the screen is 60.0 cm from the plane of the slits? Am. 0.865 cm 

5. A line source of monochromatic light, wavelength 4900 A, is placed 0.200 cm 
in front of the plane of a mirror. A screen is placed perpendicular to the plane of the 
mirror, 200 cm from the source. What is the separation of the fringes produced? 

6 . Light from a single slit passing through a double prism of very small angle 
proceeds as though it had come from two sources (Fresnel biprism). With such an 
arrangement, light of wavelength 5460 A produces fringes whose separation is 0.200 
mm at a distance of 120 cm. What is the distance between the two apparent 


sources? 


Ans. 3.28 mm 


7. A quartz fiber is placed between the edges of two flat glass plates, which are in 
contact at the other end. The wedge-shaped air film between the plates is viewed by 
reflected monochromatic light of wavelength 5890 A and is found to be crossed by 
35 dark interference bands. Calculate the diameter of the quartz fiber. 

8 . Two optically flat disks lie one on the other. A sheet of paper 0.0500 mm thick 

is inserted between the two disks at one edge. How many dark interference fringes 
will appear by reflected light if the disks arc illuminated by light of wavelength 
5890 A? What will be the shape of the fringes? Am. 1 ” 1 

9. A plano-convex lens is laid with its convex surface on a piece of plane plate 
glass. When the lens is illuminated from above with light of wavelength 5461 A, a 
dark spot appears in the reflection at the point of contact of the two glass sui laces and 
it is surrounded by alternate bright and dark rings. 1 he diameter of the twentieth 
dark ring is 1.000 cm. Find («) the thickness of the air film at that distance and (/>) 
the radius of curvature of the lens. 

10. A spherical lens whose radius of curvature is 94.2 cm lies on a plane plate glass. 
When the lens is illuminated by light of wavelength 5890 A, a dark spot appears at 
the point of contact and it is surrounded by alternate dark and bright rings. Find the 

diameter of the twelfth dark ring; of the twelfth bright ring. 

Ans. 4.90 mm; 5.04 mm 

11. When the movable mirror of a Michelson interferometer is moved 0.100 mm, 
how many dark fringes pass the reference mark if light of wavelength 5800 A is used? 

12. An interferometer illuminated with monochromatic light of wavelength 6438 A 

is used to measure the distance between two points. Compute the distance it ^11 
interference fringes pass the reference mark while the interferometer mirror moves 
from one point to the other. Am. 0.0100 cm 

13. A single slit 0.110 mm wide is illuminated with monochromatic light. Dillrac- 
tion bands are observed on a screen 80.0 cm beyond the slit. I he second dark band is 
5.87 mm from the central bright band. Compute the wavelength of the light used. 

14. A slit 0.500 mm wide causes a diffraction pattern on a screen 300 cm away 

when illuminated with sodium light (wavelength 5890 A), kind the distance from tie- 
central image to the first dark band. Am. 3.53 mm 

15. A slit 0.0520 mm wide is illuminated by light of wavelength 54(>0 A. Find the 
width of the central bright diffraction band on a screen 120 cm away, l'ind the dis¬ 
tance between the two third-order bright fringes. 
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16. A slit 0.0845 mm wide is illuminated by monochromatic light. On a screen 

80.0 cm from the slit the second-order bright fringes are separated by 3.03 cm. What 
is the wavelength of the light? Ans. 6400 A 

17. A student places a small sodium lamp just in front of a blackboard. Standing 
20.0 ft away he views the light at right angles to the blackboard while holding in front 
of his eye a transmission grating ruled with 14,500 lines/in. He has his assistant mark 
on the board the positions of the first-order diffracted images on each side of the lamp. 
The distance between these marks is found to be 14 ft 2 in. Compute the wavelength 
of the light. 

18. A monochromatic beam of light of wavelength 6000 A falling on a grating at 

normal incidence gives a first-order image at an angle of 30°0 / . Find the grating 
constant. Ans. 8330 lines/cm 

19. The deviation of the second-order diffracted image formed by an optical 
grating of 6000 lines/cm is 30°. Calculate the wavelength of the light used. 

20. A yellow line and a blue line of the mercury-arc spectrum have wavelengths of 

5791 and 4358 A, respectively. In the spectrum formed by a grating that has 5000 
lines/in., compute the separation of the two lines in the first-order spectrum and in 
the third-order spectrum. Compare the angle of diffraction for the yellow line in the 
third order with that for the blue line in the fourth order. Ans. 1.63°; 5 1° 
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Polarized Light 


Interference and diffraction effects have given us perhaps out best evidence 
that light has wave characteristics. But these phenomena leave unanswered 
the questions of what it is that vibrates and how. Indeed, with a suitable 
change of scale, our discussion of reflection, refraction, wavelength, inter¬ 
ference, and diffraction is just as true for sound as for light. The lact that 
light can be polarized, however, its vibrations being confined to a single 
plane, shows conclusively that its wave properties are transverse, in contrast 
to the longitudinal pulses associated with sound. 
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Polarization. Experiments with transverse waves in a rope (Fig. 1) show 
that a slot P can be used to confine the vibrations to one plane, after which 
they can be transmitted or obstructed by a second slot A, depending on 
whether it is placed parallel or perpendicular to the first slot. The slotted 
frame P is called a polarizer. The waves emerging from the polarizer are con¬ 
fined to one plane and the wave is said to be plane-polarized. The slotted frame 
A is the analyzer of the plane-polarized wave. The plane that contains the 
wave form is called the plane of polarization. Polarizability is characteristic of 
transverse waves (Chap. 24). If the rope were replaced by a coiled spring, 
comprcssional (longitudinal) waves in it would pass through slots regardless 
of their orientation. 



Fig. 1. Mechanical analogue of polarization. 


According to the electromagnetic theory of light, a light wave consists of 
an electric vibration accompanied by a magnetic vibration at right angles to 
it. In the following discussion the light vibrations refer to the vibrating 
electric field. A light wave traveling through space can be represented at any 
point at any instant by a line whose direction and length represent the direc¬ 
tion and displacement ol the vibrating electric field. Such a line is purely 
diagrammatic and is called a light vector. 

1 he light from ordinary sources is unpolarized. By suitable interaction 
with matter, light can be made plane-polarized. This interaction may be 
one ol reflection from a transparent surface, refraction through a crystal, 
selective absorption in certain crystals, or scattering by small particles. 

Except in the rarest of special conditions, and only momentarily, the 
unaided eye cannot detect any difference between polarized and unpolarized 
iight. Hence an analyzer must be used to detect the state and plane of 
polarization of a light beam, as indicated in Fig. 2. 
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Polarization by Reflection. When a beam of light strikes a piece ol 
glass, it is in part reflected and in part transmitted. Using ordinary, unpolar¬ 
ized light for the incident beam, it is found that the reflected and refracted 


POLARIZING AXES 
PARALLEL 
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LIGHT 



LIGHT 

EXTINGUISHED 

l 


POLARIZING AXES 
CROSSED 


Flo. 2. Production and detection of polarized light by a polarizer and an analyzer. 

rays are each partly plane-polarized. 1 he principal direction ol vibration in 
the refracted ray is in the plane of incidence and is indicated by crosslines in 
Fig. 3, while the vibrations of the reflected 
ray are chiefly at right angles to this plane 
(the page) and are indicated by dots in 
the figure. 

The fact that light is so polarized may 
be shown by allowing the light reflected 
from glass to fall on a second piece of 
transparent glass. When the two glass 
plates have their surfaces parallel, the 
polarized ray reflected from the first glass 
will be reflected also by the second glass. 

When, however, the second glass is rotated 
90° about the reflected, polarized ray as an 
axis, there will be little or no reflection 
from the second glass plate. The ray is instead transmitted. 1 bus a ti.ms- 
pa rent plate can be used as an analyzer to lest the polarization of light. 



Fig. 3. Polarization by reflection of 
light. 
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The decree of polarization of light reflected from a glass plate depends on 
the angle of incidence. The polarization is most nearly complete when angle 
COB (Fig. 3) is 90°, for then there are no vibrations in the plane NOC in the 
reflected ray. The angle of incidence, known as the polarizing angle p , which 
thus produces best polarization, is related simply to the index of refraction n 
of the glass by 

n = tan p (1) 

This expression, known as Brewster's law , follows from the law of refraction, 
sin pi sin r = n. For when, as in Fig. 3, p + r = 90°, sin r = cos p , and 


sin p 
cos p 


tan p 


At the polarizing angle (about 57° for glass) none of the vibrations that 
lie in the plane of incidence is reflected. The reflected beam is then plane- 
polarized, but of relatively low intensity, since only about 8 per cent of the 
incident beam is reflected at the polarizing angle. A pile of 6 to 12 plates is 
often used to attain sufficient intensity by combining reflected ravs from all 
the surfaces. 

When a pile of transparent plates is used, the successive reflections remove 
more and more of the vibration perpendicular to the plane of incidence from 
the transmitted beam. If many plates are used, the transmitted beam is also 
practically plane-polarized in a plane perpendicular to that of the reflected 
light. 

Intensity. Consider a beam of light passing through a polarizer and an 
analyzer (Fig. 2) and that the analyzer has been rotated by an angle Q from 
its position of maximum transmission. The amplitude A of the plane- 
polarized light incident on the analyzer may be resolved into the component 
.1 cos 0 which is transmitted and the component .1 sin 6 which is reflected or 
absorbed. Since the intensity is proportional to the square of the amplitude 
(Chap. 24), the intensity I of the beam transmitted by the analyzer when set 
at angle 0 is given in terms of the maximum intensity I 0 by 


/ = 7o cos 2 0 


( 2 ) 


Double Refraction. If a crystal of Iceland spar (calcite, CaCOa) is laid 
on a printed page, one observes through it two refracted images of the type 
(Fig. 4). This phenomenon was observed as early as 1669 by Bartholinus who 
realized that he had come upon a fundamental question in refraction. It was 
later observed by Huygens (1690) that the rays which produced the two 
images were plane-polarized, in mutually perpendicular planes. 




suggests that light energy may be transmitted with dillerent speeds in sue! 
a crystal, depending on the orientation of its vibrations with respect to tin 
planes of atoms which make up the crystal. Double retraction is unusual onb 
in the sense that our ordinary experience in optics is with 
isotropic materials such as air, glass, and water, which do 
not exhibit this effect. 

The line joining the two blunt corners of the cqui- 
lateral rhombohedron in Fig. 5 coincides with the principal ; 

crystallographic axis of the calcite. The direction o! this 
line, not the line itself, is called the uf>tic axis. In this panic- ^ 
ular direction light travels with the same speed regardless \ 

of the plane of its vibration. Hence in this direction there 

is no double refraction. Any plane passing through the _I_ 

principal axis is called a f/rwcifuil section. j \ ^ 

When a parallel beam falls obliquely on a surface of a 
calcite rhombohedron, the light is split into two parts. $ Thecrys 

Both are refracted. Measurement of the angles ol incidence (t( | orm <> f <a lc-it«. 
and refraction shows that for every angle ol incidence 
the index of refraction for one ray (the ordinary ray) is 1.658 (lor sodiun 
yellow light of 5893 A). But for the other ray (the extraordinary ray) da 
refractive index alters with the angle of incidence, varying between l.-18( 


The common form of calcite crvstal is shown in Fig. 5. It has a tendency 

4 

when struck to cleave obliquely in three definite planes forming rhomboidal 
fragments. The external symmetry of the crystal is an indication of a corre¬ 
sponding symmetry in the lattice work of atoms comprising the crystal. 1 his 


Fio. 4. Double refraction in calcite compared with single refraction in glass. 
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and 1.658. The one ray is called ordinary because its index of refraction is 
constant, while the other ray is called extraordinary because its index of refrac¬ 
tion varies with angle of incidence. This shows that the velocity of the 
ordinary ray is less than that of the extraordinary ray except in the special 
direction along the optic axis when both travel with the same speed. 

If a pencil dot is viewed through a calcite crystal, the image formed by 
the ordinary ray will appear closer than that formed by the extraordinary 
ray. If the obtuse corners of the crystal are ground off and polished to form 
surfaces perpendicular to the optic axis, a ray entering along the optic axis 
is neither refracted nor polarized. 



Fig. 6. Huygens’ wave fronts in a doubly refracting crystal. 


Huygens applied his wave construction to explain the ordinary and extra¬ 
ordinary rays. Around points B and C (Fig. 6) are drawn spheres representing 
the ordinary wave fronts and spheroids representing the extraordinary wave 
fronts. Each spheroid has its axis of revolution parallel to the optic axis, so 
that the two surfaces touch at the points that lie in the direction of the 

envelope of the spheres is the plane EF which determines 
the ordinary wave front, while the plane GH is the envelope of the spheroids 
which locates the extraordinary wave front. It should be noted that the 
extraordinary ray is not perpendicular to the wave front. 

The Nicol Prism. The two rays that enter a calcite crystal are com¬ 
pletely plane-polarized in directions at right angles to each other. Nicol 


(1832) used an artifice to separate these rays to give a single beam of plane- 
polarized light. A calcite rhombohedron (Fig. 7) has the ends polished down 
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so that the acute angle between them and the sides is 68° (instead of the 71° 
obtained by cleavage). The length is so chosen that the crystal can be sawed 
in a diagonal plane perpendicular to these two new faces and to the optic 
axis. The sawed surfaces are polished, and arc then cemented together with 
a layer of Canada balsam. The index of refraction of the balsam (1.530) is 
intermediate between the two indices for calcite, no = 1.658 and = 1.486. 

With the crystal angles properly chosen, the extraordinary ray travels 
through the Nicol prism in the direction ABE. The ordinary ray, however, 
strikes the cement layer at C at an angle exceeding its critical angle and i.- 
intcrnally reflected toward the side of the crystal where it may be absorbed 
in black paint. 

The intensity of the polarized light from a Nicol prism or any other 
polarizing device is always less than half the intensity of the incident beam. 


0 



Fig. 7. A Nicol prism. 


One polarized component is removed, and the light also loses intensity In 
reflection at boundary surfaces and by absorption. 

Polarization by Selective Absorption. Certain crystals, known as 
die hr oic, produce two internal beams polarized at right angles to each other, 
and in addition strongly absorb the one beam, while transmitting the othe l 
(Fig. 8). Tourmaline has this properly. Unfortunately the plane-polari/cd 
light transmitted is colored. In 1852, Herapath, an English physician, dis¬ 
covered that dichroic crystals of quinine iodosulphatc (herapathite) transmit 
a beam as plane-polarized light with transmission close to the ideal 50 pci 
c.ent for all wavelengths of visible light (f ig. 9). I he potential uselulncss ol 
this material led to extensive experiments culminating in the invention by 
band (1929) of a practical method for embedding the tiny synthetic crystals 
(about 10*'/cm 2 ) in a transparent ccllulosic film in uniform alignment. I he 
thin film 0.001 to 0.004 in. thick thus acts like a single huge crystal. This 
Polaroid sheet, sometimes bonded between glass plates, has the advantage 
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of large size, low cost, and a polarizing effectiveness approaching that of a 
Nicol prism except at the extremities of the spectrum. 

Polarization by Scattering. When a strong beam of light is passed 
through a region containing no fine particles, it is not visible from the side. 


UNPOLARIZED 
INCIDENT LIGHT 




HORIZONTAL WRA TIONS , • !! j i [ 

_ a rtrr\nncr I * "till 


ENTIRELY ABSORBED 


VERTICAL VIBRATIONS 
SLIGHTLY ABSORBED 



1 


PLANE-POLARIZED 
TRANSMITTED LIGHT 

Fig. 8 . Production of polarized light by a dichroic crystal. 



Fig. 9. The spectral distribution of the relative intensity (lower curve) and the degree of 
polarization (upper curve) of light transmitted by Polaroid polarizing material. 


If, however, the beam is intercepted by fine particles, such as smoke, dust, 
or colloidal suspensions, the beam is partly scattered and becomes visible. 
In this Tyndall effect , the color and the intensity of the scattered light depend 
on the size of the particles. Very small particles scatter chiefly blue light, as 
in the case of cigar smoke or the “blue” sky. As the particles arc made larger, 
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the longer wavelengths also are scattered until the scattered light appears 
white. 

Scattered light is partly plane-polarized. The vibrations are perpendicular 
to the plane determined by the direction of the incident light and the line of 

sight (Fig. 10). 

Optical Rotation. When two Polaroid light-polarizers or two Nicol 
prisms are held in the line of vision in the crossed position, no light gets 
through and the field of view is dark. If now a crystal of quartz or a tube of 
sugar solution is placed between the crossed polarizer and analyzer, the light 
reappears. It can be extinguished by rotation of the analyzer. Materials th.it 
have the property of rotating the plane of polarization while transmitting 
polarized light are called optically active substances. The rotation is propor¬ 
tional to the amount of optically active substance in the path, and it pro¬ 



vides an accurate way of dele.mining the concentration of, say, sugar in an 
inactive solvent. Polarimeters are instruments loi imasiuing optical rotation. 

Interference Effects. When light travels through a bircfringent material 
such as calcite, the crystal plate produces a difference in phase between tin- 
ordinary and extraordinary rays, owing to the dilleicnce in the spttcs o t n 
two rays. By choosing a suitable thickness of crystal it is possible to retard one 
ray a half wavelength relative to the other. Nevertheless, interference bands 
or rings are never observed. One concludes that two rays of light polar¬ 
ized at right angles to each other do not interfere. They can cross one another 

without disturbance. 

To the conditions for interference mentioned in Chap. 49 we must now 
add that the vibrations in the interfering rays must be in the same plane. An 
arrangement for producing such interference is shown in l ig. 11. A ia\ ol 
unpolarized white light BC becomes plane-polarized white light after passage 
through polarizer P. It is then allowed to strike a doubly refracting crystal /) 
whose optic axis « 2 is inclined at about 4S° to the plane of vibration a,. In the 
crystal I) the ray is resolved into an ordinary ray OB vibrating peiptnditu 
lady to and an extraordinary ray EX vibrating parallel to a,a-.. There 
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will be a phase difference between the rays emerging from crystal D, but 
they will not interfere since their vibrations are in mutually perpendicular 
planes. Finally the analyzer A passes only the vertical components of these 
vibrations, giving two emergent rays RS and XT whose vibrations are in the 
same plane. 



Fig. 11. Production of color by interference effects in polarized light. 


These rays are now capable of interference. If the relative retardation is 
an odd number of half wavelengths, the corresponding color is annulled by 
interference and its complementary color is transmitted. 

The arrangement described is useful in the examination of crystals and 
thin rock sections for differentiating isotropic and anisotropic materials, for 

detecting characteristics of structure not 
otherwise noticed, and for mineral 
identification. 

Circular and Elliptical Polarization. 

The plane of vibration of polarized light 
is rotated when light traverses such bire- 
fringent substances as quartz, or when the 
light passes through certain optically 
active liquids and solutions and a few crys¬ 
tals, sodium chlorate, for example, which 
are not birefringent. A third type of rota¬ 
tion occurs in thin crystal sections called 
half-wave plates. 

Figure 12 shows light plane-polarized in plane A incident upon a crystal 
with the vibrations of the incident beam making an angle d with the optic 
axis. The crystal separates the incident beam into two parts, one whose 
vibrations are parallel to the optic axis, the other perpendicular to the optic 
axis. These two components travel through the crystal at different speeds 
and recombine. The result of the recombination depends upon the thickness 
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of the crystal. If the slower ray is retarded just one half wavelength, it emerges 
180° out of phase with the faster ray, and they combine to form plane- 
polarized light with the plane B rotated from that of the original beam. 1 he 
new position makes the same angle 6 with the optic axis but on the other side 
of that axis. Such a crystalline plate is called a half-wave plate. 

If the thickness of the plate is such that the slower ray is retarded a quarter 
wavelength we have a quarter-wave plate (Fig. 13). The two components 
emerge out of phase by 90°. 

When a particle is acted upon by two simple harmonic motions at right 
angles to each other and differing in phase by 90°, the resultant path of that 
particle is an ellipse. We therefore say that light made up of two such vibra¬ 
tions is elliptically polarized. In the special case that the incident vibration 
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Fio. 13. A quarter-wave plate, showing the production of circularly polarized light 


makes an angle of 45° with the optic axis, the two components are equal and 
the ellipse becomes a circle. The beam is circularly polarized. 

It is not possible by means of a simple analyzer to distinguish between 
circularly polarized and unpolarized light, nor between elliptically polarized 
light and a mixture of plane-polarized light and unpolarized light. I he dis¬ 
tinction becomes apparent if a quarter-wave plate is inserted ahead of the 
analyzer. 

Several Applications of Polarized Light. For several centuries polai- 
ized light gave valuable evidence as to the nature of light, but its production 
by inconvenient or expensive devices limited its usefulness to the laboratoiy. 
Ihc recent production of polarizing materials in thin sheets, such as the 
various Polaroid light-polarizers, opens new possibilities lor utilizing pol.u- 

ized light. 

Perhaps the simplest application of Polaroid light-polarizers is suggested 
by Fig. 14, curtainless windows whose “density” can be controlled at will. 
An outer polarizing disk is fixed in position and an inner one may be rotated 
to adjust the amount of light admitted. 
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The reader is probably familiar with Polaroid glasses for eliminating the 
glare of light partly polarized by reflection from water and pavements. 

In photography it is often desirable to enhance the effect of sky and clouds 
by eliminating some of the actinic rays from the sky. Since light from the sky 



Fic. 14. Polaroid variable-density window in a railroad car. 


is partly polarized by scattering, a suitably oriented polarizing disk in front 
of the camera lens will serve as a “sky filter,” with obvious advantages over 
the common yellow filter when color film is used. 

4 



Fig. 15. Strain pattern in an eyebar connecting rod. 


Photoelasticity. Certain materials such as glass or transparent bakelite 
become doubly refracting under mechanical strain and can then change 
plane-polarized light into circularly or clliptically polarized light. When the 
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material is placed between crossed polarizer and analyzer, one can observe 
patterns of interference fringes. These patterns arc used in detecting strains 
in glassware, particularly in the examination of glass-to-metal seals in 
electron tubes. 

Complex engineering structures may be analyzed by photoclastic studies 
of transparent models. The regions of greatest strain are those of the closest 
spacing of fringes (Fig. 15). Quantitative measurements often can be ob¬ 
tained from the photoelastic constants of the material and the observed 
spacing of fringes. The strains in gears or other moving parts are sometimes 
studied by chilling the photoelastic model and thus freezing the strains in the 
sample, which may then be studied at rest. 


SUMMARY 

Polarization is the process by which the vibrations of a wave motion are 

confined to a definite pattern. 

Polarizability is a characteristic of transverse waves. 

Light may be plane-polarized by reflection, by refraction, by transmission 
through crystals showing double refraction, or by scattering Irom small 
particles. 

The angle of polarization p is that angle at which light reflected from a trans¬ 
parent substance is almost completely plane-polarized. By Brewster s law, 
n = tan p. 

The intensity / of a beam transmitted by a polarizing device upon which 
plane-polarized light is incident is given by 

/ = /o cos 2 0 

where / 0 is the maximum intensity transmitted and 0 is the angle through 
which the device has been rotated from its position of maximum transmission. 

When plane-polarized light passes through an optically active matciial, the 
plane of polarization is rotated through an angle that depends on the ma¬ 
terial, the length of the path traversed, and the wavelength of the light. 

Certain materials such as glass or transparent bakelite become doubly 
refracting under strain and can then change plane-polarized light into 

circularly or clliptically polarized light. 

The science of photoelasticity relates these changes in optical propeities to 
the strains producing them and furnishes a method of measuring stiains. 

QUESTIONS 

1. Review the evidence that light is a wave phenomenon and that the waves arc: 
transverse. 

2. Can radio waves Ik- polarized-’ x rays? sound waves? Explain 
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3. What is the function of the layer of Canada balsam in a Nicol prism? 

4. List as many practical applications of polarized light as you can. 

5. Describe a possible method for minimizing automobile headlight glare by using 
sheet-polarizing material in headlamps and providing the driver with a light-polar¬ 
izing viewer. How should the polarizing axes be oriented? 

6. Suggest a method by which polarizing filters could be used to give the illusion 
of depth in stereoscopic photographs or in motion pictures. Is the method applicable 
to color pictures? 

7. Compare reflection and scattering of light as to their effects on color and on 
oolarization of light. 

8. Cite examples of the production of color by each of the following: reflection, 
refraction, diffraction, interference, selective scattering, and the interference of 
polarized light. 

9. Distinguish between the influence of thin crystals and that of thick crystals on 
a beam of polarized light. 

10. How could you distinguish experimentally between unpolarized light and 
plane-polarized light? Between unpolarized light and circularly polarized light? 
Between clliptically polarized light and a mixture of plane-polarized and unpolarized 
light? 

11. Diagram an experimental arrangement for detecting strains by the use of 
polarized light. 


PROBLEMS 


1. The angle of polarization for diamond is 67 & 34'. Compute the index of refrac¬ 
tion of diamond. 

2. I he angle of polarization for rock salt is 57 c 4\ What is the index of refraction? 

Aiu. 1.544 

3. A v ertain glass has an index of refraction of 1.65. At w hat angle of incidence is 
the light reflected from this glass plane-polarized? 

4. Water has an index of refraction of 1.33. At what angle must a light beam be 
incident on the water surface in order that the reflected beam be plane-polarized? 


Ans. 53°4' 

5. For sodium yellow light determine the polarizing angles for ordinary crown 
glass, medium flint glass, and dense flint glass. 

6. Calculate the speed of the ordinary ray and also the highest speed of the extra¬ 
ordinary ray in a calcite crystal for the yellow light from a sodium lamp. 

.4nr. 1.81 X 10 10 cm/sec; 2.02 X 10 10 cm/sec 

7. A beam of light of wavelength 5893 A falls on a slab of calcite in a direction 
normal to the optic axis. Calculate the wavelengths of the ordinary light w'ave and the 
extraordinary light wave. 

8. Photometric measurements show that when light falls on a glass plate at the 
angle of polarization 16% of the light that has its vibrations perpendicular to the 
plane of incidence is reflected. From the back surface of the same plate, 16% of the 
remaining light vibrating in that plane is reflected. What is the intensity ratio of 
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vibrations in and at right angle to the plane of incidence in the beam transmitted 

I 7 1 

through two plates? MS - *" 1 

9. Sodium yellow light is incident normally on a face of a ralcite crystal cut 
parallel to its optic axis. Compute the ratio of the major to the minor axis of the 
2s-wavelets (Fig. 6). Find the number of E and 0 waves contained in a crystal ol 
thickness 0.100 mm. 

10. Compute the critical angle for total reflection of the ordinary ray at the layer 

of Canada balsam in a Nicol prism. ■ ()l • r) 

11. Two Nicol prisms are set for maximum transmission. One prism is rotated 

through 60°. What is the per cent reduction in the light transmitted? 

12. Two Nicol prisms have their planes parallel to each other. One of the Nicol 

prisms is then turned so that its principal plane makes an angle of 40 with the 

principal plane of the other prism. What per cent of the light originally transmitted 

by the second Nicol prism is now transmitted by it? 

Ans. 77% amplitude or 59% intensity 

13. The sensitivity of a photographic plate is to be determined by exposing succes¬ 
sive portions to light from a standard lamp transmitted through two Nicol prisms. 
Designating as 1.00 the illuminance on the plate when the prisms are parallel, 
through what angles should the analyzer Nicol prism be rotated to produce illu¬ 
minances 0.80, 0.60, 0.40, 0.20, and 0? 

14. What thickness of quartz is required for a half-wave plate for yellow light il its 

indices of refraction are 1.544 and 1.553? O.C033 cm 

15. A thin plate of calcitc is cut with the optic axis parallel to the plane ol the plate. 
Compute the minimum thickness of calcitc, which when placed bet\\< < n < iosm d 
Polaroid polarizing disks and illuminated with sodium light will produce circularly 
polarized light and hence equal brightness for all orientations ol the analvzei. 

16. A thin plate of calcite is cut with the optic axis parallel to the plane ol the plate. 
What is the minimum thickness needed to produce destructive interference lot sod.um 
light when the plate is placed between crossed Nicol prisms? Am. 1.7 X 1<> <m 

17. What minimum thickness of calcite crystal is needed to introduce a phase 
difference of (a) 45°, ( b ) 90°, and (r) 180°, between the emergent O and F rays when 

plane-polarized light is incident normally upon it? 

18. A beam of plane-polarized light is incident on a calcite crystal with its vibra¬ 
tions making an angle 0 with the principal section of the crystal. («) Shou that th< 

relative amplitudes of O and E beams is given by Ao/Ak = lan ** ^ ’ * m 

the relative amplitudes and intensities of the two beams. Am. 0.57, , 0.333 
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Modern Atomic Physics 


I he nineteenth century was a period of great progress in the development 
of knowledge ot physical processes. Important discoveries were made in 
many fields, some of them apparently giving the answer to long-standing 
controversies, others introducing new phenomena. Interference, diffraction, 
and polarization phenomena of light were observed in the early years of the 
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century and led to acceptance of a wave theory of light. I he work of Faraday 
in electrolysis helped confirm the atomic nature of matter and supported 
ideas of electricity as discrete particles. Faraday and Henry (1831) discovered 
the phenomenon of electromagnetic induction, providing the basis of the 
electrical industry. Joule (1847) demonstrated the identity of mechanical 


energy and heat. Maxwell, with the background of Faraday s experiments, 
worked out a theory of electromagnetic radiation. 1 his theory predicted that 
an oscillating charge would radiate energy in waves. I he truth ol this pu- 
diction was confirmed by Hertz (1887-1888) who produced and detected 


the electromagnetic waves predicted. 

By 1890, the system looked rather satisfactory and complete. Not all known 
phenomena were completely explained, but each had a background that 



Fig. 1 . Diagram of the Roentgen x-ray tube. 


looked promising. In fact, some scientists believed that all major discow tit'' 
had been made and that future research would be mere refinement ol 


measurement. 

The Discovery of X Rays. Such was the situation in the fall of 1895 when 
an entirely new and completely unexpected discovery was made. At that 
time the most active field of research was that of electric discharge in gases 
at low pressure. Rbntgen, professor of physics at Wurzburg, studying tin 
conduction of electricity in gas at low pressure covered the disehaige tube 
with black paper. With the apparatus (Fig. 1) in a darkened room, he ob¬ 
served that a fluorescent screen nearby lighted up. Rbntgen soon lound that 
the agency that caused the fluorescence originated at the end ol the* tuln 
where the cathode rays struck the glass wall. Rbntgen recognized immedi¬ 
ately the importance of his discovery and proceeded at once to study tin 
properties of the new radiation that lie called x rays. 
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Among the observations that were included in Rontgen’s first report were 
the following: 

1. Many substances fluoresce under the action of x rays. 

# 

2. Photographic plates are affected by x rays. 

3. All substances are more or less transparent. Books and thin sheets of 
wood are very transparent; aluminum weakens the effect considerably but 
does not destroy it. Lead glass is quite opaque but other glass of the same 
thickness is much more transparent. Dark shadows of the bones of the hand 
are apparent. The opacity of a substance is found to depend not only on its 

density but also on some other property. 

4. X rays travel in straight lines. Rontgen failed to find reflection or re¬ 
fraction of x rays because his apparatus was not sufficiently sensitive. Later 
both phenomena were observed. 

5. X rays are not deflected by a magnetic field. 

6. X rays discharge electrified bodies whether charged positively or 
negatively. 

7. X rays are generated when cathode rays strike any solid body. Rontgen 
found that a heavier element such as platinum is a more efficient generator 
of x rays than a lighter element such as aluminum. He designed a tube using 
a concave cathode to concentrate the cathode rays on a platinum target set 
at an angle of 45°. This design became almost standard until the introduction 
of the high-vacuum Coolidge tube about 1913. 

Within three months after the announcement of the discovery of x rays 
they were being used for medical purposes in the hospitals of Vienna. 

The period immediately following the discovery of x rays was one of great 
activity, not only in the study of x rays but in other fields as well. Radio¬ 
activity was discovered (1896), the electron was identified (1897, Chap. 41), 
the quantum theory was advanced (1900), and the theory of relativity arose 
(1905). 

The Discovery of Radioactivity. The discovery of radioactivity was a 
direct result of the discovery of x rays. Since cathode rays in striking a target 
produce x rays and also produce fluorescence on striking certain materials, 
the question of a connection between fluorescence and x rays was raised. In 
1896, Becquerel tested this connection using a fluorescent salt of uranium. 
He found that even when the specimen was not irradiated it emitted a radia¬ 
tion that penetrated dark paper, thin foils, and other substances. Becquerel 
shortly discovered that this radiation was characteristic of uranium and that 
the physical or chemical state of the specimen did not affect the radiauon. 
Other materials, such as thorium, were soon found to show the same proper¬ 
ties as uranium. Pierre and Marie Curie discovered two new elements, radium 
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and polonium, that are radioactive , radium being much more active than 
uranium. 

It was discovered that the rays from these materials would affect photo¬ 
graphic plates and ionize gases as well as produce fluorescence. .As the 
properties were studied, evidence developed that there are three kinds ol 
rays: one is deflected slightly in a magnetic field in the direction that a mov¬ 
ing positive charge would be deflected (Fig. 2) and is called an a-iay, a 
second, the /3-ray, is deflected in the 
magnetic field much more than the 
a-ray and in the opposite direction; 
the third, the 7 -ray is not deflected in 
the field. Later experiments showed 
a-rays to be positively charged helium 
atoms, /3-rays to be electrons, and 7 -rays 
to be electromagnetic radiation of very 
short wavelength. 

The Quantum Theory. During 
the latter part of the nineteenth century, 
careful measurements were made of 
the distribution with respect to wave¬ 
length of the energy radiated by a heated “blackbody (( haps. 21 and 47). 
Such distribution at various temperatures is shown in fig. 3. Attempts wen 
made to explain this distribution in terms of vibrating charges which, accord¬ 
ing to electromagnetic theory developed by Maxwell, should iadiatc. Flust 
attempts failed to check with experiment as long as it was assumed that the 
energy of the vibrator could vary continuously. Max Planck (1 MO) inath 
the then very radical assumption that the vibrator could haw onl\ dis< i< n 
energies, all multiples of a smallest value proportional to the dequeues 
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Fig. 2 . The “rays” emitted by a radio- 
active* substance*. 


W = hj 


( 1 ) 


All interchanges of energy between the vibrator and ladiaiion would In 
multiples of this smallest value called a quantum of energy. By means of this 
assumption Planck was able to obtain agreement between theory and ex¬ 
periment in blackbody radiation. I he constant h is called I hunk s c<m\tant 

and has a numerical value of 6.61 X 10 * 7 erg-sec. 

Einstein (1905) used Planck’s idea of interchange of energy in quanta to 
examine the photoelectric emission of electrons. II the whole emigy of a 
quantum is given to an electron it would be emitted from the suilact only il 
that energy were sufficient to take the electron through the surface. II the 
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minimum energy for escape is wo, then there will be emission only if hj ^ w o 
and 

lif = wo 4- l 'imv~ (2) 


where Mmv* is the energy of the electron after it has emerged from the sur¬ 
face. This Einstein photoelectric equation predicts that there should be a 



WAVELENGTH /N ANGSTROMSX/0~* 

Fig. 3. Distribution of radiant energy 
from a hlackbodv. 

4 


smallest frequency for which photo¬ 
electrons will be emitted by a given 
material. This prediction is in accord 
with observation. 

Relativity. With the acceptance 
of the wave theory of light in th? 
early nineteenth century, there arose 
an idea of an “ether” as a medium 
in which the light waves were 
propagated. This idea persisted for 
almost a century. In 1887, Michelson 
and Morley attempted to measure 
the motion of the earth relative to an 
assumed stationary ether. They used 
a large interferometer that could be 
placed parallel or perpendicular to 
the direction of motion of the earth 
in its orbit. Even though the appara¬ 
tus was sufficiently sensitive to 
measure the motion, no effect of the 
magnitude expected was observed. 
Loren tz and Fitzgerald proposed 
that an object in motion would 
always become shorter by an amount 
that depends upon the speed. While 
this device would resolve the difficulty 
posed by the Michclson-Morlcy 
experiment, it was artificial and not 
subject to experimental check. 

Einstein (1905) proposed a new at¬ 
tack. He assumed that there is no 


ether. It is impossible to say whether an observer is at rest. His observation of 


another motion is merely relative to his own. 

9 


Each observer, whatever his 


own speed, may determine by his own experiment the speed of light and each 
will obtain the same value. Hence Einstein postulated that the speed of light 
is constant, independent of the motion of the observer. 



MODERN ATOMIC PHYSICS 


759 


We shall mention only two of the consequences of the relativity theory: 
the change of mass with speed and the relationship between mass and energy. 

J. J. Thomson showed that, on the assumption that the mass of the electron 
is electromagnetic in origin, the mass should increase as the speed increases. 
Relativity requires that the mass of any body must vary with the speed in 
accordance with the relation 

(3) 


m = 


y/\ — v 2 /c- 


where mo is the mass of the body at rest relative to the observer, m is the mass 
when it moves with a speed v relative to the observer, and c is the speed of 
light. It will be noted that the increase in mass for small speeds is negligible, 
but becomes appreciable (or even huge) as v approaches c. For example, an 
electron in a high-voltage x-ray tube may easily be given a speed 0.9 that of 
light. At this speed its mass is about twice that oj a low-speed electron. 

It follows as a consequence of the change ol mass with speed that moic 
energy must be expended to increase the speed than would be icquiied it 
the mass remained constant. I his can be interpreted to mean that some of 
the energy has been used to increase the mass. The relation was shown b\ 

Einstein to be 

E = A me- (4) 

where E is the energy converted to mass, Am is die increase in mass, and c is 
the speed of light. Thus mass and energy are not separately conserved but 
can be transformed into each other. It follows from Eq. (4) that tin* complete 
transmutation of a very small mass into its equivalent in energy results in the 
evolution of an almost incredible amount of energy. I*or example, the trans¬ 
formation of 1 gm of any substance into energy would release 9 X 10* eigs 
or 9 X 10' 3 joules or 2.5 X 10 7 kw-hr of energy. This is sufficient energy to 
supply the requirements of metropolitan New Vork for nearly two da\s. Wi 
have good reason to believe that this transformation ol matter into eneigs is 
continually going on in the stars. Our own sun, for example, has been giving 
off almost unbelievable quantities of energy for many millions of years at the 
expense of only a small loss in its mass. 

Discoveries in the Field of X Rays. In the years following the discovery 
of x rays it was generally assumed that they arc electromagnetic waves of 
very short wavelength. Since no means of deflecting them was known, most 
of the experiments depended upon absorption. It was found that w hen \ rays 
fall on a particular substance, x rays are reemitted. These are fluorescent 
radiation. Barkia (1908), by the use of the rather crude absorption method, 
was able to show that some of the x rays emitted by the secondary mateiial 
were scattered without change in quality but that others were chara< teiisti* 
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of the fluorescing material and that this characteristic radiation consisted of 
at least two types, one more penetrating than the other. He called these K 

and L radiations. j 

In 1912, von Lauc with Friedrich and Knipping succeeded in producing 

diffraction of x rays. A narrow pencil of x rays was passed through a zinc 

sulphide crystal and onto a photographic plate. The central spot on the plate 

was surrounded by regularly spaced spots (Fig. 4). This was the first direct 



Fig. 4 . Diffraction pattern formed by x rays passing through a crystal of zinc sulphide. 
( 77 , If photograph if a copy oj an original picture published by Friedrich , Knipping, and ron Lane in 


1913 .) 


evidence of the wave nature of x rays. Also it showed that atoms are regularly 
spaced in the crystal. 

Following the experiment of von Laue, W. H. and YV. L. Bragg (1912), 
using the cleavage face of a crystal, obtained a type of reflection, really dif¬ 
fraction, as in tlie Lauc experiment. They assumed that the regularly spaced 
atoms of the crystal could be considered as in planes. If a set of planes is 
spaced a distance d apart in the crystal, the waves would be reflected in 
accordance with the equation 

n\ = 2d sin 6 (5) 


The constant d could be computed from the atomic mass, the density and 
Avogadro's number. By the use of the Bragg spectrometer (Fig. 5), it was 
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first possible to measure the wavelengths of x rays. In these measurements 
the Braggs discovered in the x-ray beam rays that arc characteristic of the 
material of the target. These are superimposed on a general x radiation. 

Moseley (1913) studied these characteristic x rays systematically for many 
target elements. He identified them with Barkla's K and L radiation. He 
also found that there is a simple relation between the frequency of a given 
line for successive elements and a number assigned to the elements in the order 
of their appearance in the periodic table. 


V? 


cc 




The number £ is called the atomic number. 

The measurement of wavelengths of x rays made it possible to use them 
as tools for studying the arrangement of atoms in crystals. 1 his use has ghen 
ns extensive knowledge of such structure in crystals. 


Target of 
X-ray tube 



Ionisation chamber 
or 

phQtcgropirc p'ate 


Fig. 5 . 


Crystal 

Diagram of the Bragg x-ray spectrometer. 


The Compton Effect. In 1922, A. H. Compton found that when x rays 
arc scattered by free electrons there is a change of frequency of the scatteied 
radiation. On the basis of the classical wave theory of radiation one should 
expect the scattered waves to be of the same frequency as the incident wave. 
Compton considered the radiation to be incident photons and the seatteiing 
process to be a collision between the incident photon and the lice election. 
By assuming that energy and momentum arc conserved in the impact. 
Compton computed the new frequency to be expected at each angle of 
scattering and found that it agreed with the values observed e.xper imentalh. 
I his observation and theory constituted a rather spectacular continuation 
of the quantum theory of radiation. 

The Nuclear Atom. Speculation as to the structure of atoms began soon 
after their existence was accepted. Prout (1813) suggested that "all elements 
arc made up of atoms of hydrogen.” Since many of the elements were found 
to have atomic weights that were not exact multiples of that of hydrogen, the 
suggestion was not very seriously considered. After the- discovery of mdio- 
activity and the electron, interest in atomic structure became greater. I he 
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electrical nature of matter required that there be equal quantities of positive 
and negative electricity in the uncharged atom. J. J. Thomson suggested an 
atom model consisting of a sphere throughout which there is uniform dis¬ 
tribution of positive electricity with electrons embedded within the sphere in 
such positions as to be stable. There was no evidence to support or to deny 
this model and it was retained until experimental evidence inconsistent with 
it was found. 

Rutherford (1911) studied the scattering of a-particles by gold foil. Using 
a thin beam of a-particles he counted the flashes as they struck fluorescent 
material. He found that most of the a-particles were scattered through small 
angles but that a few were deflected more than 90°. He was unable to explain 
these large angles of scattering on the basis of the Thomson atom model but 
could explain the large deflection on the assumption that the positive charge is 
concentrated in a very small region , less than 10~ x - cm in diameter. The negative 
charge must therefore surround a positive nucleus. 

The Bohr Atom Model. Niels Bohr (1913) combined several earlier 
developments to set up a concrete picture of atomic structure. He assumed 
a nuclear atom with electrons moving in circular paths about the nucleus. 
This picture he applied to the simplest of all atoms, hydrogen. Series of lines 
in the hydrogen spectrum had been known for some years and empirical 
relations between their wavelengths had been worked out. Bohr undertook 
to compute these wavelengths from study of his atom model. 

He assumed that the atom obeys the laws of mechanics and electrostatics. 
He applied to the atom the quantum ideas of Planck. In applying the quan¬ 
tum idea, he assumed that the electrons are restricted to certain particular 
orbits: those for which the angular momentum of the electron is an integral 
multiple of h 2ir. A set of such orbits is shown in Fig. 6. He further assumed 
that there is no radiation as long as an electron remains in one orbit but that 
energy is absorbed by the atom when the electron is moved from an orbit of 
lower energy to one of higher energy and emitted when the electron moves 
in the reverse direction. Since there are only discrete orbits, this restriction 
requires that energy be absorbed or emitted in quanta. The frequency of the 
radiation is related to the energy change by Eq. (1). 

On the basis of these assumptions Bohr was able to compute the frequencies 
of the lines in the hydrogen spectrum. From the known mass and charge of 
the nucleus and the electron, the energy of the electron in each possible orbit 
was calculated. The frequencies computed from the difference of energies 
agreed extraordinarily well with the known frequencies of the lines of the 
hydrogen spectra. Moreover, the picture gave a physical meaning to the 
known series of lines. One series (ultraviolet) was obtained by assuming that 
the electrons jumped from the various outer orbits to orbit 1; a second (visible) 
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Light has many characteristics that are essentially properties of waves. How¬ 
ever, in those phenomena that involve transfer of energy, explanations re¬ 
quire a type of partic'e nature. Thus there is a dual picture of light, part wave 
and part particle. 

If light has a dual wave and particle nature, might not all particles also 
have a wave nature? Among those who considered this question was Louis 
de Broglie (1925). A photon has an energy E = hf. It can be assigned a mass 
from the relation E = me-. Equating these energies, one can express the 
wave length of the photon in terms of the mass 



X = - ( 6 ) 

me 

The product me represents the momentum of the photon. Similarly, for a 
particle, we may assume a wavelength as h divided by the momentum. 

X = - (7) 

mv 

Dc Broglie carried this picture of particle waves over into the atom. The 
possible orbits in the atom would be those for which the circumference is a 
whole number of wavelengths. On this assumption de Broglie arrived at the 
same set of orbits for hydrogen as did Bohr. 

Experimental confirmation of the wave nature of particles came not long 
after dc Broglie’s theoretical work. Computation showed that the wavelength 
of electrons accelerated by a relatively small potential would be about that 
of x rays. Davisson and Genner (1927) projected electrons at crystals of 
nickel and obtained diffraction patterns. G. P. Thomson, son of J.J. Thomson, 
(1927-1929) projected beams of electrons through thin crystalline material 
and obtained patterns similar to those obtained by von Lane in his classical 
experiment with x rays. Thus the wave nature of particles was established. 
We now have an application of electron waves in the electron microscope. 

The theoretical development of wave mechanics has provided a very 
powerful tool for the study of properties of matter. 

SUMMARY 

The discovery of x rays by Rontgen in 1895 opened a new era of advance 
in physics. X rays are of the same nature as light but of very short wavelength. 

Radioactivity was discovered (1896) by Becquerel in search for a connection 
between x rays and fluorescence. Radioactive materials emit a-particles , /3- 
particles, and 7 -rays. The a-particles are doubly charged helium atoms, 
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/ 3 -particles are electrons, and 7 -rays arc very short wavelength electromag¬ 
netic radiation. 

The quantum theory originated with Max Planck (1900) to explain the 
distribution of energy in the spectrum of a blackbody. I he theory requiies 
that interchange of energy between radiation and matter be in disci etc 
amounts proportional to the frequency. 

W = hf 

The quantum theory has been used successfully in other fields, notably in 
photoelectricity, the Bohr atom, and the Compton effect. 

Relativity theory, proposed by Einstein (1905), assumes that observations 
of motion can be made only as relative to the observer. Only the speed ol 
light is independent of the motion of the observer. Relativity requires that 

mass depend upon speed, 

Wo 


w = 


v/1 — v 2 


A 2 


and that energy and mass are interchangeable in accordance with the equa¬ 
tion 

E = Amr 2 

Thc discovery of diffraction oj x rays by von Lane (1912) led to the Bragg 
crystal spectrometer, used for measurement of x-ray wavelengths, and to the 

use of x rays for determining crystal structure. 

Experiments on the scattering of a-particles at large angles led Rutherford 
(1911) to propose a nuclear atom , a positive nucleus surrounded by electrons. 

Bohr (1913) applied the quantum theory to the nuclear atom to devise an 
atom model that was successfully used in computing wavelengths in the 

spectrum of hydrogen. 

Dc Broglie (1922) proposed that particles be treated as waves. Wave 
properties of electrons were verified experimentally by Davisson and Cermei 
and by G. P. Thomson. 

QUESTIONS 

1. When x-ray pictures of internal organs are made, one is frequently asked to 
drink a preparation containing heavy atoms. Why is this hrlplul in making tin 
picture? 

2. How do x rays ionize gases and produce chemical changes in organic sub¬ 
stances? 

3. If transfers of light energy always occur in quanta, why do we not perceive a 

discontinuous structure in light that comes to the eye? 

4. Why arc relativity changes seldom used in studying the mechanics of everyday 

objects? 
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5. State some of the observed facts that lead to the idea of the equivalence of 
matter and energy. 

6 . In a rock-salt crystal the atoms are at the corners of cubes. What various planes 
of atoms might be used in the reflection of x rays? How would the grating space 
depend upon the choice of plane? 

7. How can x rays be used in determining the structure of crystals? Would they be 
of any use in studying a substance that has no crystalline structure? 

8 . Why are wave properties of particles normally observed only when we study 
very small particles? 

9. If both matter and radiation have both particle and wave properties, how can 
we decide which property to use? 

PROBLEMS 


In the following problems, use the electronic charge as 1.60 X 10 -19 coulomb and 
the electronic mass at rest as 9.11 X 10~ 2fi gm. 

1. The minimum wavelength in angstrom units of the x radiation produced when 
electrons are accelerated by a potential difference V is given by X = 12,345/F. 
Justify the expression on the basis of the quantum equation. 

2. What would be the wavelength of the radiation emitted if an electron that had 

been accelerated by a potential difference of 300 volts had all its kinetic energy trans¬ 
formed into a single quantum? 41.3 A 

3. The longest wavelength that will cause photoelcctrons to be emitted from a 
sodium surface is 3830 A. What energy is necessary to take the electron through the 
surface? If the surface is illuminated by light of wavelength 4500 A, what is the maxi¬ 
mum speed of the photoelcctrons emitted? 

4. The surface of a certain metal is illuminated by light of wavelength 4000 A. 
The photoelcctrons emitted are all stopped by a negative potential of 0.80 volt. What 
is the maximum kinetic energy of an electron emitted? What is the longest wavelength 
that will cause photoelcctrons to be emitted at this surface? 

Ans. 1.28 X 10 1 -erg; 5390 A 

5. At what speed must a particle be moving to have a mass twice as great as its 
“rest" mass? 


6 . The mass of an electron at rest is 9.11 X 10- 28 gin. What is its mass at speeds of 
(</) 0.100, ( b ) 0.90, and (c) 0.99 that of light? 

Ans. 9.15 X 10~ 28 gm; 2.09 X 10~ 27 gin; 6.45 X 10 -27 gm 

7. The mass of an electron at rest is 9.11 X 10- 2s gm. What is the mass when it is 
moving with a speed 98 ( / ( that of light? 

8 . \\ hat voltage must be used to accelerate an electron in order to give it a speed 
one-half that of light.’ By what percentage is the mass increased at this speed? 

Ans. 74 kv; 15% 

9. What voltage would be necessary to give an electron a speed one-third the speed 
ol light? By "hat percentage is the mass increased at this speed over the rest mass? 

10. How much coal having a heat of combustion of 12,000 Btu/lb would have to be 
burned to produce energy equivalent to the transmutation of a pound of matter into 
cnci 'gy ? Ans. 1.62 X 10 6 tons 
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11 . How much coal having a heat of combustion of 8000 cal/gm would have to be 
burned to equal the energy equivalent to that released if 4.032 gm of hydrogen were 
converted into 4.002 gm of helium? 

12 . What would be the wavelength of the radiation emitted if 1.00 X 10 - - - ' gm of 
matter were transmuted into a single quantum of radiant energy? 

Ans. 2.2 X \0~* A 

13 . What would be the wavelength of the quantum of radiant energy emitted if an 
electron were transmuted into radiation and went into the one quantum? 

14 . The grating space of a calcitc crystal is 3.03 A. Find the wavelength of x rays 

that are reflected at an angle of 15° in the first order. A ns . 1.57 A 

15 . In crystals of rock salt the atoms are set at the corners ol cubes, 2.81 A on a side. 
Compute the angle in the first and the second order at which x rays of wavelength 
0.721 A would lx* reflected. 

16 . The bright yellow line in the helium spectrum has a wavelength of 5876 A. 
Compute the diflerencc in energy between the two levels responsible for this line. 

Ans. 3.38 X 10~ ,2 erg 

17 . The red and blue lines of the hydrogen spectrum (see Fig. 6) have wavelengths 
of 6563 A and 4861 A, respectively. Compute the difference in energy between the 
corresponding energy levels. 

18 . An electron is accelerated by a potential diflerencc of 1.25 kv. What is the 

wavelength associated with the moving electron? Neglect any change in mass ol the 
electron. Ans. 0.347 A 

19 . What would be the wavelength associated with an electron whose speed is half 
the speed of light? 




PATRICK 

MAYNARD 

STUART 

BLACKETT 

1897 — 


BORN IN LONDON. PROFESSOR AT THE UNIVERSITY OF MAN¬ 
CHESTER. AWARDED THE I 948 NOBEL PRIZE FOR PHYSICS FOR HIS 
DEVELOPMENT OF THE WILSON CLOUD-CHAMBER METHOD AND 
HIS DISCOVERIES IN NUCLEAR PHYSICS AND COSMIC RADIATION. 



Nuclear Physics 


While nuclear physics properly starts with the establishment of the atom as a 
nucleus surrounded by moving electrons, the background of the subject lies 
in the discovery and development of radioactivity. Radioactivity is a property 
of the nucleus and its development has provided us with much of the knowl¬ 
edge we now have concerning the nucleus. 

Early Experiments in Radioactivity. The early experiments in the 
study of radioactivity were almost exclusively in the problems of the nature 
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and properties of the rays themselves. We have noted that the a- and 0-rays 
can be deflected by magnetic and electric fields, all affect a photographic 
plate or a fluorescent screen, all are more or less penetrating, and all produce 
ionization. These properties were further investigated and used in studying 
the rays. 

It was found that a-rays arc stopped rather easily: a sheet of paper is 
sufficient. In air at normal atmospheric pressure, the range is a relatively few 
centimeters. The ranges of the a-particles are quite different for the various 
radioactive substances but nearly the same for most of the particles from a 
single substance. 

The penetrating power of /3-rays is much greater than that for a-rays. 1 he 
range may be as great as several meters in air or more than a millimeter ol 


aluminum. 

The 7 -rays are much more penetrating than the /3-rays. I hey are little 
absorbed in air and pass through several inches ol lead. 

The nature of the rays was determined by a series of experiments. The 
/ 3 -rays were shown to be negatively charged by their deflection in magnetic 
and electric fields. When the ratio of charge to mass was measured (Chap. 
41), it was found to be the same as that for cathode rays. 1 hus the /3-ia\s 




were identified as very high-speed electrons. 

The properties of a-rays were also studied by deflection in magnetic and 
electric fields. By combining the two effects it was possible to compute the 
speed of the a-particles and also the ratio of charge to mass. 1 his latter 
quantity was found to be about twice that for an ionized hydrogen atom. 
Rutherford and Geiger measured the charge ol the a-particle by means ol 
two experiments. The a-particles from a known mass of a radioactive material 
fell on a metal plate for a certain time giving it their total charge. I he plate 
was connected to an electrometer to measure the charge. 1 he numbei of 
particles in that time was determined 
by means of a “counter” (Fig. 1)- A 
metal cylinder c has a wire w insulated 
from the cylinder along the axis. I he 
cylinder is filled with gas at low 

pressure and a potential slightly less than that required tor a discharge 
is maintained between cylinder and wire. A thin window allows 
a-particles to enter the chamber. Each particle ionizes the gas, produc ing 
a rush of charge indicated by a throw of the electrometer E. I hus one can 
count the number of particles. This device is known as a (>eiger counter. Ii 
has been greatly refined and can be used to “count particles or radiation 

that enter the chamber and ionize the gas inside. 

From the measurement of charge and number of particles Rutherlord 


£ 





3 ®' 


Fig. 1. Diagram of a Geiger counter. 
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and Geiger determined the charge of the a-particle. The value was found 
to be about twice that for the hydrogen atom and therefore the a-particle has 
a mass four times that of hydrogen. This indicates a doubly charged helium 
atom. 

The fact that a-particles are charged helium atoms was confirmed by a 
direct experiment. The a-particles were allowed to bombard a glass tube 
whose walls were thin enough for the particles to penetrate. An electric dis¬ 
charge showed no evidence of a helium spectrum before the bombardment 
but after considerable time there was a well-defined helium spectrum. 

Ionization of Gases in Radioactivity. When a high-speed a- or j8-par- 
ticle moves through a gas, there are frequent collisions between the particles 
and the molecules of the gas. In these collisions ionization is produced. The 
number of ions produced by the particle is a measure of the energy of the 
particle. Thus an ionization chamber could be used for such measurements. 
From the ionization current in the chamber and the number of particles per 
second the number of ions produced per particle can be determined. The 

a-particlc is much more efficient in 
ionizing than the /3-particle and the /3- 
particlc much better than the y-ray. The 
ionization is in the ratios of 10,000 to 100 
to 1. 

In 1897, C. T. R. Wilson observed 
that in air supersaturated with water 
vapor ions would serve as condensation 
centers, droplets forming on the ions. 
Later (1912), he applied this discovery 
to make an instrument for studying the 
paths of particles or rays that can ionize the gas through which they pass. 
In the original form (Fig. 2), the device consists of a piston above which 
there is a chamber in which the air is saturated with water vapor. If the piston 
is suddenly moved downward, the air is cooled, and hence the vapor present 
is more than that required for saturation. If there are condensation centers 
piesent, dioplets ol water will be formed. The ions formed by passage of an 
ionizing pai tide or ray can serve as the condensation centers. The ions are 
formed along the path of the particle or ray and hence the droplets mark the 
path. \\ hen brightly illuminated, these droplets can be seen or photographed. 

I his device, known as the 11 ilson cloud chamber , has proved to be one of the 
most useful devices lor studying the paths of particles and rays. Many im¬ 
portant discoveries have been made possible by its use. 

I ho paths of a- and d-particles were studied. The massive a-particles are 
not easily deflected by collisions and many ions are formed. Thus the tracks 
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Fig. 2. Schematic diasram of a 
Wilson cloud chamber. 
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of a-particles arc mainly heavy and straight with an occasional fork near the 
end of the path where a near direct hit on an atom causes both atom and 
a-particle to show tracks (Fig. 3). 

On the other hand /3-particles produce much less ionization and hence 
lighter tracks. Having small mass they are easily deflected and follow very 
crooked paths as they are deflected by one collision after another. 

Radioactive Series. In the study following the discovery of radioactivity, 
quite a number of substances were found to show activity. Most of these are the 
elements of high atomic mass and high atomic number. It was found that 
certain of these materials were associated with each other in series, the suc- 



Fio. 3. Photograph of a-particlc tracks in a cloud chamber. {Courtesy of P. 
and Proceedings oj the Royal Society.) 


.\1. S . Blackett 


cessivc members being formed by the disintegration of the preceding 
member. 

Since a-particles are helium nuclei with a double positive chuigi, the) 
can come only from the nucleus, for only in the nucleus is theie such mass. 
With the loss of an a-particle, the nucleus must decrease in mass by lour units 
(the atomic mass of helium) and decrease the charge (atomic number) by 
two. Since the chemical nature of the atom is associated with the atomic 
number, the emission of the alpha particle creates a new substance of lower 
atomic number. Thus uranium, atomic mass 238 and atomic numbei 
emits an a-particle to form a new atom, uranium X, with an atomic mass of 
234 and atomic number 90. When a /3-particle is emitted, there is no ap¬ 
preciable change in atomic mass, but the charge is increased by one, and 
hence die atomic number is raised by one. In l ig. 4 is shown the successive 
transformations in the series headed by uranium. Note that in sevcial places 
members of the chain are isotopes, being in the same atomic number column. 
The end product of the series, Ra G, is lead. 
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Half-life Period. The various radioactive materials decay at different 
rates. The number of particles emitted per second is proportional to the mass 
of material, that is, the number of atoms present. For each substance there is 
a definite time required for half the atoms originally present to disintegrate. 
The time required for half the atoms to disintegrate is called the half-life 


ATOMIC NUMBER 



Fig. 4. Successive disintegrations in the radioactive series starting with uranium. 


period. For different elements it has values all the way from a small fraction of 
a second to millions of years. 

Artificial Disintegration. In natural radioactivity the rate of disinte¬ 
gration is independent of the physical condition of the active material. 
Attempts to retard or hasten the process produce no result. 

In scattering experiments that led to the nuclear atom theory, the scatter¬ 
ing atoms were all very much heavier than the a-particles, so that the motion 
of the scattering nucleus was negligible. It light atoms are used, both a-particlc 
and scattering nucleus move after the collision in such a manner that there 
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is conservation of energy and conservation of momentum in the collision. 
Such collisions cause the forked tracks occasionally seen in cloud-chamhci 
pictures (Fig. 5). Rutherford (1918) bombarded air in a cloud chamber with 
a-particles. He found some of the tracks produced after a collision were 
those of protons (hydrogen nuclei) of unusually long range (Fig. 5). If these 



Fig. 5. Cloud-chamber photograph picture of the first artificial disintegration, dis¬ 
covered by Rutherford. The proton track slopes downward to the rmht aru t >< 
nucleus moves upward and to the left. Origin of these particles indicated by the arrows. 

{After Blackett and Lees.) 

protons were due to collisions with hydrogen atoms in the ait, ha tlu 
a-particles used the range of the protons would be about 28 t m, "hi u.is i R 
observed range was about 40 cm. Furthermore, the protons could take almost 
any direction from the point of collision, whereas hydrogen nuclei must have 
forward directions only. The long-range particles were lound only when 

nitrogen was present and increased in number when pute ,n,l "- < 11 U ' ' ' 

It was thus shown that the proton was produced when tin <>-pai tii U R ci 
with a nitrogen nucleus. Furthermore, there was no evidence ol a icco. 
a-particle after the collision. Thus the a-particlc strikes and become s part 
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of the nitrogen nucleus, a proton being emitted by the resulting nucleus. We 
thus have the first artificial change from one element to another. In this 
process the mass and the charge must stay essentially the same. We can write 
an equation to represent the transition 

7 N 14 -I- 2 He 4 9 F 18 -► 8 0 17 + 1 H 1 

The subscripts represent atomic number (charge) while the superscripts 
represent atomic mass. 

Production of High-energy Particles. After the first discovery of arti¬ 
ficial disintegration, a number of other substances were found to show the 
same type of disintegration upon being struck by a-particles. Disintegra¬ 
tion will occur only if the a-particle enters the nucleus. Since both particle 
and nucleus are positive, the a-particle is repelled, and hence must have high 
energy to reach the nucleus. The higher the charge, the more energy is 
required for the a-particle; hence the higher atomic number elements are 
not readily disintegrated by natural a-particles. Protons, having less charge 
than a-particles, could penetrate nuclei more readily if given high energy. 
Cockcroft and Walton (1930) were the first to produce protons with energy 
high enough to cause disintegration. They used transformers and vacuum- 
tube rectifiers in series to produce a potential of 700 kv. The energy gained 

by the charged particle is Vq. Particle 
energies are frequently expressed in 
terms of electron volts , an electron volt 
being the energy gained by an elec¬ 
tron in falling through a potential 
difference of one volt. A larger unit, a 
million electron volts (mev), is com¬ 
monly used as an energy unit. Particles 
of about 1 mev have been produced by 
the method of Cockcroft and Walton. 
They used 0.15 mev protons to pro¬ 
duce disintegration of lithium. 

A second method used an alternating potential of a few thousand volts to 
accelerate the particles successively. Several cylinders arc arranged in series 
with gaps between them. Alternate cylinders are connected to one side of 
the line. It the length of each cylinder is so made that the particles traverse 
it in a hall cycle, the particle is accelerated at each gap and acquires high 
speed. 

One ot the most important methods for production of high-speed ions is 
the cyclotron , invented by E. O. Lawrence (1930). The cyclotron (Fig. 6) 
consists of a chamber in which are two semicircular, hollow metal boxes 



Fig. 6. Diagram of the cyclotron. 
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insulated from each other. The chamber is placed between the poles of a 
very strong electromagnet. An ion introduced near the center will tra\el in a 
semicircular path within one box. As it crosses from one box to the other, 
it is accelerated so that in the second box it moves in a larger circular path. 
Each semicircle is traveled in the same time. A high-frequency alternating 
potential can be used to accelerate the particle at each crossing. After mam 
trips around the boxes, the particle, having acquired high energy, comes out 
a window. By introducing various gases into the chamber to be ionized, many 
different kinds of particles can be produced. The most common are protons 
(hydrogen nuclei), deuterons (heavy hydrogen nuclei), and a-particles 
(helium nuclei). With a giant cyclotron Lawrence has produced 8 mev pro¬ 
tons, 16 mev deuterons, and 38 mev a-particlcs. 

Modification of the means of accelerating the particles in the cyclotron to 
make the frequency of the accelerating potential variable has made it possible 
to reach higher energies. This modification, called a synchiocNclotron. has 
been used to produce protons of energies as high as 240 mev and probably 
will reach much higher values. 

A source of high-speed electrons is the betatron. It has a chamber wit bin a 
magnetic field into which electrons arc introduced. 1 he magnet is encigizid 
by alternating current and serves to accelerate the electrons during a p.u t 
of a cycle and to provide an increasing field to keep them in iheii ciitulni 
paths as the speed increases. Speeds within a few percent oi the spied ol 
light are obtained. 

The synchrotron differs from the betatron in that the acceleration is achieved 
by a high-frequency field at a gap as in the cyclotron but has the rising held 
of the betatron. The synchrotron operates in the range ol _ to 3oo mo. 
Proton-synchrotrons promise to provide much higher energy pat titles p« i- 
haps as high as 6000 mev protons. 

Disintegration by Accelerated Particles. By the use of accelerated 
particles many disintegrations can be produced. The energies attainable are 
sufficient for the particles to penetrate to the nucleus ol most atoms aim 
produce disintegration. The following equations represent examples ol the 
many reactions that can occur. 


Proton: 

Deuteron: 

tt-particle: 


< Be 9 + ,H‘ — 3 Li® + - He 4 
jjAl * 7 + |H*— i-.>Mg 26 + -He 4 
i*Al 27 T *Hc 4 —* , 4 Si« + .H‘ 


Many of the products of these artificial disintegrations an iadioacii\<. 
These artificially radioactive materials behave much as the natural radioactiv. 
materials. Each emits its characteristic particle (not always an <«- or ,i 



COLLEGE PHYSICS 


776 

particle); each has a characteristic half-life period. The following equations 
represent one such change. 

4«Pd I,MI + 2 He 4 ->47Ag"‘ + !H l 

47Ag 111 —> 48Cd ,u -h -if 0 T = 7.5 days 
where T is the half-life period. 

Mass-Energy Transitions. In the nuclear reactions just discussed there 
are many changes that involve an increase or decrease in total mass. In 
considering the energy relations involved in the changes, we must study the 
change in mass as well as the energies of the moving particles. Whenever 
there is a change in mass, energy, K = Amc -, must be absorbed or emitted. 
Masses of the atoms are usually expressed in atomic mass units (amu). An amu 
is 1 16 the mass of 8 O l6 or 1.660 X 10 -24 gin. A change of mass of 1 amu 
involves an energy of 

E = A me- = 1.660 X 10~ 24 X (2.998 X 10 10 ) 2 = 14.94 X 10~ 4 erg 

= 14.94 X 10-" joule 

1 mev = 10 6 volts X 1.602 X 10" 19 coulomb = 1.602 X 10"' 3 joule 

1 amu = 14.94 X 10 " 1.602 X 10 13 - 931 mev 


Consider the transition involved in Ruiherf.rd’s first disintegration 


experiment 


7 X" -I- -.-He 4 —* 9 F'* — 8 0 17 + ill' 


The mass of the initial «-particle and nitrogen is 


(His) fm H .) 

14.0075 amu -f 4.00389 amu = 18.01139 amu 
I he mass ol the final products, oxygen and hydrogen nucleus, is 

(»0 ,7 > (,H‘) 

17.004r*0 amu - 1.00813 amu = 18.01263 amu 


I here is a gain in mass in the process of 0.00124 amu. This gain in mass must 
come at the expense <>f energy 

/•: = 0.00124 X 931 mev = 1.155 mev 

I he incident a-particle must supply this energy plus the energy of the proton 
and recoil atom. 

In other disintegrations, there may be a decrease in mass with consequent 
inn ease in energy. 1 his energy may appear as kinetic energy of the product 
panicles 01 as iadiant energy {hf) in the form of y-rays. For example, the 
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bombardment of lithium by protons may produce a 7 -ray 

3 Li’ + ,H‘ — .Be’ + hj 

The Discovery of the Neutron. Bothe and Becker (1930), on bombard¬ 
ing light elements such as beryllium by a-par.icles, found a very penetratmg 
radiation that is not deflected by magnetic or electr.c be ds. In the hght of 
previous experience this was assumed to be 7 radiauon. Measurement of the 
energy of the ray gave a value in the neighborhood of 10 mev. winch agreed 

satisfactorily with the mass change in the reaction 

4 Be'' + .-He' — 6 C' 3 + hf 

Curie and joliot (1932) found that the radiation produced much morcioniza- 
tion if it passed through paraffin or other material con.amtng hy dro en 
that the ionization was not increased by other substances- n se - 
cated that the ionization was produced by protons knocked out of he a . I- 
fin. If the protons observed were produced by 7 -rays, the 7 -ray photon would 
be required to have energy of the order of 50 mev. Further expenmen 
showed recoil atoms of heavier substances that would requne sttll higher 

energy for ihc photon. , •. . 

Chadwick (1932, showed that these dilheult.es were retnoeed tf t « 

assumed that the penetrating radiation was an uncharged pa, lc ° f 
about that of the proton. This particle is called a neutron. 1 he reaction 

then be 

4 Bc» 4- oHc' —* 6^ ■ 1 ” + 

The penetrating ability of the neutron and its failure to show Hacks- m a 
cloud chamber are explained by its lack of charge. . will have no 1 ■ 
with atoms without direct collision. On the other hand, chatged p. , - 

will react with nuclei when there is a close approach because ol .he t c cal 

forces. Thus these charged particles owe to -heir clectncal charge ,1 ioniza¬ 
tion they produce in matter and the resis.at.ee they encounter as tins pass 

'^Neutrons make ideal particles for bombardment of nuclei. Since they 
carry no charge, they are not repelled and hence may penetrate tin nut ■ 
even when their energy is comparatively low. Examples ol transfo. mat.on 

by neutron bombardment follow. 


,H* + 0 Ti l -» iH* + hj 

79 Au* v7 4- an 1 — 7 .Au ll,K 4- hf 
„Au ,M — h«Hk , 9K + i'" 


T — 2.7 clays 
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Disintegration by Photons. Disintegrations have also been produced 
when high energy 7 -rays or photons fall on some substances. One such reac* 

tion is 

1 H 2 + /if-* 1 H 1 + on 1 

Note that this particular reaction is the reverse of the neutron reaction listed 
above. 

Cosmic Rays. About 1900 it was established that there is always some 
ionization of the air. It was assumed that this ionization is caused by radiation 
from the crust of the earth. Gockel (1910) as the result of observations on 
balloon flights found the ionization to be greater at high altitude than at the 
surface, indicating that the source of the ionization came from outside the 
earth. 

Many experiments have been carried out to study the origin and nature 
of the cosmic rays that caused the ionization. Absorption methods, cloud 
chambers, Geiger counters, and photographic plates have all been used in 
the studies. The early experiments showed extremely high penetration, 
reaching far underground and to the bottoms of deep lakes. Millikan and his 
collaborators, beginning in 1923, early interpreted the phenomenon as very 
short-wave electromagnetic radiation. Later experiments showed variation 
with latitude that indicated deflection of the cosmic rays in the magnetic 
field of the earth. This effect would be present only if there are charged 
particles. Identification of the particles is complicated by the fact that several 
kinds of secondary particles or rays arc produced in the atmosphere by the 
primary cosmic rays. The evidence indicates that the primary rays are 
mainly positively charged particles, such as protons. All other known ele¬ 
mentary particles as well as photons appear as secondary products. 

The Positron. In 1932, C. D. Anderson was studying cosmic-ray phe¬ 
nomena by means of a cloud chamber placed between the poles of an 
electromagnet. He found pairs of tracks that, from the ionization produced, 
were identified as those of electrons but the tracks were bent in opposite 
directions by the field, seeming to indicate opposite charges. To determine 
the direction of travel of the particles, Anderson inserted a sheet of lead across 
the chamber so that the track would be less curved on the initial side before 
the particle was slowed down by the lead. By this device he obtained tracks 
(Fig. 7) that were those of positively charged electrons. The curvature, 
ionization, and range of the particle were inconsistent with a proton track 
but agreed with the assumption of a positive electron or positron. 

Positrons are not at all rare in nature, occurring in cosmic-ray phenomena 
near the surface of the earth almost as often as negative electrons. Also they 
appear frequently as products of artificial disintegration. However, they do 
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not exist long as free positrons since they combine with negative electrons. 
The normal life of a free positron is a very small fraction of a second. \ cn 
the electron and positron combine, they disappear and a photon is produced. 
Conversely, a photon often disappears while a positron-electron pair appears 
simultaneously. We thus have a direct conversion from particle to wave. 

+*" + — ¥ 

The Meson In 1936, Anderson and Neddemeyer reported that cloud- 
chamber pictures showed tracks in which the ionizationjvas too small for a 

proton but too great for an electron. 

Further investigation showed the 
existence of a particle whose charge 
is the same as that of the electron 
(4- or —) but whose mass is inter¬ 
mediate between the electron and 
the proton. Yukawa (1935) had 
predicted such a particle from a 
theory of nuclear forces. 1 he 
particles are called mesons. Mesons 
appear as one ol the secondary 
particles in cosmic rays; at sea 
level they are the most abundant 
component. 

There are several types of mesons. 

The n meson has a mass of a little 

over 200 times the mass of the . . 

electron and may have either a positive or a negative charge a *>u iq 
that of the electron. The , meson has a mass about 280 times that of the 
electron and may have zero charge or positive or negative electronic chaigc. 
A third type, the r meson, has a mass near 1000 times the electronic mass and 

positive, negative, or zero charge. , 

The meson is an unstable particle. Experiments show that tins ■mea - 
sorbed more rapidly in air than would be expected from consider, t on of 
the absorbing mass. The decrease is accounted for by absorption and rad - 

active disintegration. The mean life period for the ^‘ 1 ^ ons ,s ° u ° 
of 2 X 10" 8 sec, the charged 7 r mesons of the order of 10 sec, anc 

Various known particles with some of their properties are listed in 1 able 
The Nucleus. Before 1932, only two primary particles were known 
proton and the electron. The nucleus was pictured as made up ol these wo 
particles. With the discovery of the neutron, a different picture was possible, 



Fig. 7. Cloud-chambcr photograph used 
to identify the positron, (Courtesy oj C. D. 
Andtr son.) 
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TABLE I. PARTICLES OF ATOMIC PHYSICS 


Name 

Charge 
e = 4.803 X 

10 -i° 

statcoulomb 

Mass, in terms 
of electronic 

mass mo 

Year 

discovered 

Average 

lifetime, 

spontaneous 

decay 

Electron. 

—e 

1 

1896 

Stable 

Proton, iH‘ . 

+e 

1836 

1890-1900 

Stable 

Neutron, ow 1 . 

0 

1837 

1932 

About 20 min 

Positron. 

+c 

1 

1932 

Stable 

Alpha particle, 2 He 4 . 

+2r 

7270 

1903 

Stable 

Dcutcron, jD 2 or ,H 2 . 

+e 

3630 

1932 

Stable 

Photon, hj . 

0 

0 

1900 

Stable 

Neutrino. 

Meson 

0 

0 

1931 

Stable 

Mu meson. 

±e 

210 

1936 

2 X 10" 6 sec 

Pi meson. 

±e 

276 

1947 

2 X 10 -8 see 

Pi meson. 

0 

265 

1950 

10 -13 sec 

Tau meson. 

+ e or 0 

Uncertain 
(~ 1000 ) 

1947 

< 10 _1 ° sec 


a nucleus made up of protons and neutrons. The mass of the nucleus is the 
sum of the masses of protons and neutrons while the charge is the sum of the 
charges of the protons. Phis makes a very simple explanation of isotopes, 
since the different isotopes of a given substance differ only in the number of 
neutrons in the nucleus. 

Fission. In 1934, Fermi and his collaborators attempted to produce 
elements beyond the normal limit at uranium. In bombardment of the lighter 
elements by slow neutrons the element after the capture is usually trans¬ 
formed by electron emission into the element of next higher atomic number. 
Therefore, one might expect that a similar bombardment of uranium (92) 
would produce a new element (93). This reaction has been produced with 
neptunium (93) as the resulting product. Neptunium also disintegrates by 
emitting a 3-particle to produce plutonium (94). Plutonium is a rather stable 
material having a half-life period of 30,000 years. Two other new elements, 
americum (93) and curium (96) have been produced (1944) in the cyclotron. 

In 1939, I lahn and Strassman found one of the products of neutron bom¬ 
bardment of uranium to be a radioactive barium 5 6 Ba 139 . There must then 
be another Iragment such as 3 eK.r associated with the barium fragment to 
make the charges equal. Neir separated the isotopes of uranium in a mass 
spectrograph and found that 9 -»U 235 is the one that undergoes the splitting 
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process called fission. Fission is a new type of radioactive process, the first that 

produced particles more massive than a-particles. 

In the process of fission of uranium there is a decrease in total mass and 

therefore there is a corresponding gain in energy. Such a reaction then is a 
possible source of energy. This energy is controllable since the process can 

be started at will. 

Among the products of fission one finds one to three neutrons. T hese 
neutrons arc faster than the ones used to start the fission but if they strike 
the uranium nuclei they can cause fission. Since the fission produces the 
starting particles and releases energy, the reaction can perpetuate itself, pro¬ 
vided there is enough uranium present that the neutrons produced will hit 
other uranium nuclei. Thus a chain reaction can be set up. The smallest amount 
of material in which such a chain reaction can be set up is called the < ritual 
mass. The atomic bomb must have more than the critical mass of uranium 
or plutonium. It could be handled safely if parts ol the active niateual uc.< 
maintained at less than the critical mass, and then it could be detonated by 

bringing the parts together. . , . 

In the fission process there is a decrease in mass ol only about onc-um 

of one per cent. Proton and neutron retain their identity. the c hump in mass 

resulting from a rearrangement ol these elements in tin nut < m. n > 1 

transitory particles such as the positron and the meson is there annihilation 

of particles with conversion of the whole mass into u»u' ut 1 , | 
is not a net source of energy, since at least an equivalent amount of cue, gy s 

required to produce the transitory particle. 

The process of fission occurs when a uranium or plmonmm nucleus cap- 

tures a neutron. The process will proceed as long ah m mions •" l P 1 

will accelerate if the number of neutrons is increased, he pox u< mu o • 

appreciable amount of nuclear energy depends upon having a mechanism 

that will produce a sulliricntly rapid process. . ■ 

Fusion. Nuclear energy can also be released by lusion ol small nucK, 

into larger nuclei il in this process there is a d< ast in mass 1 I 

the two positively charged nuclei must come into contact even i mug 1 1 

arc strong electrical forces of repulsion. Ibis requires that the !><•< "< h • 
moving with high speeds. With artificial accefiiating app.uati , 

arc given very high speeds. Only occasionally will such a pai m < 
another nucleus before it has lost too much ol iis cllcl *> ,u 11 
Thus the process is extremely inellicienl, and umit < nu s \ mu t I 

to initiate the fusion process than is realized Imm tin i* ac • M ‘ 

The only known way in which a lusion process can 
energy is by a thermonuclear reaction at extreinels hig i u uipti. 
speed of the nuclei is the speed of their thermal motion. a<" 
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perature of the interior of the stars, of the order of 2 X 10 7 degrees centigrade, 
the speed of the nuclei is far less than that of the particles produced in the 
accelerators, but in collisions they arc not slowed down because all the 
particles are moving with the same high speeds. Hence a very small per¬ 
centage of the nuclei will fuse to cause the nuclear reaction. In the sun only 
about one per cent of the hydrogen is thus transformed into helium in a billion 
years. This small change maintains the high temperature only because the 
radiation produced diffuses very slowly to the outside and there is a great 
difference in temperature between the center and the outside. On a small 
body such as the earth, the rate of loss of energy would be so rapid that the 
temperature necessary to continue a nuclear reaction cannot be maintained. 

If thermonuclear reactions are to be initiated on the earth, they must be 
very rapid, because the energy will be lost so quickly that slow reactions can¬ 
not continue. The reaction rate depends upon the charges of the nuclei, being 
greatest for small charges. Hydrogen, having the smallest charge, should 
have the highest rale. There are three isotopes of hydrogen, 1 H 1 , 1 H 2 , and 
1 H 3 . Of these, the most abundant 1 H 1 has a very slow rate of reaction, but 
the other two have a rather high rate and evolve more energy. 

1 H 3 + ,H 2 — 2 He 4 + 0 n l + 17.6 mev 

Thus a hydrogen-helium reaction is possible if the proper conditions can be 
provided. There must be an extremely high temperature and sufficiently high 
density of the reacting components that collisions are probable. It may lie 
possible to realize the high temperature in an explosion of uranium or 
plutonium. The magnitude of the hydrogen reaction would depend exactly 
on the amount of reacting material built into the bomb. Such an explosion 
would not extend to the general atmosphere because of the extremely small 
concentration of reacting materials and the rapid loss of energy by radiation. 


SUMMARY 

Radioactive materials emit a-particles, 0-particles, and 7 -rays. 

The a-particles are positively charged helium nuclei, are deflected by 
magnetic and electric fields, show small penetration, and produce great 
ionization. 

I he 0 -particles are electrons, are deflected by magnetic and electric fields, 
show much greater penetration than a-particles, and produce less ionization. 

I he 7 -rays are highly penetrating electromagnetic radiation, are not 
deflected by magnetic or electric fields, and produce little ionization. 

I he Geiger counter is a device that enables one to count radioactive radia¬ 
tions or other radiations that will ionize the gas of the counter tube. 
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The Wilson cloud chamber is used to photograph tracks of individual particles 

The half-life period of a radioactive material is the time required for halt 
the atoms to disintegrate. 

Artificial disintegration, discovered by Rutherford in 1919, is produced when 

high-speed particles enter the nucleus. 

High-energy particles are produced artificially by means of high-potentia 

accelerators. One such device is the cyclotron. . 

In artificial disintegration there may be a decrease in mass resulting in 
evolution of energy or an increase in mass requiring expenditure o eiu ig}. 
Neutrons are uncharged particles whose mass is nearly the same as that ot 

the proton. 

Cosmic rays enter the atmosphere from outside the earth. I he primary rays 

are positively charged particles, probably protons. 

The positron is a positively charged particle whose mass ,s that ol an 

electron. . , 

The meson is a particle whose mass is intei mediate be tween ti.it 

electron and that of the proton. It may carry eitlui a positive 01 a 1K " 
charge, or no charge. 

The nucleus is believed to be composed of protons and neutrons. 

Fission is the splitting of a nucleus into two 01 moit l.ugt lagnicnts. 
this process results in a decrease in mass, it can Ik a souici o cncig> 

A chain reaction can be set up if the reaction produces the particles -hat 
produced the reaction originally. 1 he chain leaction cannot >‘ mam 
if the mass of fissionable material is less than a nitnal mass. 

Nuclear energy can be released by die fusion ot l'"hi n,l( 
nuclei with consequent decrease in mass. Such reactions ate ' 11 I 1 

source of stellar radiation. 


QUESTIONS 

1. Do a-, 0-, and 7 -rays come- from the same element.'' Show whv ■ - ""in 

find all three in many radioactive experiments. .. 

2 . Describe some of the methods for the study and inea.suu n 

rays. Discuss the relative sensitivity of these methexis. Ilou cues 1 . , s - 

these rays compare with the masses used in ordinar\ chemical « X I K 11 • 

3. Suggest several methods by which one could estimate *».. age o a u aJ ^ 

bearing rock. How does the age of the earth estimated in d" s l " -mn 1 lA i ( l. i,t< ' 
1600 million years) compare with inde|jcndent estimates has* d «»n g . 

4. Compare the methods and achievements of modem atom >mas i , H( ( uv , . 5 

physics with those of the ancient alchemists. In what 
similar and how are they unlike? 
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5. Why is it possible to produce higher energy a-particles than protons with a 
given cyclotron? Is this true with other types of accelerators? 

6. What limits the energy that can be given to a particle in a cyclotron? 

7. Why is it more difficult to produce atomic disintegration by bombarding heavy 
atoms than it is for light atoms? 

8. For a time the theory' that all elements were made up of combinations of 
hydrogen atoms was accepted. What facts led to the abandonment of this hypothesis? 

9. If a lithium nucleus of atomic mass 7 and atomic number 3 captures a proton 
and fission results in the disintegration of the nucleus into two equal parts, what is the 
nature of the materials thus produced? 

10. When, in a nuclear change, there is an increase in mass, what is the source of 
the added mass? 

11. When a photon disappears in producing an electron and a positron, is the 
energy of the photon equivalent to the mass of the particles produced? If not, what 
accounts for the difference? 

12. What are some of the difficulties involved in the commercial utilization of 
nuclear energy for industrial purposes? 


PROBLEMS 


1. Express the kinetic energy of a /3-ray with a speed of 0.95 that of light in terms 
of electron volts. 

2. An tt-particlc ejected from polonium has a speed of 1.60 X 10 9 cm/sec. What 
is its energy expressed in (a) ergs and ( b) electron volts? 

Arts. 8.52 X 10 -G erg; 5.33 mev 

3. What uniform magnetic field would be necessary to bend the alpha particle 
from RaC' into a circular path of radius 30 cm? The speed of the particles is 1.92 X 10 9 
cm/sec. 

4. An a-particle ejected from polonium has a speed of 1.60 X 10 9 cm/sec. What 
is the radius of curvature of its path in a uniform magnetic field of 1.20 X 10 4 oersteds? 

A ns. 27.6 cm 

5. Radium disintegrates at the rate of approximately 0.045% per year. How many 
a-particles are emitted per gram in one day? Would this computation be valid for a 
short-life substance? 

6. Compute the length of the second and third cylinders of a linear accelerator if 

the ions are protons starting from rest, each accelerating potential is 10,000 volts, and 
the first cylinder is 2.00 cm long. Ans. 2.82 cm; 3.46 cm 

7. Radium has an atomic mass of 226 and an atomic number of 88. It disintegrates 
with the emission of an a-particle. Write the symbolic equation for this transmutation. 

8. A radioactive element of atomic mass 218 and atomic number 84 disintegrates 
with the emission of an a-particle. What is the new atomic mass and atomic number? 

Ans. 214; 82 

9. In the process of the radioactive disintegration of thorium, 6 a- and 4 /3-particles 
are emitted. What are the atomic mass and number of the final product of the thorium 
disintegration? Thorium has atomic mass 232 and atomic number 90. 
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10 . When carbon, atomic mass 12 and atomic number 6, is bombarded by a-par- 
ticles, disintegration occurs with the emission of a neutron. I he element thus formed 
is unstable and disintegrates with the ejection of a positron. \\ hat is the final product 
of this transmutation and what are its atomic mass and atomic number? 

11 . When chlorine, atomic mass 35 and atomic number l 7 , is bombarded by 
protons, the resulting atom disintegrates, emitting an a-particle. W rite the equation 
representing the reaction. 

12 . When nitrogen, atomic inass 14 and atomic number 7, is bombarded with 
neutrons, the collisions result in disintegrations in which a-particlcs are produced. 
Write the symbolic equation representing this transmutation. 

13 . When fluorine, atomic mass 19 and atomic number 9, is bombarded with 
neutrons, a new element is formed and an a-particle is ejected. (</) What is the new 
element? ( b ) What are its atomic mass and atomic number? 

14 . When copper, atomic mass 65 and atomic number 29, is bombarded by neu¬ 
trons, the resulting atom disintegrates giving a proton. W rite the equation represent¬ 
ing these transitions. 

15 . If a positron and an electron combine to produce a photon, what is the mini¬ 
mum frequency of the photon? Could it be greater than this minimum frequency? 
If so, why? 

16 . If the decrease in mass in a fission process is 0.10' <, how much energy could In- 

obtained from the fission of 1.0 lb of material? -bo. 4.1 X 10 13 joules 

17 . In fusion of hydrogen isotopes into helium the decrease in mass is ol the order o! 
0.70%. How much energy could be produced by the use ol 1.00 lb ol hydrogen? 
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OF MESONS, BASED UPON THE THEORY OF NUCLEAR FORCES. 


Appendix 

I. SOLUTION OF PHYSICAL PROBLEMS 

1 he ability to solve problems is a mark of an effective and efficient scientist 
or engineer. I hrough practice in the solution of problems commensurate 
with one's knowledge, one attains ability and confidence in independent 
thinking. 

In problem solving, the following systematic approach is highly recom¬ 
mended. First, read the statement of the problem carefully, and decide 
exactly what is required. Then 
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1. Draw a suitable diagram, and list the data given. 

2. Identify the type of problem, and write physical principles which seem 
relevant to its solution. These may be expressed concisely as algebraic 
equations. 

3. Determine if the data given are adequate. If not, decide what is missing 
and how to get it. This may involve consulting a table, making a reasonable 
assumption, or drawing upon your general knowledge for such information 
as the value of g , the acceleration due to gravity, 32 It sec.- 

4. Decide whether in the particular problem it is easier to substitute 
numerical values immediately or first to carry out an algebraic solution. 
Some quantities may cancel. 

5. Substitute numerical data in the equations obtained from physical 
principles. Include the units for each quantity, making sure that they are all 

in the same system in any one problem. 

6. Compute the numerical value of the unknown, preferably with the aid 
of a slide rule. Determine the units in which the answer is expressed. Ex¬ 
amine the reasonableness of the answer. Can it be obtained by an alternative 
method to check the result? 

The student is referred to the numerous solved examples in the text lor a 
demonstration of the form of solution recommended lor physics problems. 

An orderly procedure aids clear thinking, helps to avoid errors, and 
usually saves time. Most important, it enables a student to analyze and 
eventually solve those more complex problems whose solution is not im¬ 
mediately or intuitively apparent. 


II. SIGNIFICANT FIGURES IN MEASUREMENTS 

AND COMPUTATIONS 

Uncertainty in Measurements. I he word accuracy has \atious sh.uU s ol 
meaning depending on the circumstances under which ii is used li b 
commonly used to denote the reliability of the indications ol a measuiine 

instrument. 

As applied to the final result of a measurement, the accuracy is expressed 
by stating the uncertainty of the numerical result, that is, the estimated maxi¬ 
mum amount by which the result may dilfer from the ttue 01 • |((t P |, d 
value. 

Rules for Computation with Experimental Data. There is always a 
pronounced and persistent tendency on the part ol begimnis to t< l< ‘in 
many figures in a computation. This not only involves too much arithrnetu 

labor but, worse still, leads to a fictitiously precise result. 

The following rules are recommended and will save mu< h turn that won 
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otherwise be spent in calculation; furthermore, their careful use will result in 
properly indicated accuracies. 

1. In recording the result of a measurement or a calculation, one and one 
only doubtful digit is retained. 

2. In addition and subtraction, do not carry the operations beyond the 
first column that contains a doubtful figure. 

3. In multiplication and division, carry the result to the same number 
of significant figures that there are in that quantity entering into the calcula¬ 
tion which has the least number of significant figures. 

4. In dropping figures that are not significant, the last figure retained 
should be unchanged if the first figure dropped is less than 5. It should be 
increased by 1 if the first figure dropped is greater than 5. If the first figure 
dropped is 5, the preceding digit should be unchanged if it is an even number 
but increased by 1 if it is an odd number. Examples: 3.455 becomes 3.46; 
3.485 becomes 3.48; 6.7901 becomes 6.790. 

Significant Figures. I'he accuracy of a physical measurement is prop¬ 
erly indicated by the number of figures used in expressing the numerical 
measure. Conventionally, only those figures which are reasonably trust¬ 
worthy are retained. These are called significant figures. 

In recording certain numbers, the location of the decimal point requires 
zeros to be added to the significant figures. When this requirement leaves 
doubt as to which figures arc significant, one may overscore the last significant 
figure. This overscored figure is the first digit whose value is doubtful. 

Examples: 

Length of a page = 22.7 cm (3 significant figures) 

I hickncss of the page = 0.011 cm (2 significant figures) 

Distance to the sun = 93,000,000 mi (2 significant figures) 

Speed of light = 299,780 km/sec (5 significant figures) 

If each of these numbers is expressed in terms of pow ers of 10, there is no doubt as 
to the number of significant figures for only the significant figures arc then retained. 
Thus 

Length of the page = 2.27 X 10' cm 
Thickness of the page = 1.1 X 10 -5 cm 
Distance to the sun = 9.3 X 10 7 mi 

Speed of light = 2.9978 X 10 s km/sec 

There are some numbers which, by their definition, may be taken to have 

an unlimited number of significant figures. For example, the factors 2 and 
7r in the relation 


Circumference = 27r (radius) 
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In calculations there is frequently need to use data that have been recorded 
without a clear indication of the number of significant figures. For example, 
a textbook problem may refer to a “2-lb weight,” or in a cooperative experi¬ 
ment a student may announce that he has measured a certain distance as 
“5 ft.” In such cases the values with the appropriate number of significant 
figures should be written from what is known or assumed about the way in 
which the measurements were made. If the distance referred to were meas¬ 
ured with an ordinary tape measure, it might appropriately be written as 
5.0 ft. If it were carefully measured with a steel scale to the nearest tenth of 
an inch, the distance might be recorded as 5.00 It. In academic problem 
work a good rule to follow is to retain three figures unless there is reason to 

decide otherwise. 

A systematic use of the rules given above relating to significant figures 
results in two advantages: (1) time is saved by carrying out calculations onl\ 
to that number of figures which the data justify, and (2) intelligent recording 
of data is encouraged by noting always the least accurate of a numbet ol 
measurements needed for a given determination. Attention can then be con¬ 
centrated on improving the least accurate measurement or, it this is not 
possible, other measurements need be taken only to an accuracy commensu¬ 
rate with it. 

III. DERIVATIONS 

1. Moment of Inertia of a Solid Cylinder. Since the moment of inertia 
of a body is defined as the sum of the products mr- for all particles ol the body, 
wc can compute this quantity by 
carrying out the summation 

/ = Xmr 2 

Consider the cylinder of Fig. 1. YVc 
shall select as an element of mass dm all 
particles that are at a distance 1 from 
the axis. This represents a shell of radius 
r, length /, and thickness dr. The 
volume dV of the shell is 

dV = Inrldr Fig. I- 

and the mass dm is pdV , where p is the density, 

dm = 2irplrdr 



and 


dl = r' l dm = Irplr'di 
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Integrating between the limits of 0 and R, 




27 rplr z dr = 2irpl 


K- 


R 4 

2tt P / - = 




But the mass m of the cylinder is 


and 


m = irRHp 

I = Y^RHpR} = VimR} 


2. Derivation of Equation for Electric Potential Near an Isolated 
(Point) Charge. Consider the point ^ at a distance r from an isolated 

charge Q. (Fig. 2). We will determine the work 

-£- >A done in moving a test charge q from a point 

Fic 2 outside the electric field of Q (that is, from 

“infinity”) up to the point A. This work per 
unit charge is the potential of the point considered. 

The work done in moving q an infinitesimal distance dr in the direction 
of the field is 

W = j-Fdr 

where F is the force on q in the direction of the electric field. The negative 
sign is used because Fand dr are in opposite directions. When the value of F 
from Coulomb’s law is inserted in the equation for IV, we obtain 

Hence 

v = K = Z 

q Ks 

3. Derivation of the Biot-Savart Law for the Magnetic Field Strength 
Near a Long, Straight Current. In Fig. 3, an infinitely long, straight 
wire AB carries a current I. The strength H of the magnetic field at point P a 
distance j from the wire is desired. Let r be the distance between the current 
clement dl and point P. By Laplace’s equation 


dH = C 


Idl sin 6 


a) 


Since a and 6 are complementary angles, we may write 

rfH = c Mcos_a 


(2) 
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By construction, dl' = dl cos a and da = dl' r. Hence 


dl cos a = dl' = rda 


Also 


r = 


cos a 


Substituting these values of dl cos a and r into Eq. (2), \vc obtain 

^ //=c /oWa 


(3) 


(4) 


(3) 


The total field strength at P is the summation of all these infinitesimals, that 
is, the integral when a varies from —90° to d-9()°. namely, 


cos ad a (6) 


/ - - « ; /::: 

S I J —9(i° 

Introducing C = Y\ o and substitut¬ 
ing the values of the limits gives 


H = 


21 

10 5 


(7) 


4. Magnetic Field Strength on 
the Axis of a Coil. Consider the 
case of a concentrated coil of N turns 
and radius r, with its plane normal to 
that of the paper (Fig. 4). When there 
is a current / in the coil, there will be 
a magnetic field at all points nearby. We shall determine the strength of tin- 
field at a point P on the axis of the coil, at a distance .v from the center O. 

According to Laplace’s law, the magnetic field strength <HI at /’due to an 
clement of the coil dl at a distance s from P is given by 



dll = 


Idl 


s* 


since s is normal to dl. The field dll is perpendicular to s. I bis field may be 
resolved into a component dll„ normal to x and dll , parallel to .v. When the 
effect of an entire turn in the coil is considered, it may In* seen that each 
component such as dll u may be paired off against another one which is equal 
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in magnitude but opposite in direction, due to the oppositely directed ele¬ 
ment of current in a portion of the wire at the other end of a diameter from 
dl. But the elements of field dH x are all in the same direction and hence add 
up to give the resultant field H t directed along *. The value of dH x may be 

obtained from 

I dir 

dH x = dH sin 6 = —=- - 

s 2 s 

The resultant field is given by 

r T r 2w r.V 

/"■“?/. il 



Fig. 4. Magnetic field strength on the 
axis of a coil. 



IrrNIr 2 


Substituting s- = r 2 + .v 2 , and inserting the factor 10 in the denominator to 
change abamperes into amperes, we obtain 

2-kNIt- 

H 10(r 2 + x 2 )* 

It will be seen that the field at the center of the coil, where x = 0, is given by 



2ttA7 

lOr 


which is Eq. (3) of Chap. 31. 

5. Magnetic Field Strength on the Axis of a Solenoid. Consider the 
case of a closely wound, helical coil of N turns, which has an axial length / 
and radius r and in which there is a current /. In an element of the solenoid 



Fig. 5. Magnetic field strength on the axis of a solenoid. 

of length dx, there will be (jY/l)dx turns. In accordance with the equation 
derived above for the field on the axis of a coil, the field at P due to the ele¬ 
ment dx is given by 


dH 


2icNIr 2 dx 
10 Is 3 


To integrate this expression, it is convenient to express dx and s in terms of 
the single variable 6. From Fig. 5 b it is seen that 

• a sd6 
sin d = -r- 

dx 
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from which 


dx = 


sdd 
sin 6 


Since sin 8 also equals r/s, we may write the equation for dH as 

dH = sin Odd 

I'hc resultant field at P due to the whole solenoid is given by 


/ 


9 W f 

dH = / sin Odd 

1 U J 02 

H = (cos 01 — cos 0-) 


for a very long solenoid, or when / is large in comparison with t. the held 
at the center of the solenoid is given by 


II = 


Air.M 
~ 10/ 


since cos 6 1 — cos 6-> becomes approximately equal to 2. 

6. Energy of Self-induction. When a current is established in an induc¬ 
tive circuit, energy must be expended against the eml ol sell-induction in 
creating a magnetic field in the circuit. This energy is given by 




eidl 


di 


Substituting e = L the equation becomes 


"-i'A 


idt = 


l.i di = 


1/ 


-[5- 


0 


= 1 / / -’ 
9 


7. Capacitance of a Parallel-plate Capacitor. We will first derive the 
expression for the total number of lines of force ^ which emerge from a charge 
C l This may be done as follows: consider the charge to be enclosed by a 
sphere of radius r. The electric held intensity £ at the sphere is given by 


6 = 


hr' 1 


We have agreed conventionally to represent the intensity of an electric field 
by the number of lines of force per unit area (in a vacuum) or by this number 
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divided by the dielectric constant K of the medium if the charge is surrounded 
by some substance other than a vacuum. Hence 

yb 


Remembering that the area A of a sphere is 4 tit 2 and equating the two ex¬ 
pressions for 8, we obtain 

P _ _±_ = _e 

4ttt 2 K Kr 2 

From which \J/ = 4irQ. 

Consider next a pair of charged plates, separated by a dielectric, as shown 
in Fig. 1, Chap. 39. If the plates are large and their separation small, the 
electric field intensity between them is everywhere uniform. This field is 
given by 

P ±_ = 

KA KA 


From this equation and the definitions of electric field intensity (8 = F/q), 
potential (F = W/q), and work (IT = F X s), it follows that 





s 


Making use of the defining equation for capacitance and substituting the 
value of V from the equation above, we obtain 

r= Q = = *d 

V 4ttQs 4tt5 
KA 


In this equation C is given in electrostatic units of capacitance, called slat- 
farads, when A is in square centimeters and s is in centimeters. To reduce 
statfarads to microfarads, the number of statfarads must be divided by 

9 X 10 6 . Hence C (in microfarads) is 
given by 

KA 


R L ii 

VW\A— 100000000 j —11— 


c = 


Fig. 6. Series circuit having resistance, 
inductance, and capacitance. 


Airs X 9 X 10 5 

8. Phase Relations in A-c Series 
Circuits. In a series circuit that has 
resistance, inductance, and capacitance (Fig. 6), there are three parts to the in¬ 
stantaneous voltage e : e H = iR, e L = L J- ( > and e c = ^ The applied potential 
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v at each instant is the sum of the three 


•- iR+L i+h 

If the current is sinusoidal, 


/ = im sin 6 = i m sin lirft 

v - i m R sin e + L rf(l ” 5i " 2rfl) + ' 


im sin lirft dt 


(it ' C 

•/ 

= i m R sin 6 + 2irfLi m cos (lirft) — — cos lirft 

lirfL 

= i m R sin 0 -f 2irJLi m cos 0 — cos 0 

— 7T / v« 


2 it f L i 


Thus we see that the resistance component 
of the voltage is in phase with the current, 
the inductive component (-f-cos 0) is 90° ahead 
of the current in phase, and the capacitive 
voltage ( — cos 0) is 90° behind the current 
in phase. 

Since the component voltages are out 
of phase, we may represent their maximum 
(or effective) values by a phase diagram 
7). I he resultant voltage v„, is 

v m - » M VR 2 + \2r/L - 1 1 2ir/C)J- 

or for effective voltages 



2nfC 


Fio. 7. Phase diagram for 
series c ircuic. 


V = I y/R' -f |2 t xfL - i\ 2*fC) 


sincc 
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IV. TABLES 

TABLE 1. VALUES OF IMPORTANT PHYSICAL CONSTANTS 


Acceleration due to gravity, g 
Density of mercury, du* 
Standard atmospheric pressure, po 

Volume of ideal gas (0°C, 1 atm), Vo 
Atomic mass unit (Kg mass of 
8 O ir ’ atom), 1 amu 

Mass of electron at rest, mo 
Mass of proton, Mp 
Mass of hydrogen atom, Mu 
Avogadro number, JVo 
Loschmidt number, no 
Ideal gas constant, molar, Rq 

Boltzmann constant, k 
Density of water, maximum, d Ui o 
Liter (1 kg water), 1 liter 
Mechanical equivalent of heat, J 

Ice point, 7”o 
Electronic charge, e 

Faraday constant, F 
Speed of light (vacuum), c 
Stefan-Boltzmann constant, a 
Planck constant, h 


980.665 cm/sec 2 
13.5950 gm/cm 3 
760.00 mm of mercury 
1013.246 millibars 
22.4146 litcrs/mole 

1.66035 X 10" 24 gm 

9.1066 X 10~ 28 gm 

1.67248 X 10- 24 gm 

1.67339 X 10- 34 gm 

6.023 X 10 23 molecules/mole 

2.687 X 10 19 molecules/cm 3 

8.31436 X 10' crgs/molc °K 

1.98646 cal/mole °K 

Ro/Na = 1.3805 X 10- ,c erg/°K particle 

0.999972 gm/cm 3 

1000.028 cm 3 

4.1855 X 10 7 ergs/cal 

273.16 °K 

1.60203 X 10- 19 coulomb 
4.8025 X 10" 10 statcoulomb 
96,501 coulombs/gm equiv 
2.99776 X 10'° cm/sec 
5.672 X 10~ 6 erg/(cm 2 sec °K 4 ) 

6.624 X 10~ 27 erg-sec 
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TABLE 2. NATURAL SINES AND COSINES 

Natural Sines 


Angle 

0.0 

0.1 

0.2 

0.3 

0.4 

0.5 

0.6 

0.7 

0.8 

0.9 

Complement 

difference 

ggrrai 

0.0000 

0017 

0035 

0052 

0070 

■iTiESi 

0105 


0140 

0157 

0175 

89° 



0192 

0209 

0227 

0244 

0262' 

0279 


0314 

0332 

0349 

88 

2 

mmi 

0366 

0384 

0401 

0419 

0436 

0454 


0488 

0506 

0523 

87 

.3 

MM 

0541 

0558 

0576 

0593 

0610 

0628 


0663 

0680 

0698 

86 


KH 


0732 

0750 

0767 

0785 

0802 

0819 

0837; 



85 

5 

0.0872 

0889 

0906 

0924 

0941 

0958 

0976 



1028 

1 1045 

84 

6 

sanra 

1063 

1080 

1097 

1115 

1132 

1149 

1167 

1184 

1201 

1219 

83 


Kra 

1236 

1253 

1271 

1288 

1305 

1323 

1340 

1357 

1374 

1392 

82 

8 

■EsH 

1409 

1426 

1444 

1461 

1478 

1495 

1513 

1530 

1547 

1564 

81 

■■ 

ill 

1582 

1599 

1616 

1633 


1668 

1685 

1702 

1719 

1736 

80 

10 

0.1736 

1754 

1771 

1788 

1805 

1822 

1840 

1857 

1874 

1891 

1908 

79 

11 


1925 

1942 

1959 

1977 

1994 

2011 

2028 

2045' 

2062 

2079 

78 

12 


2096 

2113 

2130 

2147 

2164 

2181 

2198 

2215 

2233 

2250 

77 17 

13 

2250 

2267 

2284 

2300 

2317 

2334 

2351 

2368 

2385, 

2402 

2419 

7 6 

14 

2419 

2436 

2453 

2470 

2487 

2504 

2521 

2538 

2554 

2571 


75 

15 

0.2588 

2605 

2622 

2639 

2656 

2672 

2689 

2706 

2723 

2740 

2756 

74 

16 

2756 

2773 

2790 

2807 

2823 

2840 

2857 


2890 

2907 

2924 

73 

17 

2924 

2940 

2957 

2974 

2990 

3007 

3024 

3040 

3057i 

3074 

3090 

72 

18 

3090 

3107 

3123 

3140 

3156 

3173 

3190 

3206 

322 31 

3239 

3256 

71 

19 

3256 

3273 

3289 

3305 

3322 

3338 

3355 

3371 

3387 

3404 

3420 

70 

20 

0.3420 

3437 

3453 

3469 

3486 

3502 

3518 

3535 

3551 

3567 

3584 

69 

21 

3584 

3600 

3616 

3633 

3649 

3665 

3681 

3697 

3714 

3730 

3746’ 

68 

22 

3746 

3762 

3778 

3795 

3811 

3827 

3843 

3859 

3875 

3891 

3907 

67 

23 

3907 

3923 

3939 

3955 

3971 

3987 



4035 

4051 

HgPIM 

66 14 

24 


4083 

4099 

4115 

4131 

4147 

4163 

4179 

4195 

4210 


65 

25 

0 4226 

4242 

4258 

4274 

4289 

4305 

4321 

4337 

4352 

4368 

4384 

64 

26 


4399 

4415 

4431 

4446 

4462 

4478 

4493 

4509 

4524 

4540 

63 

27 

t ill 

4555 

4571 

4586 

4602 

4617 

4633 

4648 

4664 

4679 

4695 

62 

28 



4726 

4741 

4756 

4772 

4787 

4802 

4818 

4833 

4848 

61 

29 

|OET2H 

4863 

4879 

4894 

4909 

4924 

1 4939 

4955 

4970 

4985 

5000 

60 

30 

IH 

5015 

5030 

5045 

5060 

5075 

5090 

5105 

5120 

5135 

. 5150 

59 ,s 

31 

5150 

5165 

5180 

5195 

5210 

5225 

5240 

i 5255 

5270 

5284 

5299 

58 

32 

5299 

5314 

5329 

5344 

5358 

5373 

5388 

5402 

5417 

5432 

5446 

57 

33 

5446 

5461 

5476 

5490 

5505 

5519 

5534 

5548 

5563 

5577 

5592 

56 

34 

5592 

5606 

5621 

5635 

5650 

5664 

5678 

5693 

5707 

5721 

; 5736 

55 

35 

0.5736 

5750 

5764 

5779 

5793 

5807 

5821 

5835 

5850 

5864 

5878 

54 

r I 4 

36 

5878 

5892 

5906 

5920 

5934 

5948 

5962 

5976 

5990 

6004 

6018 

53 “ 

37 

6018 

W*i\r\ 

6046 

6060 

6074 

6088 

6101 

6115 

6129 

6143 

6157 

52 

38 

6157 


6184 

6198 

6211 

6225 

6239 

6252 

6266 

6280 

6293 

51 

39 

6293 

wflfifiu 

6320 

6334 

6347 

6361 

6374 

6388 

6401 

6414 

6428 

50 

40 

0.6428 

6441 

6455 

6468 

6481 

6494 

6508 

6521 

6534 

6547 

6561 

49 

A (t 11 

41 

6561 

6574 

6587 

6600 

6613 

6626 

6639 

6652 

6665 

6678 

6691 

48 13 

a n 

42 

6691 

\wm 

6717 

6730 

6743 

6756 

6769 

6782 

679-1 

6807 

6820 

4/ 

4 C 

43 

6820 

l 6833 

684*5 

i 6858 

6871 

6884 

6896 

6909 

6921 

6934 

6947 

46 

a r o 

44 ° 

6947 

' 6959 

6972 

1 6984 

6997 


7022 

7034 

7046 

7059 

7071 

45_ _ 

Complement 

0.9 

0.8 

0.7 

0 6 

0.5 

0.4 

0.3 

0.2 

0.1 

0.0 

* | 
Angle 


Natural Cosines 


t 
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TABLE 2. NATURAL SINES AND COSINES (Continued) 

Natural Sines 



Natural Cosines 
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TABLE 3. NATURAL TANGENTS AND COTANGENTS 

Natural Tangents 


Angle 

0.0 

0.1 

0.2 

0.3 

0.4 

0.5 

m 

0.7 

0.8 

0.9 

Complement 

difference 

0° 

3.0000 

iiTjyfj 

0035 

spiiem 

0070 

0087 

0105 

0122 

“0140 

“0157 

0175 

89 ° 

1 

0175 


0209 


0244 

0262 


0297 

0314 

0332 

0349 

88 

2 

0349 





0437 

0454 

0472 

0489 

0507 

0524 

87 

3 

0524 



0577 

0594 

0612 

0629 


0664 

0682 

0699 

86 

4 

0699 

0717 


0752 

0769 

0787 

0805 


0840 

0857 

0875 

85 

5 


0892 


0928 

0945 




1016 

1033 

1051 

84 

6 


1069 

1086 

1104 

1122 

1139 

1157 

1175 


1210 

1228 

83 

7 

1228 

1246 

1263 

1281 

1299 

1317 

1334 

1352 


1388 

1405 

82 

8 


1423 

1441 

1459 

1477 

1495 

1512 

1530 

1548 

1566 

1584 

81 

9 

1584 

1602 

1620 

1638 

1655 

1673 

1691 

1709 


1745 

1763 

80 

10 

0.1763 

1781 

1799 

1817 

1835 

1853 

1871 

1890 


1926 

1944 

79 «• 

11 

1944 

1962 

1980 

1998 

2016 

2035 

2053 

2071 

2089 

2107 

2126 

78 

12 

2126 

2144 

2162 

2180 

2199 

2217 

2235 

2254 

2272 

2290 

2309 

77 

13 


2327 

2345 

2364 

2382 

2401 

2419 

2438 

2456 

2475 

2493 

76 

14 

2493 

2512 

2530 

2549 

2568 

2586 

2605 

2623 

2642 

2661 

2679 

75 

15 

0.2679 

2698 

2717 

2736 

2754 

2774 

2792 

2811 

2830 

2849 

2867 

74 

16 

2867 

2886 

2905 

2924 

2943 

2962 

2981 

3000 

3019 

3038 

3057 

73 >» 

17 


3076 

3096 

3115 

3134 

3153 

3172 

3191 

3211 

3230 

3249 

72 

18 

3249 

3269 

3288 

3307 

3327 

3346 

3365 

3385 

3404 

3424 

3443 

71 

19 

3443 

3463 

3482 

3502 

3522 

3541 

3561 

3581 

3600 

3620 

3640 

70 

20 

0.3640 

3659 

3679 

3699 

3719 

3739 

3759 


3799 

3819 

3839 

69 

21 

3839 

3859 

3879 

3899 

3919 

3939 

3959 



4020 

4040 

68 *" 

22 


^• (IT ■ 

4081 


4122 

4142 

4163 

4183! 

4204 

4224 

4245 

67 

23 

4245 


4286 

4307 

4327 

4348 

4369 

4390 

4411 

4431 

4452 

66 

24 

4452 

• T • V flL | 


4515 

4536 

4557 

4578 

4599 

4621 


4663 

65 * l 

25 

0.4663 



4727 

4748 

4770 

4791 

4813 

4834 


4877 

64 

26 

4877 


4921 

4942 

4964 

4986 

5008 

5029 

5051 

5073 

5095 

63 

27 

5095 

5117 

5139 

5161 

5184 

5206 

5228 

5250 

5272 

5295 

5317 

62 11 

28 

5317 

5340 

536-2 

5384 

5407 

5430 

5452 

5475 

5498 

5520 

5543 

61 

29 

5543 

5566 

5589 

5612 

5635 

5658 

5681 

5704 

5727 

5750 

5774 

60 ** 

30 

0.5774 

5797 

5820 

5844 

5867 

5890 

5914 

5938 

5961 

5985 

6009 

59 

31 

WKm 

6032 

6056 

6080 

6104 

6128 

6152 

6176 

6200 

6224 

6249 

58 ** 

32 

6249 

6273 


6322 

6346 

6371 

6395 

6420 

6445 

6469 

6494 

57 

33 

6494 

6519 


6569 

6594 

6619 


6669 

6694 

6720 

6745 

56 ,J 

34 

6745 

6771 

6796 

6822 

6847 

6873 

6899 

6924 

6950 

6976 

7002 

55 

35 

0 7002 


7054 

tm 

7107 

7133 

7159 

7186 

7212 

7239 

7265 

54 16 

36 

gCTTfrJ 

7292 

7319 

7346 

7373 

7400 

7427 

7454 

7481 

7508 

7536 

53 17 

37 



7590 

i 7618 

7646 

7673 

7701 

7729 

7757 

7785 

7813 

52 

38 

£•X 

«* If • i ► 

Irrfl 

7869 

i 7898 

7926 

7954 

7983 

8012 

8040 

8069 

8098 

51 1 * 

39 

8098 

8127 

8156 

, 8185 

8214 

8243 

8273 

8302 

83.32 

8361 

8.391 

50 71 

40 

0.8391 

m 

8451 

8481 

8511 

8541 

8571 

8601 

8632 

8662 

8693 

49 ,u 

A A% % 1 

41 

■ErSvT 

i 8724 

8754 

[ 8785 

8816 

8847 

8878 

8910 

8941 

8972 

9004 

48 11 

42 



. 9067 9099 

9131 

9163 

9195 

9228 

9260 

9293 

9325 

47 11 

4 /• ft 

43 

9325 

, 9358 


9424 

9557 

9490 

9523 

9556 

9590 


9567 

46 ,J 

44° 

9657 

r 9691 

9725 9759 

9793 

9827 

9861 

9896 

9930 

9965 

1.0000 

45 14 

Complement 

0.9 

| 0.8 

1 0.7 

0.6 

0.5 

0.4 

0.3 

0.2 

0.1 

0.0 

Angle 


Natural Cotangents 
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TABLE 3. NATURAL TANGENTS AND COTANGENTS (Continued) 

Natural Tangents 


Angle 

0.0 

0.1 

0.2 

0.3 

0.4 

0.5 

0.6 

0.7 

0.8 

0.9 

Comp. 

45° 

L0000 

1.0035 

1.0070 i 

L.0105 

1.0141 

1.0176 

1.0212 

1.0247 

1.0283 

1.0319 

44° 

A 4 % 

46 

1.0355 

1.0392 

1.0428 : 

1.0464 

1.0501 

1.0538 

1.0575 

1.0612 

1.0649 

1.0686 

43 

A 

47 

1 0724 

1.0761 

1.0799 : 

1.0837 

1.0875 

1.0913 

1.0951 

1.0990 

1.1028 

1.1067 

42 

A A 

48 

1 1106 

1.1145 

1.1184: 

1.1224 

1.1263 

1.1303 

1.1343 

1.1383 

1.1423 

1.1463 

41 

49 

1.1504 

1.1544 

1.1585 

1.1626 

1.1667 

1.1708 

1.1750 

1.1792 

1.1833 

1.1875 

40 

50 

1.1918 

1.1960 

1.2002 

1.2045 

1.2088 

1.2131 

1.2174 

1.2218 

1.2261 

1.2305 

39 

51 

1 .2349 

1.2393 

1.2437 

1.2482 

1.2527 

1.2572 

1.2617 

1.2662 

1.2708 

1.2753 

38 

52 

1.2799 

1.2846 

1.2892 

1.2938 

1.2985 

1.3032 

1.3079 

1.3127 

1.3175 

1.3222 

37 

53 

1.3270 

1.3319 

1.3367 

1.3416 

1.3465 

1.3514 

1.3564 

1.3613 

1.3663 

1.3713 

36 

54 

1.3764 

1.3814 

1.3865 

1.3916 

1.3968 

1.4019 

1.4071 

1.4124 

1.4176 

1.4229 

35 

55 

1.4281 

1.4335 

1.4388 

1.4442 

1.4496 

1.4550 

1.4605 

1.4659 

1.4715 

1.4770 

34 

56 

1.4826 

1.4882, 

1.4938 

1.4994 

1.5051 

1.5108 

1.5166 

1.5224 

1.5282 

1.5340 

33 

57 

1.5399 

1.5458 1.5517 

1.5577 

1 . 5637 

1 . 5697 

1.5757 

1.5818 

1.5880 

1 . 5941 

32 

58 

1.6003 

1.6066 1.6128 

1.6191 

1.6255 

1.6319 

1.6383 

1.6447 

1.6512 

1 . 6577 

31 

59 

1.6643 

1.6709 

1.6775 

1.6842 

1.6909 

1.6977 

1.7045 

1.7113 

1.7182 

1.7251 

30 

60 

1.7321 

1.7391 

1.7461 

1.7532 

1.7603 

1.7675 

1.7747 

1.7820 

1.7893 

1.7966 

29 

61 

1.8040 

1.8115 

1.8190 

1.8265 1.8341; 

1.8418 

1.8495 

1.8572 

1.8650 

1.8728 

28 

62 

1 8807 1.8887 1.8967 1.9047! 

1.9128 

1.9210 

1.9292 

1.9375 

1.9458 

1.9542 

27 

63 

1 .9626 1.9711 1.9797: 

1.9883' 

1.9970 

2.0057 

2.0145 

2.0233 

2.0323 

2.0413 

26 

64 

2.0503 

2.0594 

2.0686 

2.0778 2.0872 

2.0965 

2.1060 

2.1155 

2.1251 

2.1348 

25 

65 

2.145 

2.154 

2.164 

2.174 

2.184 

2.194 ' 

2.204 

2.215 

2.225 

2.236 

24 

66 

2.246 

2.257 

2.267 

2.278 

2.289 

2.300 

2.311 

2.322 

2.333 

2.344 

23 

67 

2.356 

2.367 

2.379 

2.391 

12.402 

2.414 

2.426 

2.438 

2.450 

2.463 

22 

68 

2.475 

2.488 

2.500 

2.513 

2.526 

2.539 

2.552 

2.565 

2.578 

2.592 

21 

69 

2.605 

2.619 

2.633 

2.646 

2.660 

2.675 

2.689 

2.703 

2.718 

2.733 

20 

70 

2.747 

2.762 

2.778 

2.793 

2.808 

2.824 

2.840 

2.856 

2.872 

2.888 

19 

71 

2.904 

2.921 

2.937 

2.954 

2.971 

2.989 

3.006 

3.024 

3.042 

3.060 

18 

72 

3.078 

13.096 

3.115 

3.133 

3.152 

3.172 

3.191 

3.211 

3.230 

3.250 

17 

73 

3.271 

3.291 

3.312 

3.333 

i3.354 

3.376 

3.398 

3.420 

3.442 

3.465 

16 

74 

3.487 

3.511 

3.534 

3.558 

,3.582 

^.606 

3.630 

3.655 

3.681 

3.700 

15 

75 

3.732 

3.758 

3.785 

3.812 

3.839 

13.867 

3.895 

3.923 

3.952 

3.981 

14 

76 

4.011 

'4.041 

4.071 

4.102 

4.134 

4.165 

4.198 

4.230 

4.264 

4.297 

13 

77 

4.331 

|4.366 

4-. 402 

4.437 

4.474 

4.511 

4.548 

4.586 

4.625 

4.665 

12 

78 

4.705 

4.745 

4.787 

4.829 

4.872 

4.915 

4.959 

5.005 

5.050 

5.097 

11 

79 

5.145 

5.193 

5.242 

5.292 

5.343 

5.396 

5.449 

5.503 

5.558 

5.614 

10 

80 

5.67 

5.73 

15.79 

5.85 

! 5.91 

5.98 

6.04 

6.11 

6.17 

6.24 

9 

81 

6.31 

6.39 

'6.46 

6.54 

6.61 

6.69 

6.77 

6.85 

6.94 

7.03 

8 

82 

7.12 

7.21 

|7.30 

7.40 

7.49 

7.60 

7.70 

i 7.81 

1 

7.92 

8.03 

7 

83 

8.14 

8.26 

8.39 

8.51 

8.64 

8.78 

8.92 

9.06 

9.21 

9.36 

6 

84 

9.51 

9.68 

9.84 

10.0 

10.2 

,10.4 

| 

10.6 

10.8 

11.0 

11.2 

5 

85 

11.4 

ill.7 

11.9 

12.2 

.12.4 

;i2.7 

13.0 

13.3 

13.6 

14.0 

4 

86 

14.3 

.14.7 

15.1 

15! 5 

■15.9 

,16.3 

16.8 

17.3 

17.9 

18.5 

3 

87 

19.1 

i 19.7 

20.4 

21.2 

22.0 

22.9 

23.9 

24.9 

26.0 

27.3 

2 

88 

28.6 

30.1 

31.8 

;33.7 

35.8 

38.2 

40.9 

44.1 

47.7 

52.1 

1 

89° 

|57. 

64. 

72. 

82. 

;95 . 

115. 

143. 

191. 

286. 

573. 

0° 

Angle 

: 1.0 

0.9 

0.8 

0.7 

! 0.6 

i 0.5 

1 0.4 

0.3 

0.2 

0.1 



Natural Cotangents 




CECIL 

FRANK 

POWELL 

* 9 ° 3 


BORN AT TONBRIDGE, KENT. PROFESSOR OF PHYSICS IN THE UNI¬ 
VERSITY OE BRISTOL. AWARDED THE I 9jjO NOB! I I'RI/l I'OR 
PHYSICS FOR HIS DEVELOPMENT OF A SIMPI I METHOD FOR EX AMIN¬ 
ING THE ACTION OF ATOMIC NUCLEI BY PHOTOGRAPHY AND FOR 
IMPORTANT DISCOVERIES CONCERNING 11 IF. MESON. 


801 



Index 


A 

Abampere, 435, 442 
Aberration, chromatic, 693, ”00 
spherical, 634, 636, 665, 667 
Absolute humidity, 266, 268 
Absolute potential, 389, 393 
Absolute system of units, 45 
Absolute temperature scale, 245, 248, 251, 
294, 297 

Absorption, dielectric, 561 
of light, selective, 711, 745 
of sound, 342, 344 
coefficient of, 360 
table, 361 

Absorption spectra, 695, 701 
Acceleration, 33, 38 
angular, 119, 126 
central, 146, 153 
due to gravity, 35, 38, 48 
and mass, 53, 55 
in SHM, 162 
Accommodation, 673, 685 
Accuracy, 8, 9, 787 
Achromatic colors, 705 
Achromatic lens, 693, 700 
Achromatic prism, 693, 700 
Acoustic resonance, 337 
Acoustics, 3, 348 
of rooms, 359, 362 
Action and reaction, 52, 149 
Addition of vectors, 13, 25 
method of, component, 17, 25 
parallelogram, 14, 25 
polygon, 16, 20, 25 

Additive production of colors, 711, 719 

Adhesion, 225, 232 

Adiabatic lapse rate, 307 

Adiabatic process, 289, 297, 307 

Agonic line, 374 

Air, 211 

in atmosphere of earth, 303, 311 
friction in, 64, 66, 199 
mass of, 211, 212 


Air, pressure of, 211 

resistance of, 64, 66, 198 
Air masses, 308, 312 
Airfoil, 202, 206 
drag of, 198, 203 

Alpha particles, 757, *'64, ”69, 780, ”82 
Alternating current, 568, 579 
phase of, 570, 580 
A-c circuit, 575, 580 
power in, 577 ? 580 
Altimeter, 303 
Ammeter, 454. 457 

Ampere (unit), 405, 408. 435, 480, 486 
Ampere turns, 513 
Ampirc’s law, 438, 442 
Amplification of sound, 33” 

Amplifier, electron tube, 596 
Amplitude, 322, 329 
Analyzer, "40 
Ana*tigmatic lens, 666 
Anderson, 1)., 604 
Angle, 11# 

of contact, 228 
critical, 647, 649 

of incidence and reflection, 324, 624 
of minimum deviation, 648 
of polarization, ^42, 751 
of refraction, 325 
of repose, 74 
Angstrom unit, 605 

Angular acceleration, 11*), 126 
Angular harmonic motion, 164, 167 
Angular magnification, 678, 681, 685 
Angular momentum, 136, 141 
Angular motion, I I 8 

compared with linear, 126 
Newton’s laws for, 122, 127 
uniformly accclciatcd, 119 
vector propei ties of, 1 3 
Angular speed, 118, 126, 147 
Angular vel«x*ity, 137 
Anode, 4^8, 486 
Anticyclone, 307, 312 
Antinode, 327, 329 
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Aperture, lens, 683 
mirror, 628 
Arc lump, 607 

Archimedes’ principle, 187, 191 
Armature, 543 

Artificial disintegration, 772, 775, 778, 783 
Astigmatism, 665, 667 
ocular, 675 

Atmosphere (unit), 185 
Atmosphere of earth, 303 
circulation of, 505 
layers of, 306 

pressure in, 214, 218, 303, 311 
variation of, with altitude, 304 
temperature in, 306, 31 1 
Atom, structure of, 382, 761, 765 
Atomic mass unit (ainu), 776 
Atomic number, 383, 761 
Atomic spectra, 697 
Audibility, limits of, 353 

B 

Back cmf, 523, 534, 548 
Ballistics, 60, 66 
Band spectra, 697, 700 
Banking of curves, 151, 153 
Bar, 214 

Barkla, C. G., 273 
Barometer, aneroid, 214 
mercury, 213, 218 
Barometric pressure, 214. 218 
Battery, 421 

charging of, 415, 424 
storage, 484 
Beats, 342, 344 
Becquerel, H. A., 43 
Bel, 354, 362 
Belt horsepower, 88 
Bernouilli’s theorem, 200 
Beta particle, 757, 764, 769, "82 
Betatron, 775 
Binaural elTect, 359 
Binocular, prism, 683 
Binocular vision, 676 
Biot-Savart law, 790 
Blackbodv, 278, 281, 697 
Blackbodv radiation, 697, 757 
Blackett, P. M. S„ 768 


Blind spot, 673 

Block and tackle, 91 

Bohr, Niels, 348 

Bohr atom model, 762, 765 

Boiling, 262, 268 

Boyle’s law, 215, 218, 248 

Bragg, VV. H., 235 

Bragg, VV. L., 255 

Bragg diffraction of x rays, 760, 765 

Brake horsepower, 87 

Braun, C. F., 157 

Breaking stress, 174 

Brewster’s law, 742, 751 

Bridge, Wheatstone, 462, 470 

Bridgman, P. VV., 739 

Brightness, 707, 718 

Brinell hardness number, 174, 177, 179 

British thermal unit (Btu), 256, 268 

Brownian motion, 231, 232 

Bulk modulus of elasticity, 174, 175, 178 

Buoyancy, 187, 191, 211, 218 

G 

Calorie, 256, 268 
Calorimeter, 258 
electric, 494 
Camera, 683 
Candle, 609 

international, 610 
Capacitance, 555, 562 
of parallel-plate capacitor, 793 
Capacitive reactance, 574, 580 
Capacitor, 555, 562 
air, 556 

charge and discharge of, 560 
electrolytic, 556 
energy of, 562, 563 
in parallel, 558, 563 
parallel-plate, 557, 563, 793 
residual charge in, 561 
in series, 558, 563 
C lapillarity, 229 
Carnot cycle, 292 
Cathode, 478, 486, 596 
Cathode-ray oscilloscope, 596, 601 
Cathode rays, 587, 589, 601 
Caustic, 634, 644 
Cells, Danicll, 485 
dry, 483 
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Cells, Edison, 484 
lead, 483 

nonpolarizing, 484 
optimum connection of, 422 
in parallel, 422, 425 
primary, 401 
in scries, 421, 425 
standard, 485 
storage, 401, 483 
voltaic, 481 
Weston, 485 

Center, of curvature, 628 
of gravity, 110, 113 
Centigrade scale, 237 
Centimeter, 6 
of mercury, 185 
Centipoise, 76 

Central acceleration, 146, 153 
Centrifugal governor, 1 50 
Centrifugal reaction, 149, 153 
Centrifuge, 150 
Centripetal force, 147, 153 
Cgs units, 46 
Chadwick, James, 568 
Chain reaction, 781 
Change of state, 259, 262 
Characteristic curves, 595 
Charge, electric, 381, 384, 393 
unit, 386, 393, 406, 408 
Charges, force between, 381, 385, 393 
Charging, of battery, 415, 424, 484, 495 
of capacitor, 560 
by conduction, 385 
by induction, 391 
Charles’s laws, 248 
Chemical equivalent, 479 
Choke coil, 576 

Chromatic aberration, 694, 700 
Chromatic colors, 705 
Chromaticity, 707 

Chroinaticity coordinates, diagram of, 715, 
719 

Circle, of confusion, 684 
of reference, 160, 166 

Circuits, 412, 424 
a-c, 569, 580 

phase relations, 570, 580 
inductive, 571, 575, 580 
parallel, 417 


Circuits, power in, 577, 580 
resonant, 579 
series, 416, 575 
Circular mil, 465, 470 
Circular motion, 146, 153 
Circulation of air, 305, 312 
Clock diagram for a-c circuit, 573, 5"5, 576 
Cloud, 308, 312 
Cloud chamber, 770, “’83 
Coefficient, of absorption, 360 
of expansion, 240, 242, 250 
of friction, 72, 77 
of pressure change, 244 
of restitution, 135, 141 
of rigidity, 175, 179 
of viscosity, ”6 

of volume elasticity, 1~4, 1"8 
of volume expansion, 243, 24", 250 
Coercive force, 512 
Cohesion, 225, 232 
Collecting rings, 543 
Collisions, elastic and inelastic, 135, 141 
Color, 704, 718 

by absorption, 711, 719 
by addition, "11, 719 
chromatic, "05 
classification ol, 705, "18 
complementary, "09, "18 
physical correlates of, "18 
primary, "10, 719 
production of, 711, 719 
of sky, 699 

specification of, "12, "18 
surface, 706, 716 
unattached, 706, 716 
Color atl.LS, M unsell, 706 
Color lilters, 713 
Color mixtures, 714 
Color solid, 706 

Color theory, Young-Hehnholtz, 70 

Color vision, 708 

Colorimetry, 704, 7 07, 714 

Commutator, 544 

Compass, magnetic, 373, 376 

Complementary colors, 709, 718 

Complexity of sound wave, 350, 362 

Component, vector, 16. 25 

Component method of adding vectors, 17, 

25 
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Compressibility, 175, 179 
Comprcssional wave, 318, 335 
Compton, A. H., 447 
Compton effect, 761, 765 
Computation, rules for, 787 
Concave mirror, 628 
Concurrent forces, 19 
Condenser, 554 

Conduction, electrical, 587, 593 

of electricity through gases, 587, 601 
electrolytic, 587 
thermal, 275, 276, 281 
Conductors, 383, 400 
Cones, retinal, 673 
Conjugate foci, 630 

Conservation, of angular momentum, 136, 
141 

of energy, 98, 100 
of mass and energy, 759, 776 
of momentum, 132, 140 
Consonance, 35“ 

Contact, angle of, 228 
Cont'nuous spectra, 695, 700 
Com -ction, 274, 275, 280 
atmospheric, 277, 305 
Conventional current, 402 
Conversion of units, 8 
Convex mirror, 628 
Copper loss, 529 
Cornea, 672 

Corpuscular theory of light, 617 
Cosmic rays, 778, “83 
( lost of electric energy, 497, 501 
Coulomb, 406, 408 
Coulombmeter, 480 

Coulomb’s law, in electrostatics, 385, 393 
in magnetism, 367, 3 7 5 
Couple, 112, 113, 370 
Critical angle, 647 
Critical mass, 781, 783 
Critical point, 264, 268 
Critical temperature, 264, 268 
Crooke’s dark space, 589 
Crystal, dichroic, “45 
doubly refracting, 742 
optic axis of, 743 
Curie, Marie, 70 
Curie, Pierre, 60 


Current, 400, 408 
alternating, 403, 543, 550 
direct, 543, 550 
direction of, 402, 408 
eddy, 529, 534 
effective (rms), 570, 580 
effects of, 404, 408, 476 
force on, 437, 440, 442 
heating effect of, 492, 501 
induced, 522 

direction of, 523, 525 
lagging and leading, 572, 580 
magnetic field of, 432 
sources of, 401, 408 
torque on, 439, 442 
unit of, 405, 435 
Current sensitivity, 450, 456 
Curvature, center of, 628 
radius of, 628 
Curvilinear motion, 153 
Cycle, 290, 543, 570 
Carnot, 292 
for steam engine, 291 
Cyclone, 307, 312 
Cyclotron, 774 

D 

Daldn, N.G., 196 
Damping, 323 
Daniell cell, 485 
Davisson, C. J., 623 
dc Broglie, L. V., 491 
de Broglie waves, 764, 765 
Decibel, 354, 362 
Decimeter, 6 

Declination, magnetic, 373, 376 
Density, 183, 190 

of gases, 212 ^ 

Depth of field, 684, 685 < 

Detector, electron-tube, 596 
Deuterium, 598 
Deuteron, 775, 780 
Deviation, minimum angle of, 648 
Dew point, 265, 268 
Dewar flask, 279 
Diamagnetism, 509, 515 
Diatonic scale, 357 
Dichroic crystal, 745 
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Dielectric, 556 
Dielectric absorption, 561 
Dielectric constant, 385, 557 
Dielectric strength, 558, 563 
Diffraction, 325 
of light waves, 730, 735 
by circular aperture, 733 
at edge of shadow, 731 
by grating, 734, 735 
by screen, 725 
by slit, 731 

Diffraction grating, 734, 735 
Diffraction pattern, 731 
Diffusion, 230, 232 
Diode, 594, 601 
Diopter, 661, 667 
Dip needle, 374 
Dirac, P. A. M., 554 
Discharge, of capacitor, 560 
electric, 588 

Dispersion, optical 691, 700 
Displacement, 13, 321, 329 
Dissociation, 477, 486 
Dissonance, 357 

Distribution of electric energy, 528 

Doldrums, 305 

Dominant wavelength, 717 

Doppler’s principle, 343, 344 

Double refraction, 742, 751 

Drag of airfoil, 198, 203 

Dry cell, 483 

Ductility, 177 

Dyne, 46, 55 

E 

Ear, 355 

sensitivity of, 353 

Earth, magnetic properties of, 373, 376 
Echo, 341, 344 
Eclipse, 607 

Eddy currents, 529, 534 
I'aJison cell, 484 

Effective current and voltage, 570, 580 
Efficiency, 84, 89 
of heat engine, 295, 297 
luminous, 61 5 
Einstein, Albert, 332 
Einstein mass-energy equation, 759, 776 


Einstein photoelectric equation, "58 
Elastic fatigue, 176 
Elastic limit, 172, 178 
, Elasticity, 172, 178 
coefficients of, 174 
of gases, 217 
of shear, 175, 179 
volume, 174. 178 
Electric calorimeter, 494 
Electric current, 400, 408 
in gases, 587, 601 
Electric energy, 492, 501 
cost of, 497, 501 
distribution of. 528 
sink of, 495 

Electric field, 386, 387, 393 
intensity of, 386, 393 

near a point charge. 38", 393 
Electric furnace, 495 
Electric lamp, 495, 607 
Electric oscillations, 578 
Electric potential, 389, 393 

near isolated charge, 390, 393, 790 
Electrical resonance, 579, 581 
Electricity, 3, 380 
conduction of. 58 
Electrification, 381, 393 
Electrochemical equivalent, 480, 486 
Electrolysis, 4"8, 486 

Faraday’s laws of, 479, 486 
Electrolytes, 4"7, 482, 485 
Electrolytic cell, 405 
Electromagnet, 433 
Electromagnetic induction, 522, 5 34 
Electromagnetic units, 367. 3'’5 
Electromagnetic waves. 596, 60?, ol 
Electromotive force, 413 
(.SVr also Emf) 

Electron, 382, 402, 587, 591,601, 780 
charge of, 592 
charge/mass ratio of, 592 
free, 383 

Electron How, 402 
Electron tubes, 594, 601 
Electron volt, 774 
Electronics, 587 
Electroplating, 479 
Electroscope, 384, 392 
Electrostatic units, 385 
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Einf, 413, 424 
back, 523, 534, 548, 550 
forward, 523, 534 
in generator, 542, 544, 550 
induced, 523, 530, 534 
direction of, 523, 534 
in straight wire, 525 
measurement of, 469 
and potential difference, 413, 424, 469, 
495 

Emission spectra, 695, 701 
Energy, 82, 88, 95, 100 
of charged capacitor, 562 
distribution of, in spectrum, 697, 757 
electric, distribution of, 528 
from fission and fusion, 781 
heat, 256, 267, 286 
kinetic, 96, 100 
potential, 95, 100 
in rotational motion, 124, 127 
transformation of, 98, 100, 492, 501 
Energy levels, 763 
Engine, Carnot, 292 
diesel, 296 

internal-combustion, 295 
steam, 290 
Engineering, 4 
Engineering units, 8 
Equilibrant, 21 
Equilibrium, 19, 25, 106 

first condition for, 20, 26, 109, 113 
second condition for. 109, 113 
Equipotcnlial surface, 391, 394 
Equivalent resistance, 57.5, 578, 580 
Erg, 82, 88 

Evaporation, 262, 268 
Evenly tempered scale, 358 
Exit pupil, 681 
Expansion, 240, 250 
coefficient of, 240, 250 
linear, 242 
volume, 243, 247 
of gases, 244, 250 
of solids, 240, 250 
of water, 244 
Extraordinary rav, 743 
Eve, 672, 685 

accommodation ol, 673 
blind spot of, 6’’3 


Eye, refractive errors of, 674 
sensitivity of, 675 » 

Eyepiece, 678, 680 

F 

/-number, 684 
Fahrenheit scale, 237 
Falling bodies, 35, 38 
terminal speed, 37, 38 
Farad, 555, 563 
Faraday (unit), 481, 486 
Faraday dark space, 589 
Faraday’s laws of electrolysis, 479, 486 
Farsightedness, 674, 685 
Fathometer, 341 
Fatigue, elastic, 176 
Fermi, Enrico, 653 
Ferromagnetism, 510, 515 
Field, electric, 386, 387, 393 
magnetic {see Magnetic field) 

Field magnet, 543 
Figures, significant, 8, 9, 788 
Films, interference in, 725 
Filters, color, 713 
Fission, nuclear, 780 
Fixed point, 236, 250 
Fleming’s generator rule, 525 
Flowmeter, 201, 206 
Fluid, 183 

internal friction in, 74, 77, 197 
Fluid fiow, 197 

friction in, 74, 77, 197, 199 
from orifice, 203 
pressure and speed in, 201, 206 
steady, 198, 206 
turbulent, 76, 199 
Fluorescence, 590, 697, 701 
Fluorescent lamp, 608 
Flux, luminous, 608, 618 
magnetic, 372, 508, 515 
Flux density, magnetic 508, 515 
Focal length, 628, 635, 655 
Focus, principal, 628, 635, 655 
virtual, 656 
Fog, 308, 312 
Foot-candle, 610, 618 
Foot-candle meter, 614, 618 
Foot-pound, 82, 88 
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Force, 44, 55 
centripetal, 147, 153 
concurrent, 19, 109 
between currents, 440, 443 
on currents, 437, 440, 442 
between molecules, 223 
moment of, 108 
nonconcurrent, 109 
reacting, 52, 55 
Force constant, 173 
Forced vibration, 165 
Forward einf, 523, 534 
Foucault currents, 529, 534 
fps units, 46 
Franck, James, 399 
Fraunhofer lines, 697 
Free electrons, 383 
Freezing point, 237, 259, 268 
Frequencies of vowel sounds, 356 
Frequency, 159, 166, 320, 328, 543 
of alternating current, 543 
resonant, 579 
of sound, 350, 353 
Friction, 70, 77 
in air, 64, 66, 199 
coefficient of, 72, 73, 77 
fluid, 74, 77, 197, 199 
limiting, 73 
rolling, 74, 77 
sliding, 71, 77 
static, 73, 77 
Front (air mass), 310 
Fundamental quantities, 5, 9 
Fundamental units, 5, 9 
Furnace, electric, 495 
Fuse, 495 

Fusion, heat of, 259, 268 
nuclear, 781, 783 

G 

g (acceleration due to gravity), 35, 38, 47 
Galilean telescope, 682, 685 
Galvanometer, 448, 456 
damping, 449, 456 
sensitivity, 450, 456 
Gamma rays, 757, 764, 769 
Gas, 210, 218 

conduction of electricity in, 587, 601 


Gas, density of, 212 
expansion of, 244, 250 
pressure of, 215, 218 
specific heats of, 288, 297 
and vapor, 264 
viscosity of, 76 
volume elasticity of, 217 
Gas constant, 248 
Gas laws, 248, 251 
Gas thermometer, 245 
Gauge pressure, 216, 218 
Gauss (unit), 508, 515 
Geiger counter, "’69, "*82 
Generator, 403, 408, 542, 550 
a-c, 403, 543, 550 
compound, 546 
d-c, 543, 544, 550 
emf in, 544, 550 
field of, 546 
rule for, 525 
series-wound, 546 
shunt-wound, 346 
Geometrical optics, 605 
Gilbert (unit), 513, 516 
Governor, centrifugal, 1 50 
Gradient, temperature, 2-4, 280 
Gram, 6, 4 7 

Grating, diffraction, "’34, -35 
Gravitation, 54, 55 
Gravitational constant ((>), 54, 55 
Gravitational system of units, 40 
Gravity, 35, 38 

center of, 110, 113 
specific, 184, 188, 190 
Grid, 595 

Guillaume, C. F.., 315 
Gyroscope, 139, 141 

H 

Half-life period, 772, -83 
Half-wave plate, 748 
Hardness, 174, 177 
Harmonic motion, 158, 166 
Harmonics, 338, 343 
Heat, 3, 256, 267, 286 
of fusion, 259, 268 

mechanical equivalent of, 287, 297, 493. 
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Heat, specific, 256, 268 
transfer of, 274 

by conduction, 274 
by convection, 275 
by radiation, 278, 698, 758 
of vaporization, 259, 268 
Heat engines, 291, 297 
Carnot, 292 
efficiency of, 295, 297 
Heating effect of current, 492, 501 
applications, 494 
Heating element, 492 
Heisenberg, Werner, 521 
Helix, 433 
Henry (unit), 532 
Hertz, Gustav, 412 
Hess, V. F., 586 
Hooke’s law, 172, 178 
Horse latitudes, 305 
1 lorsepower, 86, 89 
belt, 88 
brake, 87 
human, 87 
1 lorsepower-hour, 86 

Hue, 705, 718 
Humidity, 264, 268 
Huygens' principle, 326. 624. 625, 7 44 
Hydraulic press, 189 
Hydrometer. 189 
Hydrostatic pressure, 185, 191 
Hypcrfocal distance, 684 
Hypermetropia, 674 
Hysteresis, elastic, 173 
magnetic, 511, 515 
Hysteresis loop, 512, 516 

I 

Ideal radiator, 278, 281. 698. ^58 
Illuminance, 610, <>12, 618 
Illumination, 610, 618 
Image, formation of, by lens, 65”, 666 
by mirror, 626, 629. <>35 
real. 630, 635, 65™ 
virtual, 626, 630, 635, <>5” 

Impact, elastic and inelastic, 135, 141 
Impedance, 5™3, 580 
Impulse, 134, 141 
angular, 1 37 


Index of refraction, 642, 649 
absolute, 643 
measurement, 648, 650 
Indicator diagram, 291 
Induced current, 522, 534 
direction of, 523, 534 
Induced emf, 522, 534, 548 
direction of, 523, 534 
in straight wire, 525 
Inductance, mutual, 532, 535 
self-, 531, 534, 572 
Induction, electrification by, 391 
electromagnetic, 522, 534 
magnetic, 508, 515 
magnetization by, 368 
Inductive circuit, 523, 530, 571, 575, 580 
energy in, 533, 535 
Inductive reactance, 572, 580 
Inertia, 6, 44 

moment of, 120, 126 
rotational, 120, 126 
Infrared radiation, 606 
Insulators, 383, 384, 400 
Intensity, luminous, 609, 618 
mean spherical, 610 
of a wave, 322, 329 
Intensity level (sound), 354 
Interfacial tension, 230 
Interference, conditions for, 323, 329, 723. 
735, 747 

constructive, 323 
destructive, 323 
of light waves, 721, 735 
measurement of wavelength by, 730 
Newton’s rings, 727, 735 
of polarized light, 747 
in thin films, 725 
of waves, 323, 329, 341, 344 
Young’s experiment on, 722 
Interference fringes, 723 
Interferometer, Michclson, 729, 735 
Internal-combustion engine, 295 
Internal reflection, 646, 649 
Internal resistance, 413 
Interval, musical, 357 
diatonic, 35™, 358 
tempered, 358 
Inverse square law, 611 
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Ionization, by collision, 588 
in radioactivity, 770 
Ionization potential, 588 
Ions, 477, 486 
Iris, 672 
Iron loss, 529 
Irreversible process, 290 
Isobar, 308 
Isogonic line, 373 
Isothermal process, 289, 297 
Isotope, 598 

J 

Jack screw, 91 
Jet propulsion, 66 
Joule, J. 1\, 286 
Joule (unit), 82, 88 
Joule’s law, 493, 501 

K 

Kelvin, Lord, 294 

Kelvin temperature scale, 247, 251, 294, 
297 

Kilogram, 6 
Kilometer, 6 
Kilowatt, 86 
Kilowatt-hour, 86, 497 
Kinetic energy, 96, 100 
of rotation, 124, 126, 127 
transformation of, 98, 100 
Kirchhoff’s law (radiation), 697 

L 

Lagging current, 572, 580 
Lamps, 607 

fluorescent, 608 
Laplace’s law, 434, 442 
Lapse rate, 306, 311 
Lane, Max von, 222 
Lauc diffraction of x rays, 760, 765 
Lawrence, E. O., 671 
Leading current, 572, 580 
I-eft-hand rule, 437 
Ixrnard, Philipp, 94 
Length, 5 


Lens, 654 

achromatic, 693, 00 
anastigmatic, 666 
chromatic aberration of, 693, 700 
circle of confusion, 684 
in contact, 665 

converging and diverging, 654, 65/ 
depth of field of, 684, 685 
eyepiece, 678, 680, 682 
/-number of, 683 
focal length of, 655, 666 
magnification by, 659, 666, 677 
microscope, 678 
objective, 6-8, 680, 682 
power of, 661, 66 
resolving power of. "33 
speed of, 684 
telescope, 680, 682 
Lens combinations, 663, 665, 685 
Lens equation, 659, 661, 666 
Lens-maker's equation, 661, 66“ 

Lenz's law, 523, 534 
I .evers, 90, 110 
Lift, airfoil, 202, 206 
Light, 605, 617 

corpuscular theory of, 61“ 
electromagnetic theory of. 606 
infrared, 606 
monochromatic, 695 

polarization of (stf Polarization ol light* 

polarized, 739 

quantum of, 606 

reflection of, 623, 635 

scattering of, 699 

selective absorption of, “1 1. 45 

sources of, 606 

speed of, 615, 619 

ultras’ iolet, 605 

visible, 605 

wave property of, 617, 624 
Light rays, 606, 617, 624 
Light vector, 740 
Light waves, 606, 61 / 

interference of, “21, 35 

retardation of, “26, “28 
Lighting, 612 

(Ser ulio Lamps) 

Lightness, 706, “18 
Limiting angle, “4 
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Line loss, 419, 528 

Linear and angular motion compared, 126 
Linear expansion, coefficient of, 240, 242, 
250 

Linear magnification, 659, 666 , 677 
Lines of force, electric, 387, 391 
magnetic, 372, 375 
Lippman, Gabriel, 131 
Liquid flow, 197 

through constriction, 199 
friction in, 197 
from orifice, 203 
Liquid pressure, 184, 186, 191 
Local action, 482, 486 
Longitudinal wave, 317, 328 
Looming, 646 
Lorcntz, H. A., 31 
Loud-speaker, 359 
Loudness, 349, 351, 353, 362 
Lubrication, 76 
Lumen, 610, 018 
Luminance, 614, 618, 717 
Luminosity curve, 608 
Luminous efficiency, 615 
Luminous flux, 608, 618 
Luminous intensity, 609, 610, 618 
Lux, 610, 618 

M 

Machine, 83, 88 
Magnetic alloys, 510, 512 
Magnetic circuit, 513, 514, 516 
Magnetic compass, 374 
Magnetic declination, 373, 376 
Magnetic dip needle, 3~4 
Magnetic effect of current, 790 
Magnetic field. 368, 375 
on axis of coil, 791 
at center of circular loop, 434, 442 
between conductors, 441 
due to current, 432, 442, 790 
direction of, 368 
of earth, 3 7 4, 376 
near isolated pole. 371, 375 
in solenoid, 433, 435. 442, “92 
near straight current, 432. 435, 442, 790 
strength of, 369, 375 
in torroidal coil, 436 


Magnetic flux, 372, 508, 515 
Magnetic hysteresis, 511, 515 
Magnetic induction, 508, 515 
Magnetic lines of force, 372, 375, 508 
Magnetic poles, 366, 375 
forces between, 367, 375 
unit, 367, 375 

Magnetic properties, 509, 512 
Magnetic reluctance, 513, 516 
in series and parallel, 514, 516 
Magnetic saturation, 510, 515 
Magnetic variation, 374, 376 
Magnetism, 3, 365, 509 
of the earth, 373, 376 
residual, 511 

Magnetization by induction, 368 
Magnetization curve, 510 
Magnetizing force, 510 
Magnetomotive force (minf), 513, 516 
Magnets, forces between, 366, 367, 375 
torque on, 370 
types of, 366, 375 
Magnification, 633, 659, 666 
angular, 678, 681, 685 
linear, 677, 685 
Magnifier, 677, 685 
Malleability, 177 
Manometer, 216 
Marconi, Gugliclmo, 145 
Mass, 6 , 44, 47 

variation of, with speed, 759 
Mass-energy equation, 759, 776 
Mass spectrograph, 597, 601 
Maxwell (unit), 509, 515 
Mean spherical luminous intensity, 610 
Measurement, 5, 9 

Mechanical advantage, actual, 83, 89 
ideal, 84, 89 

Mechanical equivalent of heat, 287, 493, 
501 

Mechanical resonance, 165, 167 
Mechanics, 3 

Megohm sensitivity, 451, 457 
Mesons, 779, 780, 783 
Meteorology, 302, 311 
Meter, 6 

Meter-candle, 611 

Meter errors, 455 

Method of mixtures, 258, 261 
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Michclson, A. A., 117, 616 

Michelson interferometer, 729, 735 

Microfarad, 555 

Micron, 605 

Microphone, 359 

Microscope, 678 

Mil, 465 

Millibar, 214 

Millikan, R. A., 365 

Millikan oil-drop experiment, 593 

Millimeter, 6 

Minimum deviation by prism, 648, 650 
Mirages, 645, 649 
Mirror equation, 631, 635 
Mirrors, parabolic, 634 
plane, 626, 635 
spherical, 627, 635 
Mixture, method of, 258, 261 
Mks units, 46, 50 
Modern physics, 4, 754 
Modulus of elasticity, 173, 178 
bulk, 174, 178 
shear, 175, 179 
Young’s, 173, 178 
Moist-adiabatic lapse rate, 307 
Molecular speeds, 225 
Molecular theory of matter, 222, 231 
Moment, of force, 108 
of inertia, 120, 121, 126 
of cylinder, 789 
of torsion, 164, 167 
Moment arm, 107, 113 
Momentum, 132, 140 
angular, 136, 141 
conservation of, 132, 140 
Motion, 43 

accelerated, uniformly, 33, 38 
curvilinear, 1 53 

laws of, 44, 45, 52, 55, 122, 127 
periodic, 158, 166 
projectile, 61, 66 
rotational, 118 

(see also Rotary motion) 
simple harmonic, 158, 166 

(see also Simple harmonic motion) 
uniform circular, 146, 153 
Motor, 547, 550 

back emf in, 548, 550 
torque of, 547, 550 


Motor rule, 437 
M unsell color atlas, 706 
Musical scales, 356, 362 
Musical tone, 349, 361 
Mutual inductance, 532, 535 
Myopia, 674 

N 

Natural philosophy, 3 
Nearsightedness, 674, 685 
Negative glow, 589 
Neutrino, 780 

Neutron, 383, 777, 780, ”83 
Newton, Sir Isaac, 6, 44 
Newton (unit), 46, 55 
Newton-meter, 82, 88 
Newton’s law, of cooling, 280 
of gravitation, 54, 55 
Newton’s laws of motion, 44, 45, 52, 55 
angular, 122, 127 
units in, 47 

Newton’s rings, 727, 735 
Nicol prism, 744 
Node, 327, 329 
Noise, 350, 361 
Nonpolarizing cell, 484 
Nuclear atom, 761, 765 
Nuclear physics, 768 

Nuclear transmutations, 771, 772, 775, 783 
Nucleus, 382, 762, 765, 779 

O 

Objective lens, 678, 680, 682 
Occlusion, 311, 312 
Octave, 357 

Oersted (unit), 369, 375 
Ohm (unit), 406, 408 
Ohm’s law, 406, 408, 413, 424 
Onnes, Kammcrlingh, 210 
Optic axis of crystal, 743 
Optical dispersion, 691, 700 
Optical lever, 627 
Optical pyrometer, 240 
Optical rotation, 747, 751 
Optically active substance, 747, 751 
Optics, 4, 605 

geometrical, 605, 624 
physical, 605 

physiological, 605, 672, 707 
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Ordinary ray, 743 
Oscillations, electric, 578 
Oscilloscope, 596, 601 
Osmosis, 231, 232 
Osmotic pressure, 231 
Overtones, 338, 343 

P 

Parallel circuit, 417, 422, 424 

Parallelogram method of adding vectors, 

14, 25 

Paramagnetism, 509, 515 
Particles of atomic physics, table, 780 
Pascal’s law, 189, 191 
Pauli, Wolfgang, 721 
Pelton wheel, 204 
Pendulum, simple, 163, 166 
Pentode, 596 
Penumbra, 607 
Period, 160, 166, 320, 328 
Periodic motion, 158, 166 
Permalloy, 513 
Permeability, 367 
Perrin, Jean, 431 
Persistence of vision, 676 
Phase, 570, 580 
in a-c circuits, "94 

change of, on reflection, 325, 726, 735 
Phase angle, 573, 580 
Phase diagram, 573 
Phases of matter, 267 
Phosphorescence, 697, 701 
Photoclasticity, 750, 751 
Photoelectric cell, 403, 408, 599 
Photoelectric effect, 403, 408, 598, 757 
Photographic camera, 683 
Photometer, 613, 618 
Photometry, 4, 613, 618 
Photons, 763 

disintegration by, 778 
Photovoltaic cell, 599 
Photronic cell, 599 
Physical constants, table, 796 
Physical optics, 605 
Physics, 1, 9 
modern, 4 

Physiological optics, 605, 6"2, "07 
Piezoelectric effect, 404, 408 
Pitch. 350, 361 


Pitot-tube indicator, 201 
Planck, Max, 285 
Planck’s constant, 606, 757 
Plane of polarization, 740 
Plane mirrors, 626, 635 
Plane polarization, 326, 740 
Poise, 76 

Polar easterlies, 306 
Polarimetcr, 747 
Polarization, 326, 329, 740, 751 
of a cell, 483, 486 
of light, 740, 751 
circular, 749 
elliptical, 749 
by Nicol prism, 744 
by reflection, 741 
by scattering, 746 
by selective absorption, 745 
of wave, 326, 329 
Polarized light, 739 
applications of, 749 
circular, 749 
elliptical, 749 
intensity of, 742, 751 
interference of, 747 
rotation of plane of, 747, 751 
Polarizers, 740 
Polaroid, 745 
Polarizing angle, 742, 751 
Pole, magnetic, 366, 375 
Polygon method of adding vectors, 16, 
25 

Positive column, 589 
Positive rays, 597, 601 
Positron, 778, 780, "83 
Potential, absolute, 389, 393 
electric, 389, 393 
near point charge, 390, 393, 790 
Potential difference, 389, 393 
and cmf, 414, 424, 469 
unit, 406, 408 
Potential divider, 468 
Potential energy, 95, 100 
gravitational, 95, 100 
reference level, 95 
Potential gradient, 558 
Potentiometer, 468, 470 
Pound, 6, 47 
Poundal, 46 
Powell, C. F., 801 



Power, 85, 88, 89 

in a-c circuit, 577, 581 
electric, 496, 501 
human, 87 
of a lens, 661, 667 
measurement of, 87, 498, 501 
in rotational motion, 124, 127 
in sound, 353, 362 
Power factor, 577, 581 
Power losses, 528, 534 
Power units, 86 
Precession, 138, 141 
Pressure, 184, 191 
atmospheric, 214, 303 

variation of, with altitude, 303, 304, 
311 

and change of state, 262, 268 
in gas, 224, 232 
gauge, 216, 218 
due to gravity, 185 
hydrostatic, 185, 191 
in liquids, 186 
osmotic, 231 
of vapor, 265 
Pressure gauge, 216, 218 
Pressure head, 200 
Prevailing westerlies, 306 
Prevost’s theorem, 279 
Primary cell, 401 
Primary colors, 710, 719 
Principal axis, 628, 654 
Principal focus, 628, 635, 655 
Principal section of crystal, 743 
Prism, 647, 648, 650 
achromatic, 693, 700 
dispersion by, 691, 700 
refraction by, 648, 650, 654 
totally reflecting, 647 
Prism binocular, 683 
Prism spectroscope, 694, 700 
Problems, solution of, 49, 786 
Production of sound, 358 
Projectile, 61 

and air resistance, 64, 66 
path of, 63 
range of, 63, 66 
self-propelled, 65 
Projectile motion, 61, 66 
Prony brake, 87 


Proton, 382 
Purity, 717 
Pyrometer, 239, 240 

Q 

Quality, tone, 350, 362 
Quantity of electricity, unit, 406, 408 
Quantum theory, 606, ' 7 5“', 765 
Quarter-wave plate, 749 

R 

Rabi, I. I., 704 
Radian, 118, 126 
Radiant energy, 278, 757 
Radiation, 278, 281 

blackbodv, 278, 698, 758 
exchange of, 279 
infrared, 606 
solar, 304, 31 1 
ultraviolet, 605 
visible, 605 
Radio, 596 

Radioactive series, 771 
Radioactivity, 756, 764, 768 
artificial, 772, 775, 783 
Radius, of curvature, 628 
of gyration, 122, 1 26 
Rainbow, 699 
Raman, Sir Chandra, 507 
Range, of meter, 453, 454, 457 
of projectile, 63, 66 
Rankine temperature scale, 24", 251 
Ray, 624 

ordinary and extraordinary, 743 
Ray diagram, 624, 629, 657 
Rayleigh, Lord (J. VV. Strutt), 81 
Rayleigh scattering, 699 
Reactance, 572, 574, 580 
Reacting forces, 52, 55 
Reaction, centrifugal, 149, 153 
Receiver, radio, 596 
Rectangular components, 17, 25 
Reference circle, 160, 166 
Reflection, 324, 329 
angle of, 324 
diffuse and regular, 325 
internal, 646, 649 
law of, 624, 635 
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Reflection, of light, 623, 635 
phase change on, 325, 726, 735 
of sound, 340, 343 
total, 646, 649 
Refraction, 324, 641, 649 
atmospheric, 645 
double, 742, 751 
index of, 642, 644, 649 
through plane-parallel plate, 647, 649 
by a prism, 648, 650, 654 
shallowing effect of, 643 
of sound, 339, 343 
Rcgelation, 263 
Relative humidity, 266, 268 
Relativity, 758 

Reluctance, magnetic, 513, 516 
in series and parallel, 514, 516 
Remancncc, 511 
Residual magnetism, 511 
Resistance, air, 64, 199 
equivalent, 575, 5 7 8, 580 
internal, 413 

temperature coefficient of, 466, 467, 470 
Resistance boxes, 463 
Resistance thermometer, 468 
Resistivity, 464, 467, 470 
Resistors, in parallel, 417, 424, 464 
in scries, 416, 424, 464 
Resolving power of a lens, 733 
Resonance, acoustic, 337 
electrical, 576, 581 
mechanical, 165, 167 
Rest mass, ”59 
Resultant, 13. 16, 25 
Retardation of light waves, 726, 7 28 
Retina, 673, 685 
Reverberation, 359, 362 
time of, 360 

Reversible process, 290, 297 
Richardson, Sir Owen, 476 
Right-hand rule. 13”, 141, 433, 524 
Rigidity, coefficient of, 175, 1 7 9 
Residual charge, 561 
Rocket, 65 

Rockwell hardness number, 177 
Rods, retinal, 673 
Rolling body, 124, 127 
Romer, O., 616 
Rdntgcn, VV. C., 1, 7 55 


Root-mcan-square (rms) current and volt¬ 
age, 570, 580 

Root-mean-squarc (rms) speed, 225 
Rotary motion, 118 

acceleration in, 119, 126 
compared with linear motion, 125 
kinetic energy in, 124, 126 
Newton’s laws for, 122, 126 
power in, 124, 126 
speed in, 118 
work in, 124, 126, 127 
Rotational inertia, 120, 121, 126 
Rumford, Count (Benjamin Thompson), 
286 

S 

Saturated vapor, 265 
Saturated water vapor, 265, 266 
Saturation, color, 706, 718 
magnetic, 510, 515 
Saturation current, 595 
Scalar quantities, 13, 25 
Scale, musical, 356, 362 
diatonic, 357, 358 
evenly tempered, 358 
Scattering, of light, 699 
polarization by, 746 
Schrodinger, Erwin, 541 
Science, 2 

Scientific method, 2 
Screw jack, 91 
Second, 7 

Selective absorption of light, 711, 745 
Self-inductance, 531, 534 
Self-induction, 530, 534 
energy of, 793 
Sensation curves, color, 709 
Sensitivity, galvanometer, 450, 456 
Shadows, 606 

Shallowing effect of refraction, 643 
Shear modulus of elasticity, 175, 179 
Shunt, ammeter, 454, 457 
Sicgbahn, K. M. G., 380 
Significant figures, 8, 9, 787 
Simple harmonic motion (SHM), 158, 166 
acceleration in, 162 
amplitude of, 160, 166 
angular, 164, 167 
circle of reference for, 160, 166 
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Simple harmonic motion (SHM), frequency 
of, 159, 166 
period of, 159, 166 
speed in, 162 

Simple pendulum, 163, 166 

Sink of electric energy, 495 

Siphon, 218 

Siren, 349 

Sky, color of, 699 

Slide-wire potentiometer, 469, 470 

Slip rings, 543 

Slug, 47, 55 

Snell’s law, 642, 649 

Solar radiation, 304, 31 1 

Solar spectra, 696, 697, 709 

Solenoid, 433 

Solid angle, 609 

Solution of problems, 49, 786 

Sound, 3 

absorption of, 324, 344 
amplification of, 337 
audibility of, 353 
characteristics of, 349 
complexity of, 350, 362 
detection of, 359 
frequency of, 350, 361 
intensity of, 351, 362 
interference of, 341, 344 
location by, 359 
loudness of, 351, 362 
nature of, 333, 343 
pitch of, 350, 361 
power in, 353, 362 
production of, 358 
quality of, 350, 362 
reflection of, 340, 343 
refraction of, 339, 343 
reproduction of, 350 
resonance in, 337, 343 
sources of, 337 
speed of, 334, 343 

variation of, with temperature, 336, 
343 

unpitched, 349, 361 
wavelength of, 338 
Sound wave, 333, 343 
Sounds, voice, 356 
Space charge, 594 
Specific gravity, 184, 188, 190 


Specific heat, 256, 257, 268 
of gas, 288, 297 
ratio of, 289 

Specific humidity, 266, 268 
Specific resistance, 464 
Spectacle lens, 675, 685 
Spectra, absorption, 695, 701 
atomic, 697 
band, 697, 700 
bright-line, 695 
continuous, 695, 700 
emission, 695, 701 
solar, 696, 697, -7 09 
types of, 695, 700 
visible, 605, 698, 709 
{See also Spectrum) 

Spectrograph, 694, 700 
mass, 597, 601 
Spectrometer, 694 
Spectrophotometer, 707 
Spectroscope, 694, 700 
Spectrum, characteristic, 695 
distribution of energy in, 697 
equal-energy, 709 
order of, 734 
solar, 696, 697, 709 
visible, 605, 698, 709 
white-light, 709 
{See also Spectra) 

Spectrum line, 694, 700 
order of, 734 
Spectrum locus, 716 
Speed, 32, 38 

angular, 118, 126, 147 
of lens, 684 
of light, 615, 619 
root-mean-square (rms), 225 
of sound, 334, 343 

variation of, with temperature, 336, 

343 

of wave, 318, 328 

Spherical aberration, 634, 636, 665, 667 
Spherical mirrors, 627, 635 
Standard cell, 485, 486 
Standing waves, 327, 329 
Stark, Johannes, 302 
Statcouloinb, 386, 393 
States of matter, 182, 223 
change of, 259, 262 
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Statvolt, 389 
Steam engine, 290 

indicator diagram for, 291 
Steam turbine, 295 
Stefan-Boltzmann law, 279, 281, 697 
Stereoscopic vision, 676 
Stern, Otto, 690 
Stopping distance, 97, 98 
Storage cells, 401, 483, 486 
Strain, 172, 178 
Stratosphere, 306 
temperature in, 30o 
Streamlines, 198 
Strength, dielectric, 558, 563 
of materials, 176 
ultimate, 176 
Stress, 172, 178 
thermal, 176 

String, vibration of, 319, 328 
Strutt, J. W. (Lord Rayleigh), 81 
Sublimation, 262 

Subtractive production of colors, 711, 713 
Surface tension, 226, 227, 232 
Synchrotron, 775 
Systems of electrical units, 407 

T 

Telescope, 680, 682, 685 
Temperature, 236, 250 

absolute, 247, 251, 294, 297 
critical, 264, 268 
interval of, 238 

Temperature coefficient of resistance, 466, 
470 

Temperature gradient, 274, 280 
Temperature scales, 237, 250 
absolute, 245, 247, 251, 294, 297 
centigrade, 237 
Fahrenheit, 237 
Kelvin, 247, 251, 294, 297 
Rankinc, 247, 251 
thermodynamic, 247 
Tensile strain and stress, 172, 178 
Tension, interfacial, 230 
surface, 227 
Terminal speed, 37, 38 
Terminal voltage, 414, 424 
Terrestrial magnetism, 373, 376 


Testing procedures, 177 
Tetrode, 596 
Thermal capacity, 257 
Thermal conductivity, 275, 276, 281 
Thermionic emission, 594, 601 
Thermocouple, 240, 402, 408, 500, 501 
Thermodynamic temperature scale, 247 
Thermodynamics, first law of, 287, 297 
second law of, 293, 297 
Thermoelectricity, 500 
Thermometers, 236, 250 
expansion, 239 
gas, 245 
optical, 240 
resistance, 239 
thermoelectric, 239 
Thermopile, 500 
Thermos flask, 279 
Thin-lens equation, 659, 661, 666 
Thomson, G. P., 640 
Thomson, J. J., 105 
Thomson’s e/m experiment, 591 
Time, units of, 7 
Time constant, 561 
Tone, musical, 349, 361 
quality of, 350, 362 
Torque, 108, 113, 138 
on coil, 439, 442 
on magnet, 370 
in motor, 547, 550 
Torricelli’s theorem, 203, 206 
Toroid, 436 

Torsion, moment of, 164, 167 
- Total reflection, 646, 649 
Transformation of energy, 98, 100 
in electric circuit, 492, 501 
Transformer, 527, 534 
losses in, 529 

Transmission line, 419, 528 

Transmutations, nuclear, 771,772, 775, 783 

Transverse wave, 316, 328 

Triad, 357 

Tricolorimctcr, 712 

Trigonometric functions, tables, 797 

Triodc, 595, 601 

Triple point, 263, 268 

Tristimulus system of color specification, 
714 

Tritium, 598, 782 
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Tropopause, 306 
Troposphere, 306 
Tubes of flow, 198 
Tuning a circuit, 579 
Turbine, 205, 206, 295 
Turbulent flow, 76 
Tyndall effect, 746 

U 

Ultimate strength, 176 
Ultrasonic wave, 349 
Ultraviolet radiation, 605 
Umbra, 607 
Uncertainty, 8, 9, 787 
Uniform circular motion, 146, 153 
acceleration in, 146, 153 
Unit pole, 367, 375 
Units, cgs system of, 7, 46 
conversion of, 8 
electromagnetic, 367, 375 
electrostatic, 385 
fps, 7, 46 

fundamental and derived, 5, 9 
gravitational, 46 
inks, 7, 46 

for Newton’s second law, table, 47 
systems of electrical, 407 
Unpitchcd sound, 349, 361 

V 

V-2 rocket, 65 
Vacuum tubes, 594, 601 
Valve, 594 

Van dcr Waals, J. D., 171 
Vapor, 264 

pressure of saturated, 265, 266 
Vaporization, 262 
heat of, 259, 268 
Variation, magnetic, 374, 376 
Vector components, 16, 25 
rectangular, 17, 25 

Vector diagram a-c circuit, 573, 575, 576 
Vector properties in angular motion, 137 
Vector quantities, 13, 25 
Vectors, 13, 25 
addition of, 14, 25 
Velocity, 32, 38 


Velocity ratio, 84 
Venturi flow meter, 201, 206 
Vibration, 157 
of air column, 338 
forced, 165 
fundamental, 338 
natural frequency of, 165 
of a string, 327 
Virtual focus, 656 
Virtual image, 626 
Virtual object, 663 
Viscosity, 75, 76, 77 
Visibility curve, 608, 746 
Visible spectra, 605, 698. 709 
Vision, color, 707 

distance of distinct, 677, 685 
limitations of, 677 
persistence of, 676 
stereoscopic, 676 
Voice sounds, 356 
Volt, 406, 408 
Voltage sensitivity, 451, 457 
Voltaic cell, 401, 481, 486 
Voltmeter, 453, 45" 
range of, 453. 45' 

Volume expansion, coefficient of, 243, 250 
Vowel sounds, table, 356 

\V 

Water, change of state, 260 
expansion of, 244 
vapor pressure of, 266 
• Water waves, 318 
Water wheel, 204 
Watt, James, 3 
Watt (unit), 86, 89 
Watt-hour meter, 498, 501 
Wattmeter, 498, 501 
Wave, 316, 328 

amplitude, 322, 329 
complex, 350 

cotnpressional, 318, 333, 343 
damped, 323 
de Broglie, 764, 765 
diffraction of, 7 30, 735 
in elastic medium, 319, 328 
in flexible cord, 319, 328 
frequency of, 320, 328 
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Wave, intensity of, 322, 32° 
interference of, 323, 329, 341, 344 
longitudinal, 317, 328 
period in, 320, 328 
polarization of, 326, 329 
reflection of, 324, 329 
refraction of, 324, 328 
sound, 333, 343 
speed of, 318, 328 
standing, 327, 329 
transverse, 316, 328 
ultrasonic, 349 
in water, 318 
Wave front, 325 

diagram of, for lenses, 655 
for mirrors, 624 
Wave mechanics, 763 
Wave motion, 315 
Wave nature of particles, 764, 765 
Wave properties of light, 617, 624 
Wave theory of light, 606 
Wavelength, 320, 328 
dominant, 717 
of sound, 338 
Weather map, 309 
Weight, 6, 47 

acceleration due to, 48 
Weight density, 183, 188, 190 
Weston standard cell, 485 


Wheatstone bridge, 462, 470 

Wheel and axle, 92 

White light, 710, 716 

Wien, Wilhelm, 182 

Wilson, C. T. R., 461 

Wilson cloud chamber, 770, 783 

Winds, 305 

polar easterlies, 306 
prevailing westerlies, 306 
Work, 82, 88, 286 

in rotational motion, 124, 126, 127 

X 

X-ray tube, 600 
X rays, 591, 600, 755, 759, 764 
diffraction of, 760, 765 

Y 

Yard (British), 6 

Young-Helmholtz color theory, 707 
Young’s double-slit experiment, 722 
Young’s modulus, 173, 178 
Yukawa, Hidcki, 786 

Z 

Zeeman, Pieter, 12 




